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Two new broadcasting transmitters of 125 kW have recently been constructed to replace
the Netherlands broadcasting transmitters in Hilversum and Jaarsveld. Both the new
transmitters are housed in the same building. This article gives a general account of the
installation.

At the beginning of this year the Netherlands
broadcasting transmitters of Hilversum and Jaars-
veld were replaced by a single central installation,
which is so situated that it gives optimum reception
throughout the whole of the Netherlands. This new
installation, supplied by Philips, consists of two
transmitters, each of 125 kW, which work on 336 m
and 415 m, respectively. The wave length of 336 m
was assigned to the Netherlands by the Montreux
plan; at present this plan is not in operation, and
therefore the transmitter in question is temporarily
tuned to a wave length of 301.5 m.

In designing the new transmitters special at-
tention was paid to the efficiency, in connection
with the high - power to be radiated. The necessity
of achieving high efficiency led to connections with
which the transmission energy is supplied to the
aerial through four almost identical channels,
each consisting of three successive stages. Compared
with normal connections, in which the modulated
high -frequency energy is amplified in a series of
successive stages to the desired level, an economy
of more than 250 kW has been obtained in this way.

It is not the intention of this article to describe
the action of the connections .with four channels,
or to go into the way in which the improvement in
the efficiency is achieved. This will be dealt with
in a future article in this periodical. In this article,
however, we shall discuss the influence which the
splitting of the transmitter connections into four
channels has had on the design of the whole in-

istallation, after which several particulars of the
construction will be considered.

he general plan

The most obvious plan for an installation on the
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principle mentioned is represented in fig. I, where
the, fanshaped design meets the necessity of larger
dimensions for each successive stage. As may be
seen the splitting of the system into four channels
does not take place immediately, but in two steps,
upon transition from the second to the third stage
and from the third to the fourth stage. The fourth
stage is controlled by the modulator, and each of
the channels is affected in a different way. The re-
sulting unequal division of the transmission energy

37597

Fig. 1. Scheme of the new Netherlands broadcasting trans-
mitters, represented in a form which could be considered as
a ground plan. The high -frequency energy is amplified in six
stages (I -IV), of which stage III is split into two channels
and stages IV, V and VI into four channels. VII is a network
which couples the four output stages with each other in a
certain way, and transmits the energy provided to the aerial.
MOD is a modulator acting on stage IV which regulates the
amplitude of the high -frequency signal in the four channels,
in a special way for each channel. Th 1 and Th 2 thermostats
with quartz crystals for keeping the frequency constant.
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is the means by which the high efficiency is attained.
),

The fan-shapred,desigh 4c1-

va.n.tage that ,the four chathiels could with little
difficultY,be built sothaethey may be considered

'ider to
prevent, relative phaSe- shiftsilietwk-en ',the: high-
freqnency .signals . of_thel four channels. Such .phas e
shifts` are not ,permissible if the satisfactory func-
flatting of the whiele unit is at stake. Practically,
hoyever,,:this design is less satisfactory and' was
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/V.with stage V and of stage V with stage VI is by
means of, connection lines ,which ;aye .of exactly -'the
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,frffigelley1 sigh is sufficiently - guaranteed
byi-OligcniqApsVs.' , f. .. r ;7.1i. . .

l''' '

47-1

P

t'
.

174,'.

9

/176"/ Ili '4 .11723 N772 A -13f,:-1:i
yr3
 ,-
I

P

7-2
.i....,

9

111011
-

-2i. .

Tharg:Th2

a

i i i

E-1 21-4 21-3 21-2

b
37590

-

Fig. 2. Diagrammatic front view of the transmitter as installed.

The relative arrangement of the parts of the
transmitter a and b corresponds exactly to the
sketch just discussed. This is not to be considered
as a ground plane, but as a vertical cross section,
i.e. the preliminary stages a are situated on a gallery
above the final stage b. The whole transmitter is
set up against one wall of a large hall; along the
opposite' -*wall is the second transmitter, which cor-
responds exactly to -the first except for its wave
length.

Fig. 3 represents a transverse cross section
through the middle of the transmitter building,
which consists in the main of two storeys, on the
ground floor the machine hall (I) and above it the

transmitter hall (II). In the machine hall are the
different feed sources of the installation : for low
voltages and heavy currents converters are in_
stalled, while the high voltage of the final stage is
obtained with the help of a transformer and rec-
tifier. On the galleries of the machine hall stand the
insulation spirals which provide the necessary
length of path for the cooling water to prevent the
high potential of the anodes of the output valves
being conducted away to earth by way of the cooling.
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II

n

I

h

N
f

717 Y'LULL(AR wzz7z

J7599

Fig. 3. Vertical cross section through the transmitter building.
I Machine hall

II and III Transmitter hall
/ V Workshop, etc.

V Pump cellar
VI Cable cellar

VII Cable space

a preliminary stages
b output stage
c operation desk

f
h

x, y

anode circuits of output
stage '

aerial coupling circuit and I
filters
artificial aerials
cooling -water spirals
switch board machine
room
converters
20 kV rectifiers

P

Fig. 4 is a ground plan of the machine hall. x and y
are rectifiers for the high voltage of the final stages;°
the transformers v and w, respectively, belong to
these rectifiers. Each of the two, rectifiers x serves
for the supply of one transmitter, while y forms the t

common reserve. The converters for the low volt-
ages .are indicated by i. Three heating -current
dynamos are used, namely, of 15, 25 and 35 volts,
respectively, for 50, 320 and 830 amp., in order not
to be compelled to dissipate too much energy in
series resistances for the filaments of lower voltage t
by the use of one dynamo of 35 volts. Furthermore
a double dynamo for 2 000 volts, 2 amp. and 450
volts,. 1 amp. furnishes the anode voltages and I,
screen -grid voltages of various preliminary stages,
while two double dynamos, each for 400 volts, 2.5
amp. give the grid bias voltages for the four chan-
nels of the final stage. Finally there is a dynamo
for 110 volts, 18 amp. for the excitation of the other '
machines. The motive energy for the dynamos is '
taken from the local high -voltage mains with tin
help of the transformers r, which are built into
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separate cells at the end of the machine hall. Here
also one transformer serves each transmitter nor-
mally, while a third transformer is in reserve.

For the further arrangement of the machine hall
we refer to the text under fig. 4. Finally in fig. 5 two
photographs of the machine hall are reproduced:
in one photograph may be seen the middle rectifier
(y in fig. 4) behind a set of converters, while the
other shows the switch board for the feed voltages
(h in fig. 4).
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Fig. 4. Ground plan of the machine hall
I Machine hall nt cable channels

VIII Cable switch room r mains transformers
IX High -voltage switchroomv, w transformers for 20 kV

X Low -voltage switch room rectifiers

As already mentioned, the transmitters proper
are in the hall above the machine hall. The plan is
given in fig. 6. The different components of the
transmitter are indicated in the same way as in
fig. 3, so that the sketch is clear without much
explanation. At the front are two rooms, one for
the head of works (XI) and one for an amplifier
room (XII), with a view through broad windows
into the transmitter hall. In the amplifier room the

Fig. 5. Machine hall. Upper photograph, the 20 kV rectifier
behind a set of converters; lower photograph, the switch board
belonging to the converters.

microphone amplifiers are situated on a rack (0). Fig. 6. Ground plan of the transmitter hall and the adjacent

Alon the side walls of the hall are the final st rooms. For the meaning of the letters and numbers see fig. 3
g ag es XI room for the works manager, XII amplifier room with am -

(b) of the four channels; above on the galleries, not plifier rack 0.
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Fig. 7. Supervising and operating desk.

given in the floor plan, are the preliminary stages.
The cables and cooling -water lines to these per-
liminary stages run through the cable channels (m)
which may be seen on either side of the final stages.
In the side rooms III of the transmitter hall is the

anode network d of the final stage, which couples
the four channels with each other, and also a cabinet
e with the coupling circuit which transmits the out-
put energy of the transmitter, after the higher
harmonics have been filtered out, to the aerial. In

Fig. 8. Front of the transmitter seen from the operating desk. On the gallery the prelimi-
nary stages /- V; below the output stage VI. The sub -division of the front panel follows
from the diagram of fig. 2.
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the middle of the hall is the operating desk, half
of which (for one transmitter) is shown in fig. 7.
All the manipulations necessary for operating both
transmitters can be carried out from this desk,
with the exception of the switching in and over of

Fig. 9. Sliding chassis containing the modulator stage. To the
left may be seen the knife contacts which serve for the elec-
trical connections when the chassis is in position.

the machines, which takes place in the machine hall
itself, with simultaneous control by means of the
measuring instruments present there. In fig. 8 the
panel of the whole transmitter has been photo-
graphed from the desk to show how, thanks to the
arrangement in two storeys and the generous dimen-
sions of the instruments, a good view of the whole
installation is obtained. It is also striking that no
operating knobs occur anywhere on the transmitter
panel. This has been expressly avoided in order to
prevent disadjustment of the transmitter, for in-
stance by careless visitors. All the operating shafts
can be moved by the personnel with the help of a
removable handle.

Several structural details of the transmitter

In the construction of the transmitter, spacious-
ness has been aimed at, in order that all components
should be easily accessible. This is particularly
important for those components which must be able
to be exchanged, such as valves and fuses.

In order to facilitate access to the components
the front panels of the transmitter are fastened with

toggles and provided with handles, and all the
valves are set up behind doors. Smaller components
are mounted in sliding chassis (see fig. 9) with the
employment of knife contacts for the passage of
the current.

Fig. 10. Coupling circuit which transmits the energy from the
output stage to the aerial. Also filters for eliminating the higher
harmonics from the aerial signal.

A further discussion of the electrical construction
of the transmitter lies outside the scope of this
article. In order, however, to give some idea of the
mechanical construction of the electrical compo-
nents, three photographs of characteristic compo-

Fig. 11. Tuning circuits for the output stage of the transmitter.
Below the astatically arranged coils may be seen the tuning
condensers which are operated by motors.
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nents are given in figs. 10, 11 and 12. We wish to
call special attention to the construction of the coils
of the high -frequency output stages in fig. 11. These
coils are subdivided into two astatic halves, so
that the mutual coupling of the coils is kept ex-
tremely small without external shielding.

Two self -radiating masts of 192 m and 165 m,
respectively serve as aerials for the transmission
waves of 415 m and 356 m. The earth connections
network consists of 108 copper wires of 200 m and
180 m length, respectively, buried in the ground in
ray arrangement between an inner and an outer ring.

Tuning of the transmitter

Except in the final stage, the circuits of the trans-
mitter can be tuned in quite the ordinary way, since
the preliminary stages of the different channels
are independent of each other. Since, however, the
channels of the final stage act on a common anode
circuit, special measures had to be taken for the
tuning of the final stage. The network which couples

Fig. 12. Insulation spirals through which flows the cooling
water for the anodes of the output valves. The water from six
valves (four channels and two reserve valves) must pass
through an insulation spiral both coming and going, so that
12 such spirals are needed. They are made entirely of porcelain
and have a capacity of 120 litres of cooling -water per minute.

Fig. 13. Measuring wagon with cathode ray oscillograph for
supervising the relative phases of the voltages in the four
channels.

the anode circuits with each
other is such that the anode circuit of one channel
can most easily be tuned when the anode circuits
of the adjacent channels are short circuited. The
short circuiting is accomplished with the help of
mechanical switches. These switches are operated
with servo motors from the front of the transmitter,
like the tuning condensers of the different channels.
The anode voltage of the valves with short-circuited
anode circuit can be disconnected by switches. These
switches are electrically locked to the corresponding
short-circuit switches, so that it is impossible to
switch on the anode voltage of valves with a
short-circuited anode circuit.

When in this way one channel is separated from
the rest the oscillation circuits can be tuned, and
by the adjustment of certain bias voltages in the
modulation stage the carrier wave can be influenced
in the desired way by the modulation voltage. As
already stated, the nature of this influence is dif-
ferent for each channel; it is best to judge the rela-
tion between the modulation voltage and the am-
plitude of the output signal experimentally with
the help of four cathode ray tubes which are built
into the panel of the transmitter.

For satisfactory performance of the transmitter,
not only are the amplitudes of the signals in the four
channels important, but also the relative phases.
In order to avoid phase shifts it is necessary to
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compensate exactly the grid -anode capacities of the
triodes TA 18/100 used in the output stage, which
vary slightly for different valves of that type. The
neutrodyne condensers used for that purpose are
constructed in two parts, the main part of which is
adjusted once, while the correction part can be
regulated from the front panel of the transmitter.
The regulation can best be accomplished by
checking the correctness of the relative phases of the
four channels by means of a cathode ray oscillo-
graph. For this purpose a transportable apparatus
in the form of a measuring wagon is used. This is
shown in fig. 13.

In fig. 14 may be seen the rack and pinion drive
by which the correction part of the neutrodyne
capacity is adjusted; this picture is also character-
istic of the way in which the tunable components
housed in closed compartments are operated by
means of sliding switches. The neutrodyning must
be repeated every time a transmitter valve is re-
placed by a new one. In order to facilitate this a
spare valve is built in for each two channels,
which is previously neutrodyned with the help of

Fig. 14. Neutrodyne condenser which is set by means of a rack
and pinion.

Fig. 15. Spare valve with two neutrodyne condensers,
which are adjusted for the two channels, respectively, in which
the valve there present might have to be replaced.

two neutrodyne condensers for each of the two
channels (see fig. 15). Switching over to a spare
valve therefore only requires a minimum time
(about 15 sec) and can be done by unskilled per-
sonnel.

Characteristics of the transmitter

Compared with the ordinary transmitter con-
nections, the installation described, in which the
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modulation is distributed over four channels, offer's
the advantage of a considerably higher efficiency.
The degree of efficiency depends upon the way
in which this division is carried out. The higher the
desired efficiency, the greater the distortions which
must in general be tolerated; the final result may
thus be considered as a compromise between the
efficiency of the transmitter and the fidelity of the
reproduction. In the case of the transmitter as
adjusted for the acceptance examination the values
for efficiency and distortion given in the above
table were measured.

If, in agreement with practical experience, it is
assumed that with the ordinary construction of
the transmitter an efficiency of only about 20 per
cent would have been attained, the present con-
struction represents an economy of more than 250
kW. This economy is particularly important be-
cause it not only means an economy in the current
consumption, but at the same time it has a fa-
vourable effect on the dimensions of the water-
cooling system and other' components which must
dissipate the heat developed without harmful rise
in temperature.

NEW KINDS OF STEEL OF HIGH MAGNETIC POWER

by B. JONAS and H. J. MEERKAMP van EMBDEN.

By exposing steel for permanent magnets to a magnetic field during the heat treatment
(magnetic hardening), considerable improvement in the magnetic qualities can be attained
in certain cases. The maximum product of induction and internal field strength (magnetic
power), which determines the quality of a magnet steel, could in this way be increased
from 2.2 'x 106 to 5.2 x 106 gauss -oersted in the case of the magnet steel alloy "Ticonal".
The significance of this progress is briefly explained in this article.

Although certain general ideas already exist
about the magnetic properties of alloys, in work-
ing out the most favourable composition of an
alloy of which certain magnetic properties are
required, experience is still almost the only guide.
This is true also for the alloys for permanent mag-
nets which have been developed in the Philips
Laboratory chiefly for use in electrodynamic loud
speakers.

Although the starting point of these investiga-
tions was the carbon -cobalt type of steel then used
for that purpose, after the discovery of Mishima
in 1932 that better and cheaper permanent magnets
could be made from iron alloys with nickel and
aluminhim in certain proportions, magnet steels
were developed which contained these latter ele-
ments as well as titanium, and cobalt 1).

In the research. on these new kinds of steel, which
were sold under the name "Ticonal", not only was
the composition varied in many ways, but also the
nature of the heat treatment. The results were
judged in each case by recording the magnetization
curve and especially the remanence Br and the

1) On the fundamental difference between the magnetic
hardening phenomenon in the case of these alloys and that
of the earlier' known kinds of magnet steel see J. L.
Sno ek, Philips techn. Rev. 2, 233, 1937.

669.15.018.58

coercive force He (see fig. I). It was found that
coercive forces of more than 1 000 oersted could
he obtained. The remanence is usually found to
decrease with increasing coercive force, so that
the product of coercive force and remanence, which
to a certain point may be considered as a measure
of the magnetic power of the steel, cannot be
increased above a certain limit of ahout 6 X 106
gauss -oersted.

Bs

.77"

Fig. 1. Hysteresis loop of a magnet steel. B,. remanence, He
coercive force.

Actually the quality of a magnet steel cannot
be determined exactly by the product of remanence
and coercive force, but by the maximum value

.(BH)max of the product of induction and internal
field strength, which may occur when the material
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is placed in a demagnetizing field 2). If Br He has a
value of 6 x 106 gauss -oersted, (BH)max has a
value of approx. 2.106 gauss -oersted. The quotient
(BH)max: Br He is indicated by the term convexity
factor. For an exactly rectangular demagnetization
curve (fig. 2a) the convexity factor would be equal
to 1; for a straight line (fig. 2b) one finds 0.25. The

B

a

H

BH

Fig. 2. a and b: Limiting cases of demagnetization curves,
c: technical magnetization curve. Left-hand diagram B as a
function of H; right-hand diagram BH as a function of H.
The "convexity factor" (BH)...: B,Hc may vary between
1 and 0.25 (curve a and b, respectively); in the case of the
technical curve given c it has a value of 0.4.

actual magnitude of the convexity factor usually
lies between these two extreme values, -and for the
"Ticonal" type of steels it has a value of about 0.4.

On the basis of extensive attempts to' reach the
best possible results by variation of the compo-
sition and treatment of the alloys in question, it
appeared as if the value of (BH)max could not in

2) See A. Th. van Urk, Philips techn. Rev. 5, 29, 1940.

practice be raised above 2.2 x 106. gauss -oersted.
In 1938, however, in the Philips Laboratory this
value was suddenly considerably exceeded by
subjecting certain new magnet steel alloys 3) to a
heat treatment in a magnetic field and then an-
nealing them in the usual way 4). It was found
possible in this way to increase (BH)max to the
unequalled value of 5.2 x 106 gauss -oersted, so
that it may be stated that the quality of the steel
has improved by a factor of more than 2. 5)

A large part of this improvement may be ascribed
to an increase in the convexity factor. As may be
seen in fig. 3 the demagnetization curve of the new
kinds of steel takes on a more or less rectangular
shape as a result of the magnetic treatment, which
means that the convexity factor begins to approach 1.
The highest convexity factor measured for mag-
netically hardened types of steels is 0.76, aird

3) The alloys contain the same metal as the "Ticonal" steels
previously developed, but in different proportions. A spe-
cial requirenient is a relatively high content ,of cobalt,
which, in connection with the high price of this metal, at
first seemed to be a disadvantage. '

4) The application of a magnetic field during this annealing
was found to be quite superfluous.

5) A preliminary statement on this subject was made by
G. Hoist before the Ned. Natuur- en Geneesk. Congress,
April 11th 1939; see de Ingenieur 54, A 199, 1939. From
an article by D..A. Oliver and J. W. Shedd en, Nature
London 30, 7, 1938, it appears that these investigators
have carried out tests of the action of a magnetic field
during the heat treatment of a so-called "Alnico" steel. Only
a small increase in the remanence and;the value of (BH)max
was observed.
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Fig. 3. Demagnetization curve of a magnet steel, consisting of 51.5% iron, 8.5% aluminium,
 14% nickel, 23%cobalt and 3% copper. a) Optimum heat treatment without magnetic

field, b) heat treatment in a magnetic field with the direction in which the B -H curve is
measured. In this case a value of (BH)max of 5.2 X 102 gauss -oersted is obtained. c) The
same steel as curve b), measured in a direction perpendicular to that of the magnetic field
applied during the heat treatment. Full lines, B as function of H, broken lines, BH as a
function of H.
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therefore nearly twice as large as that which occurs
for the same types of steel without magnetic treat-
ment.

The remarkable character ,of the B -H curve may
be explained by assuming that the elementary
magnets possess a preferred orientation in the direc-
tion of the magnetic field applied during the heat
treatment. In agreement with this explanation is
the fact that a pronouncedly flat demagnetization
curve is measured in the direction perpendicular
to the field applied during the heat treatment, as is
shown in fig, 3c. The convexity factor for this
direction of magnetization only has a value of 0.32,
while the convexity factor in the direction of the
preferred orientation amounts to 0.66.

When curves. 3b and 3c are compared with the
curves drawn in fig. 3a for the same material upon
heat treatment with out a magnetic field (con-
vexity factor 0.43), it is seen that the field applied
during the heat treatment (of about 3000 oersted)
considerably increases' Br and He and particularly
(BH)max in the direction parallel to it, while in the
direction -perpendicular to the field all three quan-
tities are considerably decreased. -

Since 'the beginning of 1939 the new method
has been employed in manufacture on a large scale.
The necessary magnetic fieldis generated with iier-
manent magnets: a fact which has been made
possible by the use of the new kind; of magnet steel
themselves. The product on the market under the
name "Ticonal" 3.8 possesses a value, of (BH)max
of 3.8 to 4 x 106 gauss -oersted.' At the same time
a remanence of more than 12 000 gauss is reached.
For the sake of comparison it may be mentioned
that the platinum -cobalt steel which, because of
its expensiveness, could not be used for technical
purposes, and which, before the development of the
magnetically hardened steel, was the best magnet
steel known, possessed a (B.H),,,,,a value of
3.4 x 106 gauss -oersted with a remanence of only
4 000 gauss.

The results of the introduction of the new
kinds of magnet steel into, technology can as yet
hardly be realized. It is, however, clear that not
only as to new technical possibilities 6), but also
as to the price- of the new magnet steel products,
the 'prospects are very favourable. In technical
respects to high remanence is a good quality in
addition the the high (BH)max. value. The high
remanence makes possible constructions which
exhibit a relatively small, spreading of the magnetic

flux, so that full advantage can be taken of the high
magnetic energy per unit volume of the steel for
the effective field in the air gap of the apparatus
to be constructed. Since by this means a given
technical problem can be solved with an unusually
small amount of magnet steel, the cost price of
the new magnet steel products is quite favourable.
Some of the raw materials, such as cobalt and nickel,
are indeed fairly expensive. If, however, the price
of magnetically hardened "Ticonal" steel is cal-
culated per unit of magnetic energy, it is found that,
thanks to the high magnetic energy per unit volume,
the price is lower than that of any other kind .of
magnet steel which has been developed in the last
20 years. Summarizing, we may therefore conclude
that the new kind of steel is certainly predestined
to replace in many cases the types of magnet steel
used until now.
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Fig. 4. The development of steels for permanent magnets
during 50 years. Full lines (BH)max, broken line remanence,
dotted line coercive force. The section from 1910 to 1938 is
borrowed from E. Houdremont, Stahl and Eisen, 59, 37,
1939.
1 carbon steel 7 Ni-Co-Ti steel (Honda)
2 tungsten steel 8 "Ticonal" 2 and 2a
3 chromium steel 9 Fe -Pt steel
4 35% cobalt steel 10 Co -Pt steel
5 Co-Mo steel (Koster) 11 "Ticonal" 3.8
6 Ni-Al steel (Mishima) 12 "Ticonal" 5.2

6) See for instance for the lifting power of the new steel,
Philips techn. Rev. 5, 195, 1940. ' 7) See the article referred to in footnote2) page 32.
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A clear picture of the development which has
taken place in the last 50 years in the field of magnet
steels is given in the diagram reproduced in fig. 4.
Particular attention should be paid to the thick
line which indicated the increase in magnetic power.
Fig. 5 shows the result of this progress on the con-
struction of loud speaker magnet systems. The
total weight of the systems shown (magnet steel plus
coupling pieces), all of which induce the same field
in a given air gap, could be reduced in steps from
1314 g to 296 g by improvement in the magnet steel;
at the same time the weight of the magnet steel
itself has fallen from 580 g to 74 g. The most im-
portant data about the magnets shown will be
found in the following table. It is clear that the

decrease in weight and volume of the magnet mean
an important economy, not only for the loud
speaker itself, but also for the construction of the
whole radio set.

Kind of steel

(BH)max
Weight of
magnet

ring

Weight of
magnet
system

gauss -
oersted g g

Cobalt steel (15% Co) 0.6.106 580 1314
"Ticonal" 1 1.2.106 325 703
"Ticonal" 2 1.8406 235 545
"Ticonal" 3.8 4.106 104 326
"Ticonal" 5.2 5.2.106 74 296

Fig. 5. A series of loud -speaker magnets which have the same field in a given air gap. The
steadily diminishing size of the magnets and of the separately shown magnet steel rings
gives an idea of the technical progress achieved in the course of years. The numbers indicate
the weights in grams.



12 PHILIPS TECHNICAL REVIEW Vol. 6, No. 1

A UNIVERSAL APPARATUS FOR X-RAY DIAGNOSIS

by H. A. G. HAZEU and J. M. LEDEBOER. 621.386.1: 616-073

An X-ray apparatus is described which can be used for fluoroscopy and photography of
any object occurring in medical diagnosis. One of the principles of its construction was that
in order to obtain the best possible exposures the focus of the X-ray tube must always be
loaded up to the permissible limit. This led to the result that the regulation of the tube
current must not be left to the user, but must take place automatically when the
voltage and exposure time have been chosen. The realisation of this principle and its
influence on the construction of the rest of the apparatus is discussed in detail. In con-
clusion the connection of different X-ray tubes with the apparatus is dealt with, as well
as its operation, which is reduced to the very simplest manipulations.

In medical X-ray examinations two different
methods are used: fluoroscopy and photography.
In the first case the X-rays passing through the
part of the body to be examined are allowed to
fall upon a fluorescent screen, and the resulting
shadow picture is examined directly by the doctor.
In the second cage the fluorescent screen is replaced
by a photographic plate or film, against both sides
of which a fluorescent foil is pressed. In general
fluoroscopy is used for orientation or for preliminary
diagnosis, while afterwards the photograph is

used for making the final diagnosis and for securing
an objective documentation.

According to the part of the body to be examined
and the stoutness ,of the patient, fluorescopy or
photography must be carried out in different ways
in order to obtain the best possible X-ray pictures.
While in certain establishments, such as lung
sanatoria, it is always. the same objects (the lungs
in this case) which are examined, and the X-ray_
installation can therefore be adapted exclusively
to this special purpose, in other cases, such as non-
specialized institutes, it is desirable to have an
X-ray apparatus with which all kinds of very
divergent examinations can be carried out. In this
article we shall discuss such an installation, the
Philips Medio-D apparatus, type 11 455, where
the emphasis is laid on the requirement that its
universal utility may not be at the expense of the
quality of the X-ray picture obtained in each sep-
arate case.

Specification of the requirements 
Among the variables which can be controlled

in making X-ray exposures, the following are of
direct importance in designing an apparatus for
X-ray diagnosis: the voltage on the X-ray tube,
the, tube current, the size of the focus which
emits the X-rays, arid the, exposure time (load--
ing time of the tube). In table I the way in which
these variables can effectively be Chosen is given
for several of the most commonly occurring objects.

Although it would lie outside the scope of this
article to give detailed reasons for the choice in-
dicated, a brief explanation of the values given is
necessary for a better understanding of the fol-
lowing.

Table I

Exposure technique for X-ray photographs of different parts
of the body. The choice of the quantities here given is closely
connected with the choice of the distance of focus to film, the
kind of fluorescent foil and presence or absence of a so-called
Bucky raster. It is assumed that for each of the techniques
indicated these latter factors are also fixed. For the sake of
simplicity, however, they have here been omitted, since they
play no further part in the construction of the X-ray apparatus.
The values hold for a tube with stationary anode. When a
rotating anode is used, which may be loaded much more
heavily (see below), considerably larger currents and shorter
exposure times can be used.

Object Voltage

kVmax

Current
.

mA

Difaomcuester

mm

Exposure

sec

Lung 55 165 3,1 Vio
Stomach BO") 140 3,1 Vs
Shoulder 55 35 1,7 2

Skull 80 30 . 1,7 2

Lumbar
(transverse) 100 25 1,7 4

*) By the administration of a paste containing barium, which
is strongly absorbent, as a means of obtaining contrast,
,the voltage can here be given this high value.

The choice of the quantities mentioned is deter-
mined by a compromise between density, contrast
and definition of the exposure obtained. Increasing
tube voltage decreases the contrast because of the
increasing hardness of the X-rays excited 1), it
gives, however, a  greater intensity on the. film.
(greater density), since the energy converted in
the tube, the efficiency of the excitation of the
radiation and the penetration of the rays increase
with the voltage. With increasing tube current also

1) See for instance Philips techn. Rev. 2, 317, 1937. For a
more detailed treatment of what is presented here in a

- very much simplified form see for example Philips teehn.
Rev. 5, 258, 1940 and the literature there cited.
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a greater density is obtained because of the increase
of the X-ray intensity with the energy converted
in the tube. This latter process is, however, limited
by the heating of the anticathode: the material of
the anticathode can only stand a limited load per
cm2 of the focus (specific focal. loading) without
melting. When this highest permissible value has
been reached, the X-ray intensity can only be
further increased by taking a larger focus. At the
same time, however, the definition of the picture
decreases due to the larger half -shadow width.
Finally the density also increases with the exposure
time; but when it is a question of moving objects,
such as lungs, stomach, etc., this is accompanied
by a greater lack of definition.

The values of table I represent (for a given
allowable loading of the focus) practically the most
favourable compromise which is to be found under
these opposing influences in the various cases. The
way in which this compromise is arrived at for the
properties of the objects to be photographed is now
fairly clear: upon photography of moving objects
such as lungs and stomach the exposure must be
very short, so that a large focus is needed; in skull
photography and the like, the exposure may be. for
several seconds, and therefore greater definition
can be expected by the use of a smaller focus;
with very absorbent objects (with large contrasts),
such as bones, the voltage is made high, with
weakly absorbing tissues, such as the lungs, low
voltages are demanded, etc. One point is, however,
fixed in all these cases: in order to reach an optimum
result, the focus must be loaded up to its limit.
The permissible loading (product of current and
voltage) still depends upon the time of loading of
the tube (exposure time): with short loading the
load may be heavier than with a long time of
loading. Therefore if two of the three quantities,
current, voltage and time are chosen, for instance
the voltage and the time, then the third, the
current, may no longer be considered as an
independent variable, but it is fixed by a relation
which differs for every X-ray tube, an example of
Which is given in fig. 1.

If one compares the optimum attainable quality
of the photograph for different X-ray tubes, then
under otherwise similar conditions that tube will
be the best in which the permissible specific focal
loading 2) is the highest.

The foregoing has referred to photography. As to
fluoroscopy, one must always accept a poorer

2) By specific loading is here meant the loading per cm2 of
the "apparent" focus; see in this connection Philips teehn.
Rev. 3, 262, 1938.

quality of the X-ray picture, singe the loading time
is here very much greater (several minutes), and
therefore the permissible loading of the tube much
smaller 3). Moreover, the total X-ray dosage may
cot exceed a certain value for the safety of the
patient. The best compromise attainable with the
limited intensity between contrast and clearness of
the picture can be found by the doctor himself
during the examination by varying the voltage
somewhat, to for instance 10 kV higher or lower
than the value used for the photograph.

-1- L''-"' 1 L _ _..,v

i1
1

1
1

1 i J/

i
i

1)
E J7124

Fig. 1. Relation between tube current I, tube voltage E and
loading time t, when 'the focus is loaded up to the highest
permissible temperature. The surface drawn is for an X-ray
tube with rotating tungsten anticathode and for loading
with so-called commutated alternating current (4 valve con-
nection).

We may now make several stipulations which
must be met in the construction of the universal
apparatus for diagnosis. The tube voltage must be
variable between several hundredths of a second
and several seconds; .the current must always be
such that the focus is fully loaded, which means
a variation between 25 and 500 mA, according to
the tube used and the object to be examined. It is
obvious that for obtaining comparable photographs
the values chosen must be easily reproducible.

In addition to these requirements, which are
connected with, the possibilities of variation of the
exposure technique, there are several others , con-
nected with the placing of the patient and the
method followed in the examination, which exert
their influence on the construction of the apparatus.
The X-ray tube and the film holder must be hung
on a standard which permits a rapid and accurate
adjustment of focus and film with respect to the
patient. For the examination of different organs
different standards will sometimes have to be used,'

3) The loading limit here is not set by the danger of melting
of the anticathode at the focus, but by the danger to which
the glass parts of the tube are expo-sed by too great general
heating of the anticathode.
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Fig. 2. View of the whole X-ray apparatus at the moment when a lung exposure is being
made. On the right the iron tank filled with oil containing the high -voltage generator; on
the left the operating desk. In the middle the standard which bears the fluoroscope screen
or the film holder, behind that the X-ray tube hung on a movable column.

each with its own tube. The switching arrangements
of the tube and any auxiliary apparatus, as well
as the adjustment of the exposure quantities must
be so simplified that the attention of the doctor is
not thereby distracted. In certain cases, such as
stomach examinations, it is also desirable by means
of fluoroscopy to be able to determine the moment
at which the object has taken on the position
or shape which is to be fixed on the photograph. The
apparatus must then be so arranged that the ex-
posure can take place as quickly as possible after
the fluoroscopy. In connection with this the va-
riation of the voltage in fluoroscopy may not affect
the previously made adjustment for the exposure, etc.

We shall now show how these different require-
ments are met in the apparatus to be described.

General description of the apparatus
The apparatus consists chiefly of the tube with

standard, a high -voltage generator for supplying

the tube, a timing switch for switching the tube
load on and off, and different regulatory devices
which are combined in an operating desk. In fig. 2
a photograph of the complete installation is given,
while fig. 3 shows the general plan of the connections.
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Fig. 3. Connections of the apparatus (very much simplified).
TH high -voltage transformer, V rectifier valves, B X-ray tube,
S timing switch. Tv auto -transformer for regulating the tube
voltage, Tg heating -current transformer, R resistance for
varying the tube current.
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The high -voltage generator contains a trans-
former connected to the local mains, which fur-
nishes the required high -voltage of Emax = 100 kV.
This voltage is rectified with four valves in the
familiar Gratz connection, so that a pulsating D.C.
voltage with a peak value of 100 kV is obtained
on the tube (fig.4). The variation of the tube volt-
age is obtained by changing the primary voltage
of the high -voltage transformer with the help of
taps on an intermediate autotransformer. The
heating current of the tube is provided by a separate
heating -current transformer; by means of an ad-
justable resistance in series with the primary wind-
ing the heating current, and with it the electron
emission of the cathode, and thus the current
through the X-ray tube, can be varied. The desired
exposure time is finally obtained with the help of
the above -mentioned timing switch which will be
described below, and with which, it may be men-
tioned, the loading time of the tube can be adjusted
between 1/50 sec and 8 sec in steps.

%MIS

Fig. 4. Variation of the tube voltage with the time. The broken
line gives the variation of the current which is in phase with
the voltage. In each half period the current reaches a saturation
value at a certain voltage. This current is given by the cathode
emission.

The automatic character of the adjusiment

In the above we have seen that when optimum
results are desired the tube current must not be
considered as an independent variable, but that with
voltage and loading time determined it is fixed for
a given tube by a relation as in fig. 1. In the case
of the X-ray apparatus developed by Philips the
obvious conclusion has been drawn that in photog-
raphy the current should not be regulated by the
operator, but upon regulation of the voltage (which
mainly determines the contrast) and the loading
time (which determines the lack of sharpness due
to motion) itmust automatically take on the
corresponding highest permissible value.

Such an automatism can in principle be realized
in a very simple way, see for example fig. 5.

To the axis of the voltage regulator is coupled
a "pre -selector", i.e. an' arm which can connect
one end of the primary winding of the heating -
current transformer successively to as many
"main selectors" as there are voltage steps. The
arms of the main selectors are all coupled with the
axis of the regulator of the loading time, and every

main selector- can continue the above -mentioned
connection with, as many , taps of the heating -
current resistance as =there are time steps. If the
apparatus has m'voltage and it time steps, m X n
taps 'are made on the heating -current resistance;
these taps are so arranged when the whole instal-
lation is adjusted that for each of the m X 72 pos-
sible combinations of voltage and time values the
proper current value is obtained.-

-

ti

4
0 JP7,1

Fig. 5. Diagram showing the principle of the automatic ad-
justment of the tube current: Ts heating -current transformer,
R resistance with ,as many taps as there are possible, voltage -
time combinations. K pre -selector coupled with the 'voltage
regulator (E). Hi, 2, 3 ... main selectors coupled with the
time regulator (t).

"'"o : : '

The. voltage must be idjustable in steps of 'about
2.5 kV; for the whole'lange of variation from 50
to 100 kV, therefore, aboirt 20 voltage steps are
needed. The same number of steps is needed for
the exposure time, so that there would be no fewer
than 400 taps on the heating -current resistance.
Fortunately it is found in practice that a consid-
derably smaller number is sufficient. The E -I -t
surface of fig. 1 can be approximated by a stepped
surface like that shown in fig. 6. All the volfage
steps are here divided into three groups, and the

biqimirp--
,1 ..711-.r.w4100111111F4,ff.of

Im--11511P-11512

E

Fig. 6. Approximation to the curved surface of fig. 1 by a
stepped surface. On the cross -hatched plane surfaces of the
subdivisions the current is constant.
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same is done with the time steps. For each voltage
group in the automatic arrangement there is one
main selector which selects one tap for each time
group 4). One current value is thus selected for
each of the nine group combinations. The highest
permissible loading is now only attained for the
highest voltage and the longest time of each group
combination. At lower voltages and with shorter
times in the same group the loading may remain
as much as 30 per cent below the permissible value;
no important difference in the quality of the ex-
posure compared with the optimum results from
this fact, however.

For, fluoroscopy a variable resistance operated
by hand is connected in the heating -current cir-
cuit. By means of a series resistance the tube
current is prevented from ever increasing above the
permissible value during the fluoroscope exami-
nation.

The voltage loss

Until now we have represented the case as if
the voltage on the tube could be adjusted quite
independently of the tube current. Actually ac-
count must be taken of the' fact that upon flow
of current through the tube a certain voltage loss
occurs which increases with the current. This loss,
which in certain apparatus may amount to 20 kV,
is caused by the resistances of the high -voltage
transformer, the switch arrangement, the connec-
tion lines to the generator, etc. and by the voltage
drop in the rectifiers. It would of course be possible
to compensate for the voltage loss simply by a cor-
respondingly higher setting of the transformer
voltage. This has, however, disadvantages connected
with the automatism here employed. If for instance
an exposure time of 315 sec is desired with, a tube
voltage of 60 kV, the automatic arrangement
provides a tube current of 260 mA for a given tube.
Suppose that the voltage loss here amounts 'to
20 kV, the transformer voltage must then be 80 kV
(peak values are meant in every case). If the oper-
ator now raises the voltage one step, i.e. to 82.5 kV,
the following voltage group is reached, where with
1/5 sec a current of only 210 mA is provided; the
voltage loss here is considerably less, 16 kV for
instance, the tube voltage is therefore 82.5 - 16 =
66.5 kV. The whole voltage range between 60 and
66.5 kV is thus traversed in one step without the
possibility of a finer adjustment.

4) Actually the automatic arrangement in the ,apparatus
described is slightly different; for the sake of simplicity,
however, this simple description may be considered as
a basis.

 In order to avoid this difficulty attempts were
made to limit the voltage loss as much as possible
in the whole apparatus. To this end in the first
place a heavy high -voltage transformer with only
slight resistance is used. Likewise for the voltage
regulation an autotransformer with thick windings
is taken and a rotating switch with broad contacts
and thick connections. Furthermore for the rectifier
connections hot -cathode valves with gas filling are
used which have a voltage drop in the transition
direction of only about 50 volts 5). A not incon-
siderable part of the remaining voltage loss is
caused by the resistance of the local mains them: -
selves, since the apparatus can take, up for short
times energies up to 15 kW. Since this mains resist-
ance may vary very much in different installa-
tions, while it is nevertheless desirable that the
same voltage losses and thus the same exposure
values should be obtained, an additional variable
resistance in series with the mains connection is
included, which supplements the local mains resis-
tance to give the same value for all installations.
In fig. 7, which shows several other details of the
primary circuit, this is illustrated more fully. The
voltage loss in the mains at 260 mA now always
amounts to 4 kV; added to this are 3 kV loss in the
high -voltage transformer, 0.1 kV in the valves, etc.,
giving a total loss of about 10 kV.

0

Fig. 7. The primary voltage of the high -voltage transformer
T11 is regulated by selecting different taps of the auto -trans-
former Ty with the contact arm W1. For fluoroscopy switch D
is placed on d (o is for photography), and the voltage can be
varied an additional ±10 kV with the help' of W2. By suitable
choice of the connection N the apparatus can be used at dif-
ferent nominal mains voltages (between 150 and 440 V).
In order always to obtain the same high-tension values with
a given setting of W1 and W, upon variation in the mains
voltage, the input voltage of the auto -transformer can be
varied slightly further with the help of the auxiliairy trans-
former TN and the switch arm W0. S main switch. RN variable
resistance with which the voltage loss can be made equal for
all installations.

Reproducibility of the ndjustment
The type of automatic arrangement described

affects the construction'of the whole apparatus, not

5) These high -voltage valves have already been described
in Philips techn. Rev. 1, 8, 1936.
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only because of the requirement of a low voltage
loss, but also because of the high requirements made
of the reproducibility. Since the tube current
can here be varied by changing the heating current,
it is necessary in the first place that the electron
emission _of the hot cathode should be absolutely
constant. When the emission decreases somewhat
during the lifetime of the tube, the quality of the
photographs suffers. In the regularly. occurring
checks therefore the taps on the heating -current
resistance must be regulated anew and adapted
to the changed emission properties. More dangerous
than this gradual drift would be the variations
of the heating voltage and of the resistances in the
heating -current circuit occurring during operation,
since the emission depends very ,,closely upon the
heating current and since instead of a decrease
in the quality of the picture, an overloading of the
tube could occur. The heating voltage is kept con-
stant, i.e. 'made independent of mains voltage fluc-
tuations (and of any mains voltage fall due to the
high current during exposure) by connecting a
"stabilizer" in front of the heating -current trans-
former 6). The resistances in the heating -current
circuit must above all be protected from becoming
too hot, which would cause the specific conductivity
to vary. This is especially true for the heating -
current transformer which is housed together with
the high -voltage transformer and the rectifiers
in an oil tank, and which therefore might become
too hot due to the proximity of the latter. Thanks,
however, to the above -mentioned heavy build
of the transformer and to.the use of gas -filled valves
in which oxide cathodes can be used and which
therefore give the necessary emission with about
10 W heating -current energy, the heating up of
the whole generator container is reduced. to a harm-
lessly low level.

The timing switch

Like current and voltage, the loading time must
be very accurately reproducible, to within a few
per cent, for instance, in order to load the focus
correctly. This is no simple condition when it is
kept in mind that it is here a question of the switch-
ing of powers of up to 15 kW (according to the
X-ray tube employed) during times which must be
able to be adjusted between several hundredths
of a second and several seconds.

The circuit diagram of the timing switch developed
for this purpose is given in fig. 8b. In order to make
its action clear, let us consider first the very much

6) See Philips techn. Rev. 2, 276, 1937.

simplified diagram of fig. 8a. The switching of the
tube voltage (main switch S) takes place by means,
of a relay Sp which is excited by a transformer
via the relay valve L1. Such a relay valve (gas -
filled triode) can only ignite when the grid as well
as the anode have a sufficiently high voltage with
respect to the cathode, and only be extinguished
when the anode voltage becomes negative (or falls
below a certain value). As long as the push-button
switch A is open, the grid GI is positive with respect
to the cathode. After A is closed therefore the valve
ignites as soon as the anode is positive enough; -
the relay receives current and closes the switch S,
the loading of the X-ray tube begins. As the supply
A.C..voltage passes through zero the relay valve is
extinguished, while a half period later, it again
ignites. If we now first assume that the time of
opening of the relay is so long that the currentless
periods (during which the anode of L1 is nedative)
are thereby bridged over, then the high -voltage
circuit will always remain closed. Simultaneously
with the closing of the main switch S, however,
the relay has opened the auxiliary switch F, so
that the battery B begins to charge the condenser
C via the resistance R1. The grid G1 connected to
the upper condenser plate is hereby gradually
made less positive, and after a certain interval of
time, which can be regulated by adjustment of R1,
it becomes negative with respect, to the cathode.
Now the reignition of the relay valve after the next
negative period of the anode voltage is no longer
possible, the relay Sp falls out, the loading of the
X-ray tube i§ ended. (Special measures have been
taken, so that the swtich does not "repeat", i.e.
so that it does not immediately switch on again
directly after the restoration of the initial state).

By the variation of R1 (and if' necessary of C)
the loading time can be regulated within wide
limits. The reproducibility would, however, by no
means be satisfactory. According as the moment
when A is switched on falls at the beginning or
end of the positive period of the alternating cur-
rent, the loading time may already vary by 1/100 sec
(a half period). Still worse are the differences which
may occur by the more or less rapid falling out of
the relay, which, according to the above, must work
with a relative time lag. These disadvantages are
avoided as follows in the actual construction (fig.
8b). For the excitation of the relay, a second relay
valve L2 is introduced, whose grid is normally
kept negative by the D.C. voltage source B1. If,
however, the valve L1 is extinguished,' a voltage
surge is, caused in the secondary winding Sp2 of
the relay Sp, which just makes the grid of L2 pos-
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itive at the, moment when the anode voltage of L2
is positive, so that L2 now ignites and transmits
current for half a period. The valve L1 thus always
"follows" the valve L1 and supplements the direct
current impulses produced by the latter in the
intermediate half periods. It is not necessary for
this reason to give the relay a long opening time for
bridging over these half periods. On the contrary,
by making the opening time as short as possible
the fluctuation in this time is also decreased and
the reproducibility increased.

S

a)

The connection of different X-ray tubes
The explanation given at the beginning on the

technique of exposure leads to the conclusion that
for every object a definite optimum size of focus
should be chosen. The size of the focus in a given
tube is permanently fixed by the shape and dimen-
sions of the cathode. Thus for every kind of object
one would need a separate X-ray tube with a
definite cathode. For smaller hospitals where
financial reasons make this condition a handicap,
a tube has been constructed which contains

=L_s R
s_B

+T

L2

b)
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Fig. 8. Timing switch. a) Principle of the timing arrangement: after setting the push button
switch A the relay valve L1 ignites, the relay Sp switches the high -voltage transformer in
through S, but at the same time opens by means of F the shoit circuit of the condenser C.
The speed with which C is charged by the battery B, i.e. the setting of the variable resist-
ance R1, determines the time during which the relay valve can transmit current.

b) More complete diagram. In these connections "isochronous" switching of the relays
takes place at the zero points of the voltage. The condenser C1 in the stationary state
(A open) is charged through the auxiliary transformer T2, and, thanks to the rectifying
action of the hot cathode, in such a way that the second grid G2 of the relay valve L1 is
negative. Upcip closing A therefore the relay valve cannot immediately ignite. Due to the
fact, however, that the charging voltage of C1 is now short-circuited, C1 discharges grad-
ually over R2; 'the potential of G2 slowly rises to cathode potential. Through the small
transformer To an A.C. voltage acts on G2 which causes G2 to become positive just at the
moment at which the anode also becomes positive. At this moment therefore the valve
ignites, independent of the moment when A is closed. Switching off always occurs "isochro-
nously" of itself, since the relay valves are always extinguished, independent of the grid
voltage, when the anode voltage becomes negative.

In :order to obtain a short opening time the
movable parts of the relay must be kept light. This
would not be possible if the relay had to switch over
the whole energy, but in that case heay contacts
would be necessary because of the wear. Therefore
provision has been made that the switching on and
off takes place "isochronously" i.e. always at mo-
ments when the voltage .(and therefore in our case
the current also) pases through zero. At the same
time by this device the preliously mentioned in-
accuracy due to the arbitrariness of the moment of
closing switch A is eliminated.- The way in which
the iso'chronous switching is ensured is explained
further in the text Under fig. 8.

two separate hot cathodes which can 'be used at
will. By this means at least two different foci are
available, for instance one of 3.1 mm diameter for
moving objects (lungs, stomach, etc.), and one of
1.7 mm diameter for stationary objects (skull,
shoulder, etc.). A better solution is the use of an
X-ray tube with rotating anode ("Rotalix" tube 7))
in which the permissible specific focus loading is
a factor 6 to 10 higher than with a stationary anode,
and with which therefore even with a small focus
sufficient intensity for exposures of moving objects
is obtained.

7) See Philips techn. Rev. 3, 292, 1938.
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The apparatus here described is specially designed
for connection with these two tubes, and the
generator is provided to two sets of cable con-
nections, the choice between them being made with
a built-in high -voltage switch. Several problems
were encountered, particularly in connection with
the cathode supply. The cathode, and with it the
secondary winding of the heating -current trans-
former are under high tension, since the middle
point of the tube voltage is earthed in order to have
to insulate only against half the high -voltage with
respect to earth. The fact that the cathode is under
high tension led on the one hand to the heating -
current transformer being housed in the oil tank
of the generator (see above) and on the other
hand it made it desirable to carry out as few
switching manipulations as possible in the cathode
circuit. Therefore three heating -current transfor-

Tg2 Tg3

37140

mers are housed in the generator (see fig. 9). The
secondary windings of two of them are connected
to a post of one set of high -voltage connections
and can supply the two cathodes of a tube with
double focus. The secondary winding of the third
is connected to a post of the second set of high -
voltage connections. Thus upon passing over to
a different tube or focus switching need only be
performed in the primary circuits of the heating -
current transformers.

In addition to the switching over of the high
voltage and the cathode supply, care must also be
taken that the automatic arrangement of the tube
current regulation is correct for each tube (or each
cathode). This is realized in a simple way by using
a separate heating -current resistance for each tube
(or cathode), the nine taps of which resistance are
adjusted separately. Fig. 10 shows how these
automatic units are assembled in the operation desk.
Upon connection of still other X-ray tubes with the
apparatus (for which a separate high -voltage com-
mutator is necessary) more of such units, up to a
total of six, can be built in.

The commutation of the high -voltage takes place
simultaneously with the commutation of the cath-
ode, of the series resistance for the fluoroscope
heating current (see above) and of the automatic
arrangement, by means of a relay, all of which are
operated at once by a tube selector mounted on the
desk (fig. 11).

a
Fig. 9. a) Assembly of the high -voltage transformer TH, the three heating -current trans-
formers ; and the four rectifier valves V in an iron container filled with oil (dimensions
about 80 x 50 x 50 cm). Since the valves must be accessible for control, replacement, etc.,
while the transformers, in whose case the insulating oil also serves as impregnating medium,
must remain carefully closed, the container is divided into two parts by a horizontal par-
tition. In fig. 9b a view is shown of the upper part (not yet filled with oil) in which the
rectifiers are housed. In this part is also the high -voltage switch 0 for the two sets of con-
nections.
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Fig. 10. View of the interior of the operating desk. To the
right in front may be seen three "automat" units mounted
one above the other, i.e. heating -current resistances with
switch contacts for three different cathodes. If more tubes
are connected to the apparatus a unit is added for each
cathode. Under the cover are the rotating switches of the
voltage regulator, etc. To the left below, the timing switch.

Using the apparatus

The apparatus is so arranged that after switching
on the mains voltage everything is normally ready
for fluoroscopy: the tube receives a small heating
current, the separate voltage regulator (W2 in fig. 7)
is switched on, the timing switch is out of action
(D2 in fig. 8b closed). In the meantime, however, the
desired voltage and time for an exposure can already
be set, without affecting the fluoroscope image.

For photography, in addition to setting the va-
rious switches (D in fig. 7, D2 in fig. 8b, measuring
range of the mA and mA-sec meters K and L on
the operating desk, etc.) the hot cathode must
furnish the higher emission chosen, and when a
"Rotalix" X-ray tube is used the anode must have
reached its working speed. This requires some time,

about 0.8 sec in both cases. The doctor using the
apparatus need not bother with all these things,
however: all switching operations are accomplished
automatically by pressing on the knob of a hand
switch, while a retarding relay provides that the
timing switch only begins to work after 0.8 sec.

Other mechanisms also which are involved with
photography can be coupled with the hand switch,
for instance a moving raster for attenuating the
scattered rays or a mechanism for bringing the film
holder into position. This is necessary particularly
in the so-called stomach series examination which
was touched upon at the beginning. In this case by
pressing the knob "photography" a film is also
inserted in front of the fluoroscope screen by an
electrically operated mechanism, so that between
the fluoroscopic examination and the photographic
exposure no more than the 0.8 sec mentioned
elapses. In this way the required operations are
reduced to the adjustment beforehand of time and
voltage and the pressing of the knobs "fluoroscope"
and "photograph".

Fig. 11. The switchboard of the operating desk. By means of
the so-called tube selector F, high -voltage, heating voltage,
automatic arrangement, etc. are all switched over at once to
the X-ray tube to be used. The other knobs serve for the
regulation of the time (G), the coarse and fine regulation of
the tube voltage (B and C), the regulation of voltage and
current for fluoroscopy (E and D) and the correction of the
mains voltage (A; checked with voltmeter H). On the left
hanging on a hook, a hand switch with which the doctor
standing at any desired distance from the desk can switch
the apparatus on and off in fluoroscopy or photography.
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THE WATERCOOLED TRANSMITTING VALVE TA 18/100

TA 18/100 is a watercooled transmitting valve, which in H.F. class C
telegraphy adjustment supplies 100 kW and about 38 kW in the carrier
wave, using anode modulation.
The maximum allowable anode dissipation amounts to 70 kW. Filament
voltage 33 V, filament current 207 A.
Overall length without cooler 120.5 cm, with cooler 133.3 cm.
The photograph shows this valve in a special arrangement, as used in the
new Netherlands broadcasting system, which facilitates easy interchange-
ability of valves.
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THE RECORDING OF DIAGRAMS WITH THE ELECTRICAL PRESSURE
INDICATOR

by P. J. HAGENDOORN and M. F. REYNST.

Following a previous article in this periodical which gave a detailed description of the elec-
trical pressure indicator for internal combustion engines developed by Philips, a further
study is here made of the different kinds of diagrams which can be recorded with this
apparatus. The detailed construction is given of the piston -stroke recorder with which
a deflection of the cathode ray proportional to the displacement of the piston is obtained.
For the routine testing of large engines, in Diesel stations for instance, special devices have
been developed which are also briefly discussed.

With the help of the pressure indicator GM 3 154,
which was described in a previous article 1), the
variation of pressure in the cylinder of an internal
combustion engine can be made visible on the screen
of a cathode ray tube. The pressure variations are
first converted into capacity variations of a con-
denser, one of whose electrodes is formed by a
membrane in the wall of the cylinders (pressure
recorder). The capacity variations obtained are
used to modulate a carrier wave from which, after
amplification and rectification, the required voltage
for the vertical deflection of the fluorescent spot is
obtained. As to the horizontal deflection, two
methods may be used: it may be made proportional
to the time or to the displacement of the piston,
thus to the volume (more exactly: to the in crease
in the volume) of the combustion chamber. In this
article we shall study the way in which these two
types of diagrams and all kinds of variations of
them are obtained, as well as the various auxiliary
apparatus which have been developed for this
purpose.

Pressure -time diagrams

A horizontal deflection of the cathode ray pro-
portional to the time is obtained by applying to the
proper set of plates of the cathode ray tube a voltage
of the form given in fig. 1. In order to generate this
sawtooth voltage a time -axis generator is used in
the pressure indicator which corresponds exactly
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Fig. 1. Sawtooth voltage for the recording of diagrams with
the time as abscissa.

1) P. J. Hagendoorn and M. F. Reynst, An electrical
pressure indicator for internal combustion engines, Philips
techn. Rev. 5, 348, 1940.
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to that of the cathode ray oscillograph GM 3 156,
which has recently been described in this periodi-
cal 2).
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Fig. 2. Normal pressure -time diagram of a four-stroke engine
recorded with the pressure indicator GM 3 154. The time base
is equal to one revolution. This photograph, like those of
figs. 3, 4, 5, 12, 13 and 14, has been put at our disposal by the
Bataafsche Petroleum Maatschappij, Testing station, Delft.
Fig. 12 in the article referred to 1) is also from this testing
station.

Fig. 2 shows a normal pressure -time diagram of
a four-stroke engine recorded in this way. In order
to obtain a stationary image on the fluorescent
screen it is necessary that the period of the time
base (T in fig. 1) should be exactly equal to half
the fundamental period of the diagram, thus to
the time necessary for one revolution around the
crank -shaft. By regulation of the time -axis gene-
rator the period of the time base can be set approxi-
mately at the desired value, while exact synchro-
nisation with the engine is realized by an extra
voltage surge which, with Diesel engines, is supplied
once per revolution via a contact disc mounted on
the crank -shaft to the time -axis generator, and
with petrol engines, by means of the voltage impulse
of the sparking plug.

In the diagram of fig. 2 the following processes
may be distinguished: the sucking in of the gas
mixture into I the combustion chamber (1-2) at a

2) S. L. de Bruin and C. Dorsman, A cathode ray oscil-
lograph for use in tool making, Philips techn. Rev. 5,
277, 1940.
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pressure slightly less than one atmosphere, the
compression of the air (2-3), at 3 the ignition and
beginning of the combustion (3-4), the combustion
(4-5), at which the pressure quickly reaches a peak
value (5), the expansion of the burned and heated
gases (5-6), the driving out of these gases (6-1).

alwir.
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Fig. 3. The same diagram as fig. 2 recorded on a larger scale.
The time base here was made equal to half a revolution of the
crank -shaft.

While the sucking in, compression, expansion and
driving out are relatively simple processes, more or
less fixed by the dimensions of the cylinder, the
valve openings, etc., the pressure variation from
3 to 5, i.e. the process of combustion, depends upon
many influences which are not directly controllable.
Here therefore deviations may most easily occur
from the normal action, and here therefore the
control by means of the diagram is most important.
With the time -axis generator the diagram can also
be recorded on a larger scale, so that the details
of the part in question are clearer. For this purpose
the time base is adjusted to a length equal to a half,
a third, a fourth, ... revolution. One then obtains,
for example, on the fluorescent screen an image like
that of fig. 3. The synchronization arrangement here
also provides that the image is stationary.

In the case of internal combustion engines one
of the most feared phenomena is so-called detonation
which is manifested by the appearance of vibrations
in the expansion lines (see fig. 4). Not only due to

Fig. 4. Pressure -time diagrams
on the expansion line.

with
ilflt

detonation vibrations

too heavy loading, incorrect composition of the
gas mixture, carbon deposit in the cylinder and
similar causes, detonation may also occur due to too
high compression and irregular ignition, resulting
for instance from too high a temperature of the
cylinder wall (insufficient cooling).

In certain cases it may be desirable to employ
n o synchronization. The following is an interesting
example. If the time -axis generator is set as in fig. 2
but synchronization is omitted, the variation of
pressure for the successive revolutions will not
always appear at the same spots on the fluorescent
screen but will gradually shift, see fig. 5a. In the

b
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Fig. 5. a) Photograph of a series of successive pressure -time
diagrams recorded without synchronization. By the gradual
shifting of corresponding points of the diagrams the variation
of the peak pressure and of the compression pressure is shown
as a function of the time. b) A series of successive, very much
compressed pressure -time diagrams. The variation of the top
pressure can here also clearly be seen. The photograph of
fig. 5a as well as those of fig. 6, 17 and 18 were kindly put at
our disposal by the Testing Department of the N.V. Werk-
spoor of Amsterdam.

photograph of such a non -stationary image the
variation with time of the peak pressure is clearly
distinguishable, and also that of the compression
pressure and the ignition, so that the engine con-
structor can judge on this basis whether there are
irregularities in the combustion. Another possibility
of obtaining a picture of the variation of the
peak pressures is to make the time base very
long, i.e. to make the fluorescent spot move only
very slowly in a horizontal direction, so that a
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large number of (very compressed) diagrams are
traced side by side, see fig. 5b.

J7/54

a
Fig. 6. If the membrane M of the pressure recorder D cannot
be inserted into the cylinder wall itself (a, left) it must be
connected with an indication channel I (a, right). In this
channel gas vibrations as in an organ pipe may occur. Z
piston, V combustion chamber, K indication tap. It must be
mentioned incidentally that in this method of connection too
great a heating of the membrane may sometimes also occur,
since it cannot profit by the cooling by the (water-cooled)
cylinder wall. In this case cooling fins must be constructed
on the connection piece as may be seen in the photograph (b).

Vibrations on the expansion line of the diagram
may also occur due to other causes than detonation.
The pressure recorder often cannot be inserted
directly into the wall of the cylinder, but must be
mounted with a connecting piece on the indication
channel ( fig. 6) with which the cylinders of large
engines are provided as a rule. Due to the sudden
increase of pressure during the combustion (4-5 in
fig. 2), characteristic vibrations can be excited in
the gas column in the indication channel in the same
way as in an organ pipe, which vibrations also

appear in the pressure indicator diagram. By deter-
mining the frequency of the vibrations it is often
possible to discover whether one is concerned with
genuine detonation vibrations or with organ pipe
vibrations. In the diagram of fig. 7 for instance, it

Fig. 7. Pressure -time diagram with vibrations on the expansion
line, which, upon determination of the frequency, were found
to be caused by organ pipe vibrations in the indication channel.

is found by measurement that the fundamental
period of the vibration amounted to 0.037 times
the duration of one revolution. The engine made
1600 r.p.m., the fundamental frequency of the vi-
bration was therefore 720 c/s. On the other hand
the length of the indication channel was 20 cm,
and since in ordinary organ pipe vibrations the wave
length of the fundamental tone is approximately
four times the length of the pipe, in this case with
a speed of propagation of the pressure waves in the
combustible gases of 580 m/s a fundamental
frequency of 580/0.8 = 725 c/s could be expected.
The good agreement indicates that in this case it
was probably a question of organ pipe vibrations.

Pressure -volume diagrams

The mechanical engineer will generally be more
accustomed to record cylinder pressures as a func-
tion of the piston displacement than as a function
of the time. Since the displacement of the piston
from its highest position is proportional to the
volume increase v of the combustion chamber, and
f p dv is the work done by the gas or the recorded
mechanical work, from the pressure -piston stroke
diagram (pressure -volume diagram) the power
delivered by the engine cylinder can be determined
by planimetry. This was indeed originally the most
important application of the indicator diagram.
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Fig. 8. Rotating cylinder condenser in the piston -stroke
recorder. A fixed counter electrode.

In the article referred to 1) the principle was
briefly described of the arrangement whereby a
horizontal deviation can be given to the fluorescent
spot which is proportional to the displacement of
the piston. The arrangement consists mainly of
a cylinder cut off at the ends in a certain way, see
fig. 8, which, together with a fixed counter electrode,
forms a condenser. The cylinder is coupled with the
crank -shaft, so that when the engine turns the capac-
ity of the cylinder condenser varies periodically.
The capacity variations are converted into voltage
variations just as in the case of the pressure recorder,
and the voltage variations are then fed to the hori-
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zontal deflection plates of the cathode ray tube.
We shall here 'go somewhat more deeply into the
construction of the cylinder condenser.

Since the counter electrode is only relatively
narrow, it may be said that the capacity of the
cylinder condenser at every moment is proportional
to the length of cylinder at the point which is
exactly opposite the middle of the counter electrode. 
Since the capacity variation 'must be proportional
to the piston displacement, the mode of variation
in the length of the cylinder as a function of the
angle is hereby prescribed. With the help of fig. 9

Fig. 9. Diagram showing the motion of the piston; r crank,
piston rod, I and II dead points. With infinitely long piston

rod the piston displacement (s) would be sinusoidal as a func-
tion of the angle a of the crank. Due to the finite value of 1
a second harmonic enters the motion, whose amplitude depends
upon the ratio e = r/l.

for the displacement s of the piston from the highest
position (dead point I, at which the volume of the
cylinder is practically zero) the following formula
is found:

s= r+ / -r cos a - - 82 sin2 a . . (1)

The ratio E between the length of the crank (r)
and the piston rod (I) generally lies between 1/5
and 1/3.5. When the last term of (1) is developed
in a series:

/I/1 82 sin2 a = (1 1/2 sin2 a _i./864sin4 a ..),

then the term with sin4a is already at least 100 times
as small as the preceding term, so that we may write
in sufficient approximation:

s= r -r cos a + (182 sin2 a)/2

Or = (1 - cos a) + 4 (1 -- cos 2a)... (2)

The piston thus executes a practically sinusoidal
motion upon which a weak second harmonic is
superposed whose amplitude continues to depend
upon tlie ratio of crank to piston rod of the engine
in question. In fig. 10a the deVelopment of the
cylinder condenser corresponding to equation (2)
is drawn for the case where 8 = 0.222 (1= 4.5 r).
The cylinder is bounded at one end according to

the curve 1-cosa and at the other by (1-cos 2a) 8/4.
The length of the intermediate section of straight
cylinder is in principle a matter of indifference,
since it involves a constant capacity upon rotation,
while we are only concerned with the variation
in capacity.

The first -mentioned boundary (1-cos a) can be
realized in a very simple way by cutting off the
cylinder by a flat surface having an arbitrary
slope goo with respect to the cylinder axis. The boun-
dary at the other end, according to (1-cos 2a) 814
is, however, more difficult to construct practically.
For the sake of simplicity in manufacture therefore
the approximation given in fig. 10b is introduced.
The curve (1-cos 2a) 8/4 is replaced by (1-'cos al) eI2,
i.e. the cylinder is cut off by two flat planes
whose position may be seen in fig. 8, while each
plane makes an angle of (p with the cylinder axis,
with cot q; = (614)  cot 990. It may easily be calcu-
lated that the greatest deviation between the curves
of fig.10a and b is equal to 8/8. For E = 0.222 this

a)

b)

c)

 -

Fig. 10. Development of the condenser cylinder: a) theoretically
desired form for a crank -piston rod ratio a = 1/4.5; b) approxi-
mation of the desired form, chosen because of its easy reali-
zation; c) on a scale 5 times as large: shape used (full line,
like b) and theoretically desired shapes (broken lines) for
different values of 'a.
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is a shift of the abscissa of 1.4 per cent of the total
amplitude, an error which may be permitted with-
out serious consequences.

If the same piston -stroke recorder is used for
engines with a different ratio c of crank to piston
rod, larger errors may occur. This may be seen
directly in fig. 10c where in addition to the curve
for the recorder used (as in 10b) the form of the
desired curve is drawn for several values of c. In
fig. 11 the maximum positive or negative deviation
is plotted as a function of e. If an error of 2.5 per cent
is allowed, the piston -stroke recorder which is
constructed with cot (p = 1/4.0.222 cot To is found
to be still usable for engines with 1/8 < e < 1/3.6.
Values of e outside this range pratically do not
occur.

/1,12

oo
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Fig. 11. Maximum difference f1, f2 between the deflection
obtained and that desired of the cathode ray, in per cent of
the total piston stroke, as a function of the crank -piston rod
ratio e of the engine being tested. The values of cot q) and cot To
(see fig. 8) are here chosen in the ratio of 1 : 18. If a maxi-
mum positive or negative error of 2.5 per cent is allowed, the
piston -stroke recorder so constructed can be used for all engines
with 1/8 < e < 1/3.6, as the figure shows.

The above considerations actually hold only for the case
where the counter electrode is infinitesimally narrow. When it
has a finite width (angle o)), then the capacity at every moment
is given by the average length of the cylinder in the effec-
tive sector of the surface of the cylinder. The effect of this is 3)
that higher harmonics in the variation of the cylinder length
are weakened, the nth harmonic by a factor (sin 0/2) (n6i/2).
In order to obtain sufficient capacity t) had practically to be
made equal to 10°. The second harmonic hereby experiences
only a relative weakening by a factor 0.995, so that the effect
may be neglected.

In fig. 12 a normal pressure -volume diagram is
reproduced, recorded with the help of the rotating
cylinder condenser described. In order to obtain

3) The effect is quite similar to that of the finite width of a
scanning slit which was discussed in: J. F. Schouten,
Synthetic sound, Philips techn. Rev. 4, 167, 1939 (see
especially page 169).

such a diagram the counter electrode of the cylinder
condenser must have a position such that the highest
position of the piston corresponds to the smallest
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Fig. 12. Normal pressure -volume diagram recorded with the
pressure indicator GM 3 154 and the piston -stroke recorder
described. (Here again gas vibration in the indications channel
are superposed.)

capacity (deflection of the cathode ray zero, or
equal to a given initial deflection). From the dia-
gram by planimetry, as already stated, the power
delivered by the engine cylinder can be determined,
and from this the mechanical efficiency can be
calculated, for example with the help of the power
measured at the crank -shaft.

Since in the neighbourhood of its highest position
(and lowest position) the piston moves relatively
slowly, the important processes of ignition and
combustion, which take place about the moment
when the piston is in the highest position, are com-
pressed in the p -v diagram into a short section of
the abscissa. Peculiarities and possible deviations
in the combustion cannot therefore be easily dis-
tinguished in the normal p -v diagram. At the time
when mechanical indicators were generally used
the following device was employed to make up
for this unpleasant lack. The motion in the direction
of the abscissa was shifted 90° in phase with
respect to the actual piston movement, so that the
successive values of the pressure in the combustion
chamber were not recorded above the correspond-
ing volume values in the diagram, but were

J7/2I

Fig. 13. "Shifted" pressure -volume diagram (same as fig. 12).
The counter electrode of the cylinder condenser fig.8 was here
rotated 90° with respect to its normal position.
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shifted a quarter period. The combustion pressures
thus lay in the middle part of the abscissa, where
the motion is most rapid. The diagram obtained
in this way, the so-called shifted p -v diagram, of
which an example is given in fig. 13, gives a better
idea of the actual combustion process than the
normal p -v diagram, and could be obtained with the
mechanical pressure indicator simply by moving
a lever.

For the mechanical engineer who is accustomed
to work with these shifted p -v diagrams, it was very
simple in the case of the electrical indicator to
obtain such diagrams. It was only necessary to
rotate the counter electrode of the above -described
piston -stroke recorder through the desired angle.
The possibility of such a rotation had in any case
to be provided for in connection with the testing
of different cylinders of the same engine whose
cranks always stand at different angles. The con-
struction of the piston -stroke recorder shown in
fig. 14 is such that the counter electrode can be
turned with the hand and set at intervals of 30°.
The most commonly occurring crank angles are
multiples of 30°. At the same time a contact is also
introduced on the axis of the rotating condenser
which is closed once per revolution and which,
described above, serves for the synchronisation in
the recording of pressure -time diagrams.

For routine testing of large engines, for instance
of large Diesel installations, it is important to be
able to test each cylinder separately. The indicating
instrument is therefore provided with several
connections which, via several cables, are con-
nected to pressure recorders on the different

Fig. 14. Piston -stroke recorder Z (GM 4 301) coupled with the
crank -shaft of a high-speed engine. T arrangement for fixing
the counter electrode at definite angles, S connection for the
synchronisation, A coupling with the engine shaft, K cable
connection.

cylinders. When pressure time diagrams are being
recorded, the diagrams of the different cylinders
can be made to appear successively on the screen
of the cathode ray tube simply by operating a
switch. When, however, the piston -stroke base is
being used, in addition to switching over to the
corresponding pressure recorder, the counter elec-
trode of the piston -stroke recorder must also be
brought into the eorreet poqition for each cylinder.

Fig. 15. Piston -stroke recorder (GM 4 300), larger model with
operation at a distance, for large Diesel installations. The ro-
tating condenser can be coupled with the crank -shaft by means
of a sliding coupling arrangement which is here opened. It is
so made, that it can be closed when the shaft is turning and
the condenser cylinder automatically assumes the correct
position with respect to the crank angles.

In order to simplify this manipulation a special
piston -stroke recorder has been developed in which
the counter electrode can be operated at a distance
with the help of a small servo motor. Fig. 15 is a
photograph of this recorder, while fig. 16 shows the
construction of the indicator which is used in
combination with it for large Diesel installations.
The counter electrode is driven by the servo motor
via a kind of Maltese cross which makes the electrode
stop for a moment at intervals of 30°, so that the
adjustment on the cylinders with different crank
positions becomes much easier. A contact disc is
attached to the counter electrode, which causes a
series of signal lamps on the indicating instrument
to light up, so that the position of the counter
electrode can continually be checked. At the
same time in this model of the piston -stroke recorder
the axis of the rotating condenser has a contact
disc by means of which the cathode ray can be
periodically suppressed in such a way that the
diagram on the fluorescent screen exhibits an inter-
ruption of the line every 20°. This provides easier
orientation in the diagram.

In connection with the satisfactory functioning
of the latter contact disc, the crank -shaft may not
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make more than 800 r.p.m. With large engines,
however, for which this model is chiefly intended,
such a high speed of revolution practically never
occurs. The simpler model shown in fig. 14 of the
piston -stroke recorder can be applied up to much
greater speeds, and therefore to high-speed engines
such as racing engines.

Fig. 16. Pressure indicator, model for large installations. In
the centre of the upper half is the screen of the cathode ray
tube. The middle of the seven sets of knobs visible below serves
for the regulation of the compensation and the amplitude for
the piston -stroke base (see the article referred to in foot-
note 1) ); the other six sets to the right and left serve for the
corresponding regulations for six pressure recorders on dif-
ferent cylinders of the engine. Above these knobs may be seen
a row of six times two signal lamps which light up when the
counter electrode of the piston -stroke recorder for the corre-
sponding cylinder is in the normal position or rotated 90'.

The needle -stroke diagram

In addition to the diagrams discussed, the
so-called needle -stroke diagram which records the
motion to the fuel injection needle is also of impor-
tance to the constructor of Diesel engines. This needle
is opened by the fuel pump operated by cams on a
shaft coupled with the crank -shaft. The position
and shape of the cams must be's° chosen that the
opening and closing of the valve needle takes place
at the correct moment; furthermore the fuel supply
line must be of the proper size so that the periodic
pressure increase in the fuel oil will be propagated
in the desired way from the pump to the needle.

In the article repeatedly referred to 1) it was
explained that the pressure recorder there described
can in a simple way be adapted to the recording

K

D

N

Fig. 17. Arrangement for the recording of a needle -stroke
diagram. N fuel needle, C variable condenser of the pressure
recorder D used as vibration recorder, K connecting piece
for the cable.

of mechanical vibrations. The arrangement amounts
to the setting up opposite the object to be investi-
gated of a fixed, electrically insulated counter
electrode, whose capacity with respect to earth
varies due to the vibration. These capacity varia-
tions, in the same way as in the piston -stroke
recorder and the normal pressure recorder, are
converted into voltage variations which can be
used for the deflection of the fluorescent spot of a
cathode ray tube.

For recording the needle -stroke diagram a plate
is now fastened above the needle, and above that
the counter electrode of the vibration recorder is
placed, see fig. 17. As horizontal deviation for the

Fig. 18. Needle -stroke diagram (1) and diagram of the pressure
in the fuel supply line (2) recorded on the shifted piston -stroke
base. By comparison with the corresponding shifted pressure -
volume diagram (3) the phase of the pressure increase in the
fuel supply line and of the opening of the needle can be accu-
rately checked.
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needle -stroke  diagram the "shifted piston -stroke
basis" is generally used, which was described above.
If the shifted pressure -volume diagram itself is
recorded simultaneously, it is easy to find out
-whether the injection takes place at the correct
phase of the piston movement. The use of the
shifted piston -stroke basis is here called for, since
the injection takes place just in the neighbourhood
of the dead point of the piston, where the normal
piston -stroke basis most strongly compresses the
diagram.

In fig. 18 such a needle -stroke diagram is shown,
together with the corresponding shifted pressure -

volume diagram. The. phase of the moment of
injection can be accurately determined to within
several crank degrees. In this figure, on the same
basis, a diagram is also given which was recorded
of the pressure variation in the fuel supply line at
the pump. This liquid pressure can be measured
with the ordinary pressure recorder used for gas
pressures *or with specially developed pressure re-
corders (with larger or smaller measuring range).
In fig. 18 therefore use is made of all three possi-
bilities of application of the' indicator GM 3 154,
namely for the recording of gas pressures, liquid
pressures and mechanical vibrations.
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TEMPERATURE MEASUREMENTS WITH THE OPTICAL PYROMETER IN THE
HARDENING DEPARTMENT 

by J. RIEMENS.

A pyrometric method is described of measuring the temperature of a liquid bath between
850 and 1 450 °C with an accuracy of ±2°. This arrangement is used in the factory for the
measurement of the temperatiire of salt baths in the hardening department.

The hardening of steel is for the purpose of giving
the metal that structure which possesses the desired
properties. In earlier years when this treatment was
carried out one could for the most -part rely tippn

.
the experience of the foreman of the department.
Modern metallurgy, however, has fundamentally
altered the situation. New kinds of steel for special
purposes have been developed, and these steels
require, a very precisely determined heat treatment
in order to attain the desired properties. This is
especially true of high speed tool steel which is
much used for tools for metal working. In order
to harden these tools they are introduced into a
bath of fused salts and then cooled in a special
way.

The temperature of the salt bath is of the greatest
'importance. In ordei to obtain reproducible resultg
this temperature may not deviate more than about
5 degrees from the value at which the optimum
result is obtained. ,This value " generally lies be:
tween 850 and1 450 °C.

Temperature measurements in the region men-
tioned can be carried out with sufficient accuracy
not only with the help of thermoelements but also
with the help of an optical pyrometer. For use in
this temperature range only those ordinary thermo-
elements can be used which consist of platinum and
platinum rhodium. In the practical use of these
elements it has been found that the thermoelectric
force gradually depreciates upon repeated heating
above 1300.°C, so that one is compelled to calibrate
the element repeatedly and to replace it by a new ele-
ment when the thermo electric force has diminished
too much. This objection led to the adaptation of
the optical method of measuring.'

Optical pyrometry is based upon the fact that the
brightness of a hot surface, for instance that of the
salt bath, increases rapidly with the temperature.
The brightness of the salt surface at a given tem-
perature, however, also depends upon the compo-
sition of the salt, and small impurities may play
an important part, so that the required measuring
accuracy is difficult to obtain.

Greater accuracy is obtained by immersing in
the salt a body whose brightness is accurately

536.52

known as a function of the temperature. An ab-
solutely black body satisfies the requirement best.
The black body can be realized by immersing in the
bath a tube closed at the lower end. The part im-
mersed must have a length at least four times the
diameter of the tube. The radiation which emerges
vertically out of the opening of the tube is then
exactly the same as that of a black body of the
temperature of the salt bath, within several tenths
ota per cent. The temperature of the salt bath can
therefore be determined directly by measuring the
brightness of the opening of the tube.

0

--HY-- -4-- -0 -

Fig. 1. Arrangement for the measurement
of the temperature of a salt bath: Z salt
bath, B tube (black body), P prism, L
lens, F pyrometer filament, 0 ocular
lenses S disc, G glass plates. The length
of the tube B andthe distance between
B and the prism P are relatively much
greater than shown in the figure.

In fig. 1 the arrangement is given. The bottom
of the tube is focussed by means of the prism P
and the lens L on a plane in which a glowing wire,
the pyrometer filament, is situated. With the help
of the ocular lenses 0 the pyrometer filament and
the image of the bottom of the tube are examined
together. If the current through the pyrometer
filament is so regulated that the filament exhibits
the same brightness as the tube bottom (and thus
becomes invisible), the deviation of the ammeter
which indicated the pyrometer current immediately
furnishes a measure of the required temperature.

In order to obtain a correct result it is found
that extreme care must be taken that salt vapours,
do not interfere with the pyrometry. By closing
the tube this is sufficiently well ensured. Never-
theless in the long run the danger remains that small
amounts of salt will be deposited on the optical
parts of the pyrometer and thus change the cali-
bration. In order to prevent this a metal disc S
is introduced between the tube and the prism, and
is only opened just before the measurement. For
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all security the prism is also protected by ,two
removable glass windows G which can be wiped
clean from time to time. The prism therefore need
never be cleaned, and cannot therefore be brought
out of adjustment.

After some practice in the setting of the optical
pyrometer an accuracy of measurement of about
2 °C is attained at a temperature, of from 1 300 to
1 450 °C. An instrument of very good quality must,
however, be used for measuring the pyrometer
current. If an tungsten wire of 75 microns diameter
is used' as pyrometer filament, for example, it is
found that the current must be able to be measured
with a reproducibility of 2 tenth; per cent.

Since the setting up of a precision instrument
which satisfies such heavy requirements meets with
difficulty in the rough surroundings of the hardening
department, a kind of compensation connection

Fig. 2. Compensation connections for an accurate determina-
tion of the pyrometer current. R1, R2, Ro bridge resistances,
F pyrometer filament.

is used for, the measurement of the pyrometer
current. The filament of the pyrometer is connected
in one of the branches of a resistance bridge (see

fig. 2). The resistance of the filament changes ap-
proximately proportionally with its temperature.
The resistances of the other branches of the bridge
are left unaltered; they are so chosen that at a tem-
perature of 850 °C the bridge is balanced, while
at a temperature of 1 450 °C the full deviation of
the meter V is obtained.

These connections have the advantage that the
temperature range of practical importance occupies.
the' whole 'scale, of the `meter, while with a direci
measurement .of the' pyrometer current only about
half of the scale of the ammeter can be used for
this temperat'ure range. The 'result is that the same
accuracy of ±2 °C can be reached with a reprodu-
cibility which 'is 2.5 times as poor. ' With a good
switchboard instrument one can measure accurately
to within 5°, which is enough for practical pur-
poses.

The constancy of the optical pyrometer is ex-
tremely' great. Thanks to the relatively low filament
temperature of 1 540 °C at the' highest, the rate of
evaporation of the tungsten' wire is still very low,
so that the properties of the wire during use remain
practically unchanged. A semi-annual check of the
instrument therefore gives sufficient guarantee that
the permissible tolerance in the measuring result
is not being exceeded.
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ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS OF THE
N.V. PHILIPS GLOEILAMPENFABRIEKEN

1506: A. A. Kruithof: Townsend's ionization
coefficients for neon, argon, krypton and
xenon (Physica 7, 519-540, June 1940).

Townsend's ionization coefficient was determined
for krypton and xenon as a function of E/po.
Together with results already published for neon
and argon (see 1106 and 1206), the measurements
show that for E/po<40 V/cm X mm the ionization
is strongest in neon. It is much less strong in argon
and krypton and weakest in zenon. For high values
of Elpo the order is exactly reversed. Beginning
with the fact that the average length of path as a
function of the electron energy varies in about the
same way for krypton and xenon as for argon,' the
ionization and probability of excitation could be
approximately calculated for krypton and xenon
from those of argon, with the help of the results
'of the measurements.

Furthermore the number of electrons was deter-
mined as a function of Elpo which on an average,
'per pogitive ion formed in the gas, are freed from
a copper cathode. The curves found make it pos-
sible to diVide the freed electrons into two .groups.
One group contains the eleCtrons liberated from
the cathode by the collision of positive ions, the
other group contains the photoelectrons freed by
the very short-wave ultra violet radiation of the
gas.. For high values of Elpo the first group is the
largest, for low values the second.

1507: J. D. Fast: The action of gases on solid
metals (Chem. Wbl. 37, 342-350, June 1940).
(Original in the Dutch language)

In the corrosion of solid metals by gases a solid
solution of the gas in the metal can be formed,
whereby the gas atoms diffuse toward the interior
of the metal, and a solid reaction product may be
formed on the surface whereby the metal atoms
diffuse through the layer formed in the direction -
of the gas phase: These phenomena are discussed
in detail and illustrated with numerous examples,
some' from the literature and some from the
author's own experiments. Part of the material

*) An adequate number of reprints for the purpose of dis-
tribution is not available of those publications marked with
an asterisk. Reprints of other publications may be obtained
on application to the Natuurkundig Laboratorium, N.V.
Philips' Gloeilampenfabrieken, Eindhoven (Holland),
Kastanjelaan.

ty

discussed in this article will be found in the August
number of this periodical (5, 217, 1940: Metals as
getters).

1508*: F. A.?. Kroger: Luminescence.in solids con-
taining Manganese (Dissertation, Amster-
dam, July 1940).

In order to gain insight into the part played by
,

manganese as an activator in phosphors, silicate
and sulphide phosphors were investigated. In both,
the manganese is present in solid solution in the
crystal lattice, and is equivalent to the metal ions
of the substance which serves as basic material.
The light which excites the phosphors corresponds
to their absorption spectrum and consists of discrete
bands hi the ultra violet and visible spectrum
(characteristic of manganese), of a broad sharply
defined band in the ultra violet resulting from
the fundamental absorption of the built-in manga-
nese compound, and in the third place of a broad
band, at the long wave end bounded by the above -
Mentioned and at the short wave end with no
observable boundary. This latter band is the fun-
damental absorption band of the basic material.
Irradiation with light in the two last mentioned
parts of the spectrum leads to fluorescence and
phosphorescence accompanied by photoconduc-
tivity. Irradiation in the first part gives only
fluorescence. The luminescence is characteristic of
the built-in manganese ions and is ascribed to elec-
tron transitions within the manganese ion (tran-
sitions between the fundamental terms of the d5
configuration of the half-filled d shell).

The zone theory, which takes account of the pos-
sible energy levels in solid substances, is extended
to include solid solutions, so that a usable model
for the phosphors is obtained. With this it is' shown
that according to the characteristics of the emission
a classification of the phosphors into two groups
is possible. In the first group the emission, process
takes places within the excited centre, the emission
is only secondarily dependent upon the environ-
ment. In the second group ' this environment,
the basic material into which the activator is built,
plays a part and the emission spectrum is strictly
determined thereby. Manganese phosphors, accord-
ing to the investigations referred to above, belong
to the first group. ,
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DEALING WITH TECHNICAL PROBLEMS

RELATING TO THE PRODUCTS, PROCESSES AND INVESTIGATIONS OF
N.Y. PHILIPS' GLOEILAMPENFABRIEKEN

EDITED BY THE RESEARCH LABORATORY OF N.V. PHILIPS' GLOEILAMPENFABRIEKEN, EINDHOVEN; HOLLAND

AERODROME ILLUMINATION BY MEANS OF WATER-COOLED
MERCURY LAMPS 

by Th. J. J. A. MANDERS. 628.971.8 : 656.71 : 621.327.3

For the illumination of the landing areaof.an aerodrome alight source set up at the edge
of the area is used which emits a flat, fan -shaped beam of light. Rough calculation shows
that the beam must have a vertical spread of the order of 1° or less, while the luminous
intensity must amount to more than 1 million candle power. For the realization of such
a beam, watet-cooled high-pressure mercury lamps are particularly suitable. A. description
is given of the mercury lamp SP 2 000 W, which for the purpose in view is provided with
a cooling system with a closed water circulation.

For safety in making night landings on an
aerodronie, in addition 'to an adequate beaconing
of points around the aerodrome 1), the first requi-
rement is an efficient illumination of the land-
ing area itself. From the nature of the case this
area must, however, be quite free of obtacles such
as masts and the like. The illumination, which nat-
urally involves the setting up of apparatus at a
Certain height above the ground, can therefore only
be installed along the edge of the landing field.
The requirements which result from this condition
for the construction of the light sources to be used
will be briefly discussed in this article. It will be
found that the high-pressure mercury lamp, par-
ticularly that with water cooling, is especially
suitable for this purpose. Such a lamp provided
with a closed cooling system will be described in
detail.

Requirements for the illumination of the landing field

It is in general desirable that such a length of the
landing area should be illuminated that the aero-
plane upon landing and running out comes to a
stop upon the lighted part of the field, and that such
a width of the field should be illuminated that the
pilot has plenty of .leeway, in choosing the spot
where he shall land, and that there shall be no dis-
turbing contrast to the right or left of his field of -
vision. According to the internationally established

) See G. L. van Heel, The illumination and beaconing
of aerodromes, Philips techn. Rev. 4, 93, 1939.

rules (C.I.E. 1935 and 1939) on the basis of these
considerations minimum dimensions of 600 x 300 m
are recommended for the part to be illuminated.

,

Since the pilot must not bc blinded= by the source
of light, the illumination is arranged to be from only
one side of the field, namely in such a way that the
direction of the light rays is almost coincident with
the direction in which the aeroplane moves in
landing. Furthermore, in. order not to, form an
obstacle 'and also for practical reasons, the light
source may not be too high. An arrangement is thus
arrived at like .that sketched in .fig. .?." The light

h - - - -
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Fig. 1. Diagram of the arrangement of a landing light. rp vertical
angle of spread of the team. The height h is here very much
exaggerated for the sake of clearness. Drawn to scale, h
be about 1/4 mm in this figure.

source here throws a flat, fan -shaped beam on the
field 2). ,a ,

-

In the above -mentioned international rules it is
required that the lowest illumination intensity oc-
curring, i.e. that at the farthest extremity' of the

,

part to be illuminated, must amount to 1.5. lux

2) The oblique illumination of the field causes long shadows
to be cast by irregularities of the surface. In order -to limit
this undesired effect the light source will be set up in every
case as high as is compatible with the objections men-
tioned.
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(measured in a vertical 3) plane). It is still better
to count on a minimum of 2.5 lux. On the
other hand it is recommended that the highest
illumination intensity occurring, which is found at
the side of the field near the light source, should
be limited to 25 lux, in order not to spoil the adap-
tation of the pilot's eyes. In order to satisfy
this requirement the light source is mounted at a
sufficient distance (x in fig. 1) from the edge of the
area to be illuminated.' -

If for the sake of simplicity we assume that the
light beam is sharply bounded above and below
and that the luminous intensity is constant over
the whole vertical spread, we can easily calculate
the required light intensity I and the angles of
spread of the beam. When 1 is the length of the area
to be illuminated (1 = 600 m) the distance x follows
from the condition that

.1 I =
x2 (/ x)2

25 : 2,5,

x = 0,46 / 280 m.

The light intensity thus becomes

I = 25.2802 million candle power.

Between the height h of the light source above the
ground and the vertical angle of spread 9) the fol-
lOwing relation is found:

-h h

cp
0,0025 h. ,

 x x
ti

At a height of h = 3.5 m, go 1/2°. If the usual con-
dition is made that the pilot must also be able to
land at angles of up to 45° to the right or left of the,
direction of the beam, it follows (see fig. 2) that the
horizontal spread of the beam must be at least
80°.

Actually Of course it is impossible to create a
-

beam of light with the sharp boundaries here as-
sumed. The light intensity will decrease more or less
gradually toward the edges. We have also entirely
neglected atmospheric absorption in the above con-
siderations. Nevertheless, it is sufficiently clear what

3) In connection with the oblique illumination the measure-
ment on a vertical plane is called for. These measure-
ments, however, usually also provide a good measure for
the effect obtained (the brightness observed by the pilot),
since the landing areas are usually covered with grass, so
that the illuminated "plane" actually consists of number-
less, almost vertical reflecting planes. The greatest bright-
ness is actually observed in the direction of the illumina-
tion. The level of brightness then corresponds approxi-
mately to that on well -lighted roads with an illumination
intensity of 3 to 10 lux.

unusual
source,-

, Vol. 6, No. 2

requireinents are here. Made of the light
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Fig.' 2. Ground plan of the landing area upon which the il-
luminated part is indicated. Approaching in any arbitrary
direction within an angle of 90° the pilot must have an il-
luminated area 300 x 600 m.

The most suitable method of obtaining the fan -
shaped beam described is to place a lamp along the
horizontally placed axis of a cylindrical parabolic
mirror, see fig. 3. In the direction of the axis the

Fig. 3. Cylindrical parabolic mirror at whose axis the light -
emitting body is situated:

luminous body may be fairly long. In order to keep
the vertical spread of. the beam small, however,
the transverse dimensions of the radiating body
must be small with respect to the dimensions of
the mirror. If huge mirror constructions are not
desired the lamps must be constructed with a very
narrow luminous surface, while in order to obtain
the necessary light intensity, the brightness of the
radiating surface must be very high. It is possible
to satisfy these requirements with suitably construct- -
ed electric filament lamps; fig. 4 shows the filament
systems which must be used. A more elegant so-
lution of the problem, however, lies in the use of
high-pressure.mercury lamps which naturally
have a linear form and a great brightness. The
spectral composition of mercury light is also es-
pecially suitable for illuminating a green griass field
with which most aerodromes are covered 4) (either
completely or surrounding the starting runways).

4) See in this connection the article referred to in footnote 1).
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1 I 00000 i
Fig. 4. In order to obtain the desired beam formation the
light -emitting body must be made very narrow, while it may of
course be long. The photograph shows the constructions used
when the necessary light flux is to be obtained by means of a
filament.

Air-cooled and water-cooled mercury lamps

In the article referred to 1) a description has
already been given of a high-pressure mercury
lamp (HP 1000 W), which was developed for use
in aerodrome illumination. With the help of a
cylindrical parabolic reflector a maximum light
intensity of 25 000 candle power was obtained,
with an angle of spread of the beam of about 2°
(by the angle of spread of the beam is meant the
angle at which the light intensity has fallen to one
half the value occurring in the direction of the axis).
In order to obtain the desired illumination of the
landing area, therefore, several of these lamps must
be used.

High-pressure mercury lamps have a greater
brillance, the higher the power consumed per cm
length of the discharge column 5). Not only does
the light flux increase with this power, but in ad-
dition the efficiency also rises, while the diameter
of the light -emitting discharge decreases. Since the
power which the high-pressure mercury lamp can
consume is mainly limited by the heating of the
tube wall, considerable improvement in brightness
is obtained by applying a forced cooling of the tube
wall. While in the case of the lamps type HP 1000 W

Table I

Data of the water-cooled mercury lamp SP 2 000 W

Power consumed
Light flux
Efficiency
Length of discharge
Greatest brightness (at axis)
Average life
Beam obtained (with reflector):

vertical spread
maximum light intensity

2 000 W
ab. 120 000 lm

ab. 60 lm/W
50 mm

ab. 30 000 cp/cma
150 hrs

ab. 1,1°
ab. 1,3.106 cp.

mentioned, where the cooling had to take place by
means of the surrounding air, a maximum brightness
(at the axis of the discharge) of 1400 c.p./cm2 occurs,

5) See for example Philips techn. Rev. 2, 165, 1937 and the
articles there referred to.

when water cooling is employed values 20 to 30
times higher are easily obtained, and in laboratory
tests values even 100 times as high 6). In table I
the various data are given for the water-cooled
mercurylamp SP 2000 W, which, like the HP 1000 W,
is especially intended for aerodrome illumina-
tion. It may be seen that even with one or two lamps
the whole landing area can be illuminated. In fig.5
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Fig. 5. Light distribution curve of the lamp SP 2 000 W in a
cylindrical parabolic mirror; a) in a vertical plane perpendicu-
lar to the focal, line, b) in the horizontal plane through the
focal line. The light intensity at the axis of the beam is 1.3 mil-
lion candle power, the angle of spread in the vertical plane is
about 1°, and in the horizontal plane about 90°.

the vertical and horizontal light distribution curves
of the lamp with reflector are reproduced, while
fig. 6 shows the distribution of the illumination
intensity over the illuminated area.

Besides the economic advantages which result
from the greater brightness (possibility of a better
beam formation) and the higher efficiency, the
water-cooled lamp has another important technical
advantage over the lamp which is not artificially
cooled. When a mercury lamp is switched on it
must first become warm before it produces the full
light flux. When the lamp is switched off, re -ig-
nition is only possible after sufficient cooling of the
lamp (decrease of the mercury pressure). While the
lamp with natural cooling requires several minutes
both for warming up as well as for cooling, the
water-cooled lamp after being switched off is almost
immediately ready for action again, and upon
switching on, thanks to the high power consumed, it
heats up to final temperature within a few seconds.
These advantages are very important for an inter-
mittent use such as will often be necessary on aero-
dromes.

6) In this way it has been possible to exceed the brightness of
the sun which is about 165 000 c.p./cm2 (Philips techn. Rev.
1, 62, 1936). In the article referred to in footnote 1) the
lamp described in the following, SP 2 000 W, which was
then still at an experimental stage, was announced.
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Fig. 6. Diagram of the distribution of the light over the il-
luminated landing area.

Construction of the water-cooling system

The way in which the water-cooling system is
constructed is shown in fig. 7 7). The quartz tube
filled with mercury vapour is situated along the
common axis of two cylindrical glass jackets. The
water first flows through the inner cylinder and then
flows back through the ring -shaped space between
the two glass cylinders. The inlet and outlet for

C2 K R

Fig. 7. Mercury lamp with water cooling. The water flows in
at A, along the quartz tube K of the lamp inside the inner
"glass cylinder C1, then between the cylinders C1 and C2 back
again, and out at B. On the right the current lead S which is
insulated from the cooling water by means of the rubber cap R
which is pressed into place by a "Philite" cap.

the cooling water are therefore both at the same
end of the lamp, and the connection is made by
means of the connecting piece shown is fig. 7. This
forms at the same time the current lead to one
electrode, while the current lead of the other elec-
trode is insulated from the cooling water by means
of a rubber cap over the end of the quartz tube
(see figure). The connections for the current at one
end and the inlet for the water at the other are so
constructed and mounted in the reflector that when
the lamp with jackets is adjusted, the light -emitting

7) For special cases other constructions are also used besides
the one described in the following. The inlet and outlet
of the water may also be at opposite ends of the lamp.

discharge automatically coincides with the focal
line of the parabolic mirror.

An effective cooling is obtained by the double
stream of water. While the light must indeed pass
through a double layer of glass and water here, only
a small amount of the visible light is absorbed, so
that it constitutes no objection in this case. The
necessary amount of cooling water with a permis-
sible rise in temperature of the water of 70° amounts
to 6 to 8 1/min. Due to the relatively small surface
on which the transfer of heat can take place, fairly
high speeds of flow must be maintained (about
5 m/sec), for which an excess pressure of 0.3 to 0.5
atmosphere is required.

From what source shall the necessary cooling
water be taken ? It would seem obvious that it
should be taken from the local mains. For various
reasons, however, this apparently simple solution
is not satisfactory. In the first place, the position
where the light source must stand for a landing is
not usually fixed. The aeroplanes must in general
land against the wind; therefore according to the
direction of the wind the landing light must stand
at different points along the edge of the landing area.
Whether this condition is met by setting up a large
number of lights around the aerodrome, from
which a choice can be made, or by means of one
movable unit, -- in either case an elaborate network
of water pipes would have to be laid for the cooling
water. A second objection is encountered in the dif-
ficulty of protecting the pipe lines from freezing in
the winter. And last but not least, the water from
the mains is generally not pure enough, so that
a deposit is quickly formed on the quartz tube of
the mercury lamp. This deposit consists partly
of the familiar boiler scale, often, however, of carbon
and other substances which are formed by the de-
composition of organic and other impurities present
in minute quantities, probably due to the unusually
intense ultra violet radiation to which the water
flowing along the lamp is exposed. Such a deposit
not only causes a lower light transmission and there-
fore a decrease in the yield of light, but it is also
accompanied by a local overheating of the tube
wall due to the greater absorption and the poorer
transfer of heat to the water. This may result in the
attack on the inside of the the tube (etching) by
the mercury vapour, which then more quickly
shows a tendency to break at the spots attacked.

Closed cooling system

All these objections can be avoided by providing
the mercury lamp with a cooling system with a
closed water circulation. The danger of freezing
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can then be avoided by adding a suitable anti-
freeze substance to the water, while the water can
be kept free of all impurities which might be sub-
ject to decomposition. As anti -freeze, alcohol with
a trace of sodium phosphate is usually used. Be-
cause of the danger of decomposition it was found
necessary to take care that the alcohol is also free
of impurities. It was also found necessary to use a
greaseless seal for the axle of the circulation pump,
since the small amounts of grease which entered
the water with the ordinary packing were also de-
composed and again caused a deposit on the lamp.

The cooling -system constructed contains onh
about 11/4 litres of water. Considering the fact that.

L M

U

ones

P

Fig. 8. Construction of the cooling system. The centrifugal
pump P keeps the water in circulation. The electromotor M
drives both the pump and the fan V which serves for the
cooling of the radiator L. D is a pressure automaton which
switches off the current when the water circulation is defective.

for the mercury lamp SP 2 000 W, according to the
above, 6 to 8 litres of cooling water per minute are
necessary, after leaving the lamp the water has
only about 10 sec to lose the heat it has taken up and
to be cooled to the initial temperature. For this
purpose a radiator of the type used in motor cars
has been used. The radiator is cooled by means of a
fan on the same axle as the centrifugal pump which
makes the water circulate and driven by an electro-
motor of 150 W. Fig. 8 and 9 show the arrangement.

If for some reason the circulation stops, then in
order to prevent destruction of the mercury lamp
the current must immediately be cut off. In the
inlet connection of the cooling water to the lamp a
pressure automaton is introduced for this purpose; its
construction is indicated in fig. 8: the cooling water
fills an accordion -like tube which expands more or
less according to the water pressure and thereby
depresses a push button which operates a switch in
the current circuit of the lamp. If the pressure falls

Fig. 9. Photograph of the cooling system.

below a certain value, i.e. if the push button comes
up far enough, the switch reverses and interrupts
the current supply. By means of a setting screw
on the push button, the pressure can be regulated
at which the switching off will occur.

Fig. 10 shows how the cooling system and the
reflector are combined to a unit. In this arrangement
the air current sent through the radiator by the
fan also contributes to the cooling of the reflector.
The chassis is constructed as a section, i.e. if desired
different complete systems can be set one above the
other when one lamp is not sufficient. The reflector
can be rotated about its focal line by means of a

Fig. 10. Chassis with reflector and cooling system. The plate S
screens off the light from the mercury lamp K which is directed
upwards in order to prevent blinding. The fan contributes to
the cooling of the reflector. Several units like the one shown
can be piled one on top of the other.
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Fig. 11. Three units one above the other (fig. 10) are here
mounted in a rain and sand -proof house.

screw, so that the beam can easily be set at the right
angle, or when several lamps are used simultaneous-
ly the beams can be made parallel. The systems
piled one on top of the other are mounted in a rain
and sandproof house with a glass window, see
fig. 11, so that the mirrors are protected against
atmospheric influences. The necessary air for the
cooling of the radiator is let in and out through a
number of slits behind which a kind of labyrinth
is placed to prevent the passage of rain, dust, etc.

For aerodromes in the country which cannot be
connected to electric mains, or for cases where
no lines can be laid around the whole aerodrome
in order to obtain the necessary freedom in setting
up the landing light, the latter is combined with
a motor aggregate on wheels for generating the
current. Such a unit is shown in fig. 12.

Fig. 12. Combination of a landing light with a petrol engine
plus dynamo for the generation of the current. By means of a
built-in winch and the lever parallelogram visible on the
aggregate the light can be brought to any height between
2 and 4 metres. By adjusting the length of the feet of the car
the fan -shaped beam can be made parallel to the surface of
the landing area, and then by rotating the reflector about it,
focal line the beam may be directed on the field at the desired
angle.
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A RECTIFIER FOR SMALL TELEPHONE EXCHANGES

by H. A. W. KLINKHAMER. 621.314.634: 621.316.722

For the supply of telephone exchanges which function entirely without supervision a con-
nection in parallel of a rectifier and a battery is ordinarily used. The current -voltage charac-
teristic of the rectifier must in this case, as eZplaified in this article, satisfy very special
requirements in order to ensure the desired constancy of the supply voltage; and at the,
same time to keep the battery in good condition. A description is given of arectifier devel-
oped by Philips, whose characteristic possesses the desired general form. The calculation
of the characterisitic shows that it consists of two separate branches; one for normal and
one for heavy loading. As appears from a closer examination, this results in a particularly
satisfactory behaviour of the rectifier when in use. Moreover, the output voltage of the
rectifier is practically independent of mains voltage variations. '

For the supply of telephone exchanges a D.C.
voltage is in general 'required which must be able
to be kept constant within very narrow limits.
At too low a voltage the selecting elements, which
make the connections, work too slowly, so that a
wrong number may be obtained. At too high a
voltage, spark formation, which is very detrimental
to the life of the installation, increases very much,
and this is intensified still more by the more rapid
working of the selectors. In the case of the instal-
lations of the "Netherlands' Post, Telephone and
Telegraph the condition is made that the supply
voltage of the large exchanges must remain between
60 and 62 volts, independent of variations in the
load.

Usually a combination of an accumulator battery
and a converter or rectifier is used for the supply.
,The converter or rectifier, whose output voltage
must remain within the limits given, even upon
temporary voltage 'variations -Of the A.C. 'mains,
serves for ordinary purposes, while the Battery
which is less economical in use, serves as a reserve
when the mains voltage is interrupted by a defect
(emergency use). Moreover, the battery serves to
combat "cross talk". The microphones of all tele-
phone subscribers are connected in parallel with
the voltage source and are therefore coupled via
the internal resistance of the latter. Current
variations in one microphone therefore cause
similar variations in all the other microphones
unless the coupling resistance is made extremely

- small. This is accomplished by the permanent
connection of the battery with its very low internal
resistance, see fig: 1. When the battery has had to
deliver current once, it must be recharged as quickly
as possible iii order always to have as large a re-
serve as possible. Furthermore, in ()icier to keep

, it in good condition, the battery must be charged
several times a month to a slightly higher voltage
than the nominal (for example to 66 volts instead
of 62 volts).

In the large exchanges the checking of -the
voltage and the maintenance of the battery can be
,entrusted to the, opeiating personnel., the case
of small exchanges with 'only several hundred sub-
scribers, however, one to, do without: such per-
sonnel; maintaining the constancy of the voltage,
in this case ;within somewhat wider limits, namely
57 to 63 volts, and the care of the battery must here
therefore take place automatically. ,W1 shall in

,the folloWing clOscrihe- a rectifier' with:s-plenium
valves (type No. 3 028), which has been devOloped by
Philips for these unattended exchange's; and which
is adapted to a high_ degree to the 1pecial r#piire-
ments Of, this purpose.; : Z.., 4'

D. ii
T

Is

T

J7J06

Fig. 1. Connection in parallel of rectifier and battery. The
loading current Is is distributed over selecting elements, mi-
crophones, etc. in the telephone network in connection, and
the exchange T. .

The general nature of the characteristic of the .
rectifier -

It is easily understandable that an ordinary
rectifier, i.e. a collection of valves, connected to
the mains via an ordinary 'transformer, would be
useless for the purpose in view. In the first place the
D.C. voltage of 60 volts obtained, 'for instance,
might already vary about 12 volts, due to the fact
that the mains voltage may rise or fall as much as
ten per cent above or below the nominal value.
In addition there is still the voltage variation due
to changes in the loaciing. The current -voltage
characteristic of an ordinary 60 volt rectifier with
blocking -layer valves exhibits a fall in voltage
due to the voltage loss in the valves, which with
full load may amount to 15 to 20 volts. If these
variations are compared with the above -mentioned
margin of 6 volts, namely from 63 to 57 volts,

e_'
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it is cle'ar that different methods must be applied
in the construction. .

The permissible voltage limits for ordinary use
actually become still narrower due to the following.
The battery voltage is equal to the rectifier voltage,
and with voltage variations which are not too
rapid, the state of charge of the battery follows
this voltage. It may now occur that the mains
voltage falls back just at the moment when the
battery voltage had adjusted itself at the lowest
value for ordinary use. If one is to be sure that
the battery in an emergency can then maintain
the voltage above '57 volts for a given number
of hours, the lowest voltage value for normal use
may not lie below, say 60 volts, see fig. 2. The
voltage margin for the rectifier, i.e. the permissible
fall in voltage in the ordinarily employed section
of its characteristic (BC in fig. 3) is thereby limited
to a maximum of 3 volts.

63 V

60

57
E

1
' 8h

I. I

. t
Normal use I Emergency I

37309

Fig. 2. In normal use the supply voltage may vary between
the limits indicated of 63 and 60 volts, for instance. In emer-
gency use,.when only the battery funciions, it may fall to
57 volts in 8 hours.

In addition to this statement about the part of
the characteristic in normal use, it is also possible
to gay something about the ends of the characteris-
tic, i.e. about the behaviour with 'small and large
currents. With large currents a rapid fall is desired
in order to prevent overloading of the blocking -layer
valves. At very small currents a' steep rise of the
characteristic is useful (fig. 3). This means that upon
very slight consumption the battery will be loaded
not only to the normal maximum voltage of 63
volts, but to' a still higher voltage, for instance to
66 volts. Since periods of very low consumption
regularly occur at week -ends, the above -mentioned
reqUirement of the periodic higher charging of the
battery is automatically. met. In this way one
indeed comes into conflict with the requirement
that the telephone automaton connected to the
battery may not work at a voltage above 63 volts.
Practically, however, no disadvantage is_ felt when
the characteristic in this region is steep enough.
A feY.,, calls are then already sufficient to cause the
voltage to fall to 63 volts again. ,Upon each call

a call converter is switched in which proyides the
call signal, and which continues to function during
the entire conversation. This converter consumes

0 I 2 3 4 I (A)
.77310

Fig. 3. Desired form of the rectifier characteristic. The section
BC is used normally; CD during peak loads, AB in periods
of very low loads (week -ends).

a much higher current than is provided by the
rectifier at the high voltage of 66 volts. Therefore
under these conditions considerable charge is taken
from the battery upon every call, while as may be
seen from the discharge curve of the battery, only
a very small part of its ampere -hours need be taken
from the battery' to cause its voltage of 66 volts
to fall to 63 volts.

The characteristic actually obtained will in the
following be compared with fig. 3, which represents
roughly the desired form of rectifier characteristic..

Construction of the rectifier

The connections of the rectifier are given in
fig. 4a. Their action can best be explained by first
considering the simpler connections of fig. 4b which
have long been used by Philips 1). The iron core of
the transformer T1, which is connected to the
mains via a condenser, is highly saturated at normal
currents, the field of the iron and thus also the
secondary voltage E1 therefore 'remain practically

Fig. 4. a)

T2 a)

Connections of the rectifier. 2'2 is a normal trans-
former, T1 a transformer with a highly saturated -

iron core. V are four selenium valves in the
Gratz'connection, S a smoothing choke, r a
loading resistance.

b) Simplified connections. The output voltage E1
is here insensitive to mains voltage variations, but
not yet insensitive to load changes.

1) See this periodical 2, 276, 1937.

b)
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constant in spite of fairly large variations of the
mains voltage -U1. Howeyer, upon variation of the
secondary current, as a result, for instance, of a
change in the.loading resistance ni direct connection
or connected via rectifier valves, El is found to
change quite considerably in magnitude and es-
pecially in phase (with respect to the mains voltage).

The D.C. voltage obtained by rectification of E1
is proportional to El in the first instance, and the
voltage losses must be subtracted which occur
in the valves, in the winding of the transformer,
etc. Since E1 and these losses are all independent
of mains voltage fluctuations, this is also true of the
D.C. voltage` obtained, so that the chief condition
is satisfied. Due, however, to the variation 'of E1
with the current taken off and to the fact that the
voltage losses mentioned increase rapidly with the
current, the relation between D.C. voltage and
direct current produced is by no means found to
possess the desired form. The slope of this charac-
teristic in the ordinary loading region is much
steeper than that corresponding to the section BC
of fig. 3..

In the, complete connections of fig. 4a the second-
ary voltage E2 of a small transformer T2 working
at normal iron induction is in series with E1. While
the vector E1 changes in phase and magnitude when
the 'current taken off varies, the vector E2 thereby
remains constant in phase and magnitude. By
giving the transformers suitable dimensions, pro-
vision may be made that the sum of the two, vec-

.-tors remains nearly constant in the normal region
of currents, or even that it increases with increasing
'current. In this way the characteristic can be 'given

 the desired slope. This will beCome clearer from the
calculations to be given presently 2).

As concerns the behaviour of the rectifier at
' higher currents than normal, the calculations show
that 'the characteristic here ' deviates considerably
from the form given in fig. 3. The shape obtained,
however, is found to provide an' even more satis-
factory functioning of the rectifier than could be
expected from the shape of fig. 3.

The calculations are given below.

Calculation of the characteristic
The. calculation may be carried Out with the help of the

2)  Since E2 varies at the same time as the mains voltage
varies, it might be thought that the action of the highly
saturated transformer T1 would to some degree be rendered
fruitless. Actually, however, due to the addition' of E2
it is found that the dependence of the output voltage on
mains voltageq variations can even be still further decreased;
see also fig. 10. All this holds only for the normal mains
frequency. Upon variations in the frequency the output
voltage also varies, relatively about 1.6 times as much as
the freqency. -'

equivalent Circuit diagram given in fig. 5a. The transformer
T1 is here represented by the admittance -ju, the valve square
with the load connected is replaced by an ohmic resistance
with the admittance g. The admittance of the condenser C
is assumed to be jv. The transformer T2 is replaced by the
constant A.C. voltage U,,.

Fig. 5. a) Equivalent -circuit diagram for the rectifier con-
nections of fig. 4a. -

b) Vector diagrams of the equivalent circuit. At a
given value of the admittance U., (to be considered
as a parameter) the point P can be found as the
point of intersection of the two circles indicated

. by broken lines.

At a given value of the admittance g a certain A.C. voltage
will act over it and a certain alternating current will flow
through it. The relation occurring upon variation of g betweerk.
these alternating voltages and currents, the "A.C. character-
istic", which (except for the .voltage losses) gives a picture
of the required rectifier characteristic, is constructed by means
of the vector diagram. This is of course not permissible,
strictly speaking, since the elements of the network are not all
independent of the voltage, and the currents and voltages are
therefore 'not sinusoidal: the self-induction u varies when the
A.C. voltage acting on it changes, according to the magneti-
zation curve of the transformer, core. Nevertheless it is found
that no large error is made when the vector diagram valid
for sinusoidal voltagei is used 3). '

The vector diagram is given in fig. '5b. The potential of
point A in fig. 5a is set equal to zero, the complex potential ;
of point P is indicated by the same letter P. The potentials U1
and U2 are opposite because of the direction of winding of the
transformer T2. The voltage P -U2 acts on g, the current through
g is g(P-U2). The behaviour of these two quantities updn'ya-
riation Of g can be` derived most simply by using u as a parani-
eter. For every value of g a certain value of uxill be effective,
and fora given valde of u the point Pin the diagram may be
found as the intersection of two circles: firstly the circle around
the origin with -the radius IPI, which according to the mag-
netization curve (measured with alternating cterrent) corre-
sponds to the given value' of u; P-0 is the A.C. voltage on the
self-induction. Secondly 'the semi -circle constructed through the
points which represent the potential U2_ and a potential
P, = U1  v(v-u). For the potential P from the condition that
the sum of the 'currents at this node is equal to zero, the fol-

.lowing equation is obtained:

g (P -U2) = juP jv(Ui-P),

or g (P-U2) = (u-v) j (P-U, (1)

' Since g and (u-v) are real quantities, the voltage vector

3) The errors can only be large at small output currents
(<0.7 amp) where the voltage on u and thus the iron
induction is the highest. In the following considerations
however, it is primarily just with the region of higher cur-
rents with which we' are concerned.
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P -U2 according, to this equation is always perpendicular to
the voltage vector P-U1  v(v-u), i.e. P lies on the semi -circle
mentioned. When P has been constructed in this way for a
value of u, a point on the required A.C. characteristic is also
found, since the distance P-U2 gives the voltage on g and the
distance P-U1 v/(v-u) multiplied by u-v according to
equation (1) indicates the current through g.

If the construction is carried out for a large number of values
of u, then, with the magnetization curve valid in our case,
the point P describes the line given in fig. 6. From this, by
measuring point by point the distances indicated, the A.C.
characteristic is found, see fig. 7.

I Ittl I It
0 20 40 60 .80V.

37336

Fig. 6. Line described by the point P found according to fig. 5b,
when different values are successively chosen for u. At each
point P (and corresponding PO the length of the two lines
P-P, and P-U2 gives two Corresponding values of output
alternating current (numbers along the curve) and A.C.
voltage and thus a point on the "A.C. characteristic". The small
circles give several points determined by measurements which
are found to coincide well with the calculated curve.

It is instructive to make a comparison between the com-
plete connections of fig. 4a and the simplified connections of
fig. 4b. The vector diagram for the latter would correspond in
nature with that in fig. 5b, except that `U2 would have to be set
equal to zero, and the second circle which furnishes point P
would thereby change slightly for each value of u. The curve

4A
 37337

Fig., 7. A.C. characteristic:drawn with the help, of fig.

the distance from P to U2 occurring as output voltage in the
actual connections exhibits an increase with increasing
current 4).

After subtraction of the various voltage losses the D.C.
characteristic of the rectifier is found from the curve of fig. 7.
Considering the fairly rough approximation, this curve is
found to agree quite satisfactorily with the measured charac-
teristic which is reproduced in fig. 8.

V

70

60

50

0
4A'I

37,30

Fig. 8. Measured characteristic of the rectifier. The operating
points on the loop which join the branches BC and DFG
are not stable, so that a transition between the two branches
can only take place by jumps, namely from V to F and from
G to B.

Behaviour of the rectifier in action

In the characteristic obtained of fig. 8 it can in
the first place be ascertained that the normally
used part ("corresponding to BC in fig. 3) meets
the requirements very well: the output D.C. voltage
at a loading with 3 amps. (the highest normally
occurring) lies only about 3 volts lower than with
1/5 of this load.

The end of the characteristic toward high cur-
rents has a very remarkable shape. A separate

' branch here occurs which shows a fall similar to
 that sketched in fig. 3 (CD). This branch is connect-
ed by a loop to 'the rest of the characteristic on
which the operating point is situated upon normal

-loading 5). Upon closer. consideraiiOn, however,
it is found that not all the operating points on this

in fig. 6 (line described 1;}r point P) would in this case remain'
plactically. uncharged; as output voltage, however, the dis-
tance from P to 0 would have to be taken (broken line), which
falls rapidly with increasing current, while on the contrary

4) The behaviour, of the output voltage can be still better
adapted to the requirements if the'point U2 is laid slightly
below the extension of the line 0- U1. In order to obtain
such a phase difference between U1 and U2, however, a
three-phase mains would be needed.

5) Qualitatively it -is immediately clear that the connections
behave quite differently in this region (low voltages on
u): the iron of T1 is here no longer saturated, the self
induction therefore becomes so great, i.e. the admittance
-jco so small, that this branch of the equivalent -circuit
fig. 5a can be entirely neglected. We then have simply a
condenser and a resistance connected in series with the
voltage U1:-- U2; in this region point P in the vector diagram
therefore moves along a semi -circle constructed through
U1 and 6.2.

_
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loop are stable. When the operating point, moving
along the line BC, reaches C where the voltage is
60 volts, it then jumps from there to F on the other
branch and runs along the line FD. Moving in the
opposite direction, however, it passes from D
through F to G, corresponding to a voltage of 63
volts, and then jumps suddenly to B on the first
branch.

This remarkable form of the characteristic is
particularly favourable for the maintenance of the
battery. Every time such a long continued high
loading occurs that the battery voltage falls below
the limit of 60 volts desired for ordinary use (i.e.
every time the operating point tries to fall along
BC over C), the rectifier begins to work on the
branch DFG and continues to work on it even
after the conclusion of the peak loading. This means
that the battery, discharged to a low voltage, which
has had to supplement the rectifier current up to
the desired higher value during the peak loading,
is again charged with the full rectifier current of
3 to 3.5 amps, until its voltage has risen to 63 volts
(operating point G). Only then does the rectifier
current suddenly fall to a lower value (0.7 amp. at
point B). One may therefore be sure that after a
peak loading the whole reserve of the fully charged
battery will be available in the shortest possible
time, and on an average the battery voltage will be
much closer to the maximum of 63 volts than
could be reached with a characteristic according
to fig. 3.

The behaviour described is well illustrated by
the record given in fig. 9, on which the current is
recorded which was delivered by the Philips rec-
tifier during several hours of normal use in a small
so-called end exchange of the Netherlands Tele-
phone. 'The strong fluctuations in which the cur-

rent does not rise above about 2 amps, indicate that
the rectifier continually adapts its current delivery
to the load, and the operating point shifts back and
forth on the section between B and C of the charac-
teristic. At several load peaks, however, it may
be seen that the current rises to 3 amps; at these
points the battery voltage was 60 volts. The
current is then maintained for a moment at the
high value (the slight variation in these truncated
high peaks indicated a shift of the operating point
to the branch DFG) until the battery voltage has
again reached 63 volts. At the end of each peak the
current suddenly falls again to a low value.

Upon variations in the mains voltage the rec-
tifier voltage remains practically unchanged, as was
stated above. This is clearly shown in fig. 10, where
the characteristic measured is given for three values
of the mains voltage. It is remarkable that the out-
put voltage of the rectifier for a low mains voltage
lies even slightly higher than for a high mains
voltage.

If after a long continued defect in the mains
the battery is entirely discharged, and it is desired
to charge it up as quickly as possible, the rectifier
can furnish a higher current of for instance 4 amps
by a commutation (T2 in fig. 4a is short circuited,
C is increased).

The "week -end voltage"

In the above calculation and discussion of the
rectifier characteristic it did not appear whether or
to what degree the apparatus described satisfies
the requirement that at very small currents the
voltage must rise approximately as in the section
AB of the curve in fig. 3.

If we now consider more closely the connections
consisting of a rectifier, a smoothing choke, a bat -

0 CD CD
C") CJ

CD CD cr) 0 0 CD CD
l.` I - to 1 cn

LD CO cp
ts.)

O C
C

Fig. 9. Registrogram of the direct current delivered by the rectifier during several hours
of normal use in a small so-called end exchange of the Netherlands Telephone. At the trun-
cated peaks of about 3 amps. the rectifier was working on the steep branch of the charac-
teristic (DFG in fig. 8). .
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Fig. 10. Measured characteristic of the rectifier at a mains voltage lowered 5% (a), at
normal voltage (b), and at a mains voltage raised 5% (c).

tery and a loading resistance (fig. 11a), it is found
that such a rise in the characterigtic as mentioned
above occurs of itself. In -order to understand this
one must first consider the circuit with the battery
missing,' The reCtifiel, -gives' commutated A.C.

. .

Voltage (fig.. - 11b),' 'the choke, liOwirer-,' 'which
acts as a kind of ."flywheel", 'keeps the current
through the resistance constant except fora slight

Therefore, an alniost constant voltage acts
on the resistance which 'is equal to the average
.value of the voltage .of fig: lib. -Irthe'battery is
now connected in parallel with 'resistance and
if its voltage is -exactly equal to the average value
mentioned, the circumstances remain the same.
It. is true that in the shaded part of the curve the
'Counter EMF of the battery is higher than the
voltage given by the rectifier; one might therefore
think that the valves would be loaded in the blocking
direction and.thuS no longer transmit current. Ac-
tually, however, the choke deliversa voltage which

,:t.,supplements the momentary rectifier voltage to the"
amount of the counter EMF. In other words, the

Fig. 11.a)

b)

x
0

#Eol

J,712

a) b)

Connections of rectifier valves Vi, choke S, bat-
tery B and loading resistance R.
Commutated A.C. voltage (peak value E0), which
acts on the terminals x -x in (a). A practically
constant voltage with a magnitude of (2)n). E,
acts on the terminals y -y. If the loading current
Is is very small, the rectifier no longer delivers
current throughout the whole period of the A.C.
voltage, hut chiefly 'at the moments when the
commutated A.C. voltage exceeds the counter
EMF of the battery.

JAM

choke by its flywheel action prevents the current
interruptions which might occur. The choke can 'do
this when its self-induction and the average current
are high enough. If the latter is now made smaller
and smaller, the choke will finally .no longer _be
able to deliver the required voltage during the
whole shaded period, current interruptions occur.
This means, however, that the rectifier begins to
furnish a large proportion of the total current at
moment's when its momentary voltage is higher
than the counter EMF of the battery, i.e. the battery

- is charged and the whole adjusts itself to a higher
average D.C. voltage. In the extreme case when
the load is zero. the process of charging the battery
by the peaks of the voltage of fig. llb will proceed
until the battery voltage has become equal to the
maximum value of the commutated A.C. voltage.

This is actually what was desired, except for the
fact that the rise of the characteristic generally
begins at too large currents, since the self-inductioii -
of the choke cannot be made indefinitely large, and
therefore already at' relatively high currents' it is
no longer sufficient to suppress current interrup-
tions entirely. In order to obtain the desired steep- -
ness of the characteristic in this region in spite of -
this, a second choke with a closed iron core is con-
nected in series with the smoothing choke. At
normal currents the iron is saturated, the self-in-
duction is therefore small and the choke may be
considered not to be present. At small currents,
however, where one still works on the steeply rising
branch of the magnetization curve of the iron, the
self-induction is very high; so that here the choke
still prevents current interruptions down to very
small loads. This effect can be seen in fig. 12. 

If the load remains zero or very small for very
long (quiet period of the Week -end) the operating

.
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point then slowly climbs up the steep left-hand
extremity and the battery, as desired, is charged
to a voltage higher than 63 volts. The heights of

E (v)
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Fig. 12. Beginning of the characteristic of the rectifier with
chokes. By means of a small basis load (about 0.12 amp.)
such a piece is cut off the left-hand end of the characteristic
that the desired maximum voltage ("week -end voltage")
occurs.

II III
(15

this maximum voltage will depend upon the cir-
cumstances, i.e. upon the number and distribution
of the calls. In order to ensure that the batteries
in all the exchanges are charged to the same excess
voltage on Monday morning, a variable resistance
(so-called basis load) is connected to the rectifier
in parallel with the battery. By taking off in this
way a larger or smaller no-load current from the
rectifier, a larger or smaller piece of the charac-
teristic is cut off on the left-hand side (fig. 12). Due
to the fact that the characteristic rises so steeply
here, the "week -end voltage", which without any
loading would rise to 75 volts, can be reduced to
the desired voltage of for instance 66 volts with a
basis load of only a few watts. In the photograph of
fig. 13 the screw with which the basis load and thus
the week -end voltage can be regulated may be seen
at the upper centre. In this photograph the other
components of the circuit may also be seen and are
referred to in the text below the figure.

Summarizing it may be said that the rectifier here

described, because of its independence of mains
voltage variations and because of the form of its
characteristic, guarantees satisfactory functioning
of the telephone automaton and maintenance of the
battery. Thanks to the steepness of the character-
istic at large currents, overloading of the blocking -
layer valves is made impossible. This also makes
possible the direct connection of the rectifier in
parallel with a second rectifier, for example upon
enlargement of the exchange. The fact that due to
unavoidable small differences in the characteristics
the load will generally be divided very unevenly
over the two apparatus, constitutes no objection
because of the impossibility of overloading. The
efficiency of the apparatus in normal use amounts
to about 65 per cent. The power factor is 0.57, with
current leading, however, so that the apparatus
helps to improve the power factor of the mains.

Fig. 13. Photograph of the apparatus opened. C condenser
(see fig. 4a), T1 highly saturated transformer, T2 normal
transformer, V selenium valves, S chokes, A screw for regu-
lating the "week -end voltage".
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AN APPARATUS FOR THE TRANSMUTATION OF ATOMIC NUCLEI

by F. A. HEIJN and A. BOUWERS. 539.172 : 621.319.52

For the transmutation of atomic nuclei use may be made of ions which have been acceler-
ated by a high voltage and with which the atoms to be converted are bombarded. An ap-
paratus for this purpose is described, with which an accelerating voltage of 11/4 million
volts is used, while the substance bombarded is at earth potential. The quantity of neutrons
obtainable with this apparatus is approximately the same as could be prochiced with 5
kilograms of radium. At the end of the article various scientific and medical applications
of the installation are discussed.

In recent years there has been a very rapid
development of that branch of physics which deals
With atomic nuclei. One of the most important
pieces of apparatus for research in this subject and
for practical applications which have already grown
out of the investigations is the apparatus by means
of which a very high velocity can be given to certain
particles (ions), .which are then used to bombard
other particles. Two apparatus of this type, which
were then called "neutron generators" because of
their most important application, have already been
described in this periodicals). The accelerating volt-.
ages were 300 and 600 kV respectively in those

floor
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cases. In the case of the 300 kV neutron generator
the yield of neutrons, although relatively large,
was insufficient for many (particularly medical)
purposes. The 600 kV apparatus has the disadvan-
tage that the part where the transmutations take
place was under high tension and the possibilities
of its application were therefore limited. The yield
of neutrons of the 600 kV generator was already
considerably higher than that of the 300 kV gener-
ator, but further enlargement remained desirable.

1) F. A. H eijn, The production and use of neutrons, Philips
team. 3, 331, 1938.

high -voltage
generator

(// /AN\ \Y// SN. "W. /./. /A\ \ve

Working chamber

Fig. 1. Diagram of the whole apparatus. 1 source of ions, 2 acceleration tube, 3 arrangement
for capture of the ions, 4 pumps, 5 flexible joint between the upper acceleration section,
6 shielding cap, 7 supporting columns for the cap, 8 manometer current and voltage meter
for the ion source, 9 connecting tube between the pumps 4 and the preliminary pumps
10, 11 buffers, 12 switchboard for the pumps, 13 high -voltage generator, 14 and 17 coupling
resistances, 15 shunt condensers for the supply of the ion source, 16 cooled measuring,
resistance.

.717/4



FEBRUARY 1941 TRANSMUTATION OF ATOMIC NUCLEI 47

Therefore a start was made on the construction of a
apparatus with an accelerating voltage of 1.25 mil-
lion volts in which the transmutation chamber is
earthed. In the following we shall give a description
of this apparatus which is set up in the Philips
laboratory, as well as several examples of its ap-
plication.,

Like the previous apparatus, the present one
consists, mainly of two parts: a' tube in which the
ions are produced and accelerated by a high volt-
age, and an installation for generating the necessary
high voltage. Fig. 1 is a diagram of the whole ar-
rangement. Since the available room was not high
enough for the high -voltage generator '(the generator
is about 5.80 m high, while. in order to prevent
flashover, the ceiling must lie several metres above
the top of the generator), it was placed in a pit about
1.30 m deep. The vertically placed tube is placed
at floor level; beneath this tube is a chamber 3 x 3 m
excavated to a depth of 2.50 m which can be entered
by stairs at the side. In this chamber, in which the
investigator can remain with safety while the ap-
paratus is working, the transmutations take place.
Entering and leaving the chamber is of course only
possible when the high voltage is turned off. The
switching desk for the operation of the apparatus
is entirely outside the generator room. In this way
the, person who operates the apparatus is protected
against X-rays and other radiation which may be
excit.e.d at various points, .while through several
lead glass windows he can still have a good view
of the room; moreover, he is in telephonic commu-
nication with the investigator in the transmutation
chamber.

The tube

In fig. 1 the general construction of the tube may
be seen. It contains a source of ions (1), in which the
ions used for the transmutation are produced at
a potential of 1.25 MV with respect to earth. The
ions then "fall", accelerated by the potential dif-
ference through the acceleration tube 2. In the
lower section of the tube which projects through the
floor into the laboratory belo'w, the ions are captured
by the substance which is to be transmuted (at 3).
In this chamber the pump installation (4) is also
housed, which provides the required low pressure,
in the tube.

The ion source

It is only necessary to give a brief description
of the source of the ions since it is practically the
same as that of the previously described apparatus.

Fig. 2 shows a cross section of it. Between the chro-
mium -plated copper anode cylinder A and the
aluminiuin cathode cylinder K a voltage of 50 kV
is applied. The whole is filled with the gas whose ions
are to be used for the bombardment. In the space S

H

k J7315

Fig. 2. Cross 'section of the ion source. A anode, K cathode,
S discharge chamber, k channel through which the ions reach
the acceleration tube; 0 lines for the oil cooling, H gas inlet,
I insulating glass ring which is fastened by means of welded
chrome iron flanges to A and K. -With the flange E the ion
source is fastened to the acceleration tube V.

a discharge then takes place, and the' positive gas
ions hereby formed can pass through the channel k
drilled in the ca.thode to the outside, and so into
the acceleration tube. Due to the special shape of
cathode and anode, at not too high a pressure
(0.02 mm Hg), a concentration of the discharge
occurs in the neighbourhood of k so that a large
percentage of the ions are available for acceleration.
The anode must dissipate an energy of several kW;
an oil -cooling system is therefore applied (oil
lines 0), about which we shall say more later.

The ion source, after being completely assembled;
is inserted into the top of the. acceleration tube with
a rubber ring under the flange E. It is unnecessary
to screw the flange tight, since after evacuation the
air pressure holds the components firmly together;
the rubber ring provides for a vacuum -tight seal.
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The acceleration tube

The acceleration of the ions takes place in seven
steps. The acceleration tube is subdivided into' .
seven sections (see fig. 1) to each of which is applied
1/7 of the total voltage, thus about 180 kV. In each
section are two hollow tithe-shapedelectrodes (see
A and B in fig. ,3). The ions" fly with a constant

.77.7 /6

Fig. 3. One of the seven'acce eration sections. A and B hollow
electrodes through which the ions move and between which
they are accelerated with 180 kV. C metal cylinder which sur-
rounds the acceleration chamber. D and E metal flanges for
piling, the "Philite" cylinders on top"of each other, F shielding
caps for improving the form of the electric -field, M holes in the
transverse partitions for decreasing the flow resistance.

velocity _through the one hollow electrode, are
accelerated in the space hetween the electrodes ,

with. 180 .kV, then again with constant velocity,
pass thpugh the following iubular electrode, etc.
This subdivision of the voltage is necessary in order
to avoid too high a field strength, and thus cold
electron- emission at certain spots . in the tube,
While -moreover the division of the tube into sec-.
tions makes it pnssihle everywhere .to limit the dis-
tances covered by stray ions and electrons to such
a degree that they can do no harm.

-The, sections consist of "Philite7 cylinders which
are provided with air -tight metal flanges (D and E).
The electrodes' are fastened to the flanges. .The
space betWeen the electrodes of each section is
further surrounded by a Metal cylinder (C). This,
prevents the "Philite",wall from being struck by .
electrons which are freed, from the cathode of each
acceleration section by ions -which strike them.

The complete sections are piled on top of each
other with rubber, rings between for the vacuum
seal. Here also it is unnecessary for the sections to
be screwed together, since' they are pressed together

by the air pressure with a force of 750 kg. In this
way tubes for any desired acceleration voltage can
be built -up. Since the high -voltage generator _is
built on this sectional principle it is ,possible to
begin with a small installation and to enlarge it
later on for higher and higher voltages..

The flanges of the sections, set one upon the
other, are surrounded by metal caps (F) in order
to make the field -vary more uniformly and to
prevent corona discharge. To these caps the ap-
proximately 4 m long resistances are also connected
via* which the voltages are applied to the successive
sections: The various details may be seen in the
photograph fig. 4.

The arrangement for capturing the ions

The arrangement for capturing the ions below
the tube is shown in fig. 5. After passing through
the last acceleration section the ions pass through
the tube G, the vacuum tap K and the glass inter-
mediate section H (this and the insulation ring I
in the ion source, see fig. 2, is the only glass which
occurs in the 'whole tube), and finally reach the
tube T at the 'bottom of which the actual disc
for their Capture is situated: This 'disc consists of
the suhstance which is to be transmuted. AltO-
gether, froth the channel 1k in the ion source to the
disc the ions cover a distance of about .4 ,m.Since
in doing 1:hi's they must pass through a large imini?er.
of narrow tubes, namely the hollow electvdes,
care must be taken that the beam of ions is directed
exactly along the axis of the tube. The possibility
of making this adjustment is obtained by making
the joint between the first and second acceleration
sections flexible (5 in fig. 1). By means of a simple
mechanism operated from the underground la-,
boratory by an insulating axle, the upper section
with the ion source can be given the correct position
while the tube is working. The adjustment can be
controlled visually by observing the beam of ions,
on its way through the glass section H. In spite,

. .

of the high' vacuum the beam is visible here. as a
light streak because of its very great intensity.
In order to be able to control the position and the
'cross section of the beam more accurately, a quartz
plate is introduced into section H, 'which by means
Of a ground joint can be turned into the, beam for,
a moment. At the spot where it is struck the quartz
immediately becomes white-hot, and thus indicates
the 'position of the beam.

Because of the considerable heat development
due to the ion bombardment the disc V must be
cooled by a rapid stream of water. The same is true .

of the tap K -and other parts of th earrangement for
-
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Fig. 4. View of the apparatus. In the foreground the 4 m long acceleration tube with three
"Philite" supporting pillars for the shielding cap, and below, through the opening, the la-
boratory in which the transmutations take place. In the background the high -voltage
generator whose successive stages are connected by approximately 4 m long resistances
to the corresponding sections of the acceleration tube.
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the capture of the ions which might be struck
by scattered and reflected ions and thus become too
hot (see the cooling spiral L). When the spot
on the disc which is bombarded has becOme useless

due to burning in or sputtering
the whole arrangement can be
shifted slightly, by means of a
flexible connection (I) with the
acceleration tube, so that the ions
strike a different spot. For chang-
ing the disc, when for, instance
another substance is to *be trans-
muted, the acceleration tube can
be shut off with the tap K, so
that no air enters it when the
capturing device is opened.

Fig. 6 is a photograph of the
laboratory- in which the various
details of the arrangement for
capturing the ions can be seen.

The pump installation

The ion source only works satis-
factorily at not too low pressures
(we have already mentioned a
pressure of 0.02 mm Hg), while
in the acceleration tube the pres-
sure must be as low as possible,
preferably lower than 10-4 mmHg.
The difference in pressure between
the two spaces which are connect-
ed by the chnanel k in the cathode
of the ion source (fig. 2) can be
maintained by vigorous pumping
of the acceleration tube; the neces-
sary
narrower the channel k. This channel is, however
made fairly short and wide (5 mm long, 3 mm dia-
meter) in order to enable the ions to leave the source
easily and to obtain a high intensity of the ion
beam. Therefore a very high speed of pumping
was necessary.. In addition, it is only possible to

P
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connect the pump to the earthed lower end of the
4 m long tube, and in spite of the great diameter
of the tube (30 cm) a not inappreciable loss in
speed may occur here. Even with an adequate vac -

Fie. 5. The arrangement for cap-
turing the ions. G last electrode tube
at earth potential, through which
the accelerated ions arrive, I flexible
joint, K tap, H glass intermediate
section, S ground glass joint by
which the quartz plate U can be
turned into and out of the ion beam,
V disc for capturing the ions, L
cooling spirals, P pumps, Q connec-
tion lines to the preliminary pumps.

floor level

uuin at the lower end the pres-,
sure in the upper acceleration
section would be too high. All
measures have been 'taken, to
make the flow resistance "of the
tube as low as possible; for in;
stance the horizontal partitions
between the sections are provided 
with many holes (M in fig. 3). A
pumping speed of about 100 1/s
at the bottom of the tube was
finally found to be necessary. This
very speed is obtained by four
oil -diffusion pumps in parallel,
which together can even reach a
speed of. 140 1/s (at 10-4 momHg).
A special construction made it poS-
sible to connect the four pumps
directly to the bottom of the tube
(see figs. 5 and 6) so that the loss
in speed which any vacuum line
would inevitably cause is avoided.
The pumps require a fore vac-
uum of 10-3 mm Hg, which is
obtained for each two high -vacuum
pumps by one oil -diffusion pump
of smaller dimensions. These two
preliminary pumps in turn require
a fore -vacuum (about 0.2 mm Hg)
which is provided by one rotating
pump of the ordinary construction.

pumping speed will be lower, the longer and The connections (Q in fig. 5) between high -vacuum
and fore -vacuum pumps must have a large diameter
(10 cm) in order to avoid speed losses here also.
Furthermore buffers are introduced between the
various pumps in order to ensure a more stable
functioning.

The vacuum is continually controlled from the
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switching table by means of a Philips vacuum
meter 2), while moreover a safety device provides
that defects in the pumping system are immediately
indicated by lamps on the switching table. This is

Fig. 6. The laboratory in which the transmutations take place.
The glass intermediate section in the arrangement for capturing
the ions may be seen, and beneath it the tube at whose end
the disc of the substance to be transmuted is Placed. Above may
be seen the four oil -diffusion pumps grouped around the tube.
On the table is a counting apparatus with which for example
the intensity of the neutrons radiation obtained can be deter-
mined.

very important since a lowering of the vacuum
may cause a breakdown in the tube which may
result in serious damage with the high -voltage used.

Other details

Above the tube is a broad metal shielding cap
which is supported by three "Philite" columns
(clearly visible in fig. 4), and which fulfils several
functions. In the first place it serves to prevent
the distortion of the electric field along the tube
under the influence of the ceiling, etc. By means
of the large radius of curvature of the cap (the small-
est radius of curvature occurring is 30 cm) and by
smooth finish of the surface the occurrence of
of corona discharge is prevented. Furthermore
various auxiliary apparatus are housed inside the
cap, namely bulbs with supplies of gas for the ion
source, a 50 kV rectifier for the supply of the ion
source, and parts of the cooling system of the ion
source. As to the gas used, most work is done with
ions of hydrogen or of deuterium (so-called heavy
hydrogen). The necessary gas flows from the bulb

in question via an adjustable valve into the ion
source. According as the pressure in the supply
bulb falls, the valve must be opened wider in order
to maintain the required pressure in the ion source.
Since this adjustment must be able to take place
while the apparatus is under high tension, an axle
of pertinax for turning the valve is mounted in one
of the three "Philite" columns mentioned. This axle
is driven by a motor from below which is operated
from the switch table. From here also the manom-
eter can be read which is situated in a compart-
ment in the shielding cap (see figs. 1 and 4) and
which indicates the pressure in the supply bulb.
In two other compartments of the cap are current
and voltage meters of the rectifier for the ion source.

The cooling of the anode of the ion source takes
place with oil due to the required state of insulation.
This oil is let in and out via pertinax pipes through
the second and third "Philite" columns and via
a reservoir situated in the cap. Two branches also
carry oil to the flange E of the source (see fig. 2)
and to the flexible joint in the tube (5 in fig. 1).
The oil itself, after its return to earth potential,
is cooled by a spiral with water circulation.

It is striking that, apart from the electrical
connection and the cooling pipes which are both
flexible, the acceleration tube stands entirely free
of the shielding cap. This was necessary because, as
we have seen, the upper acceleration section must
be able to be directed. In spite the small area of the
base upon which the 4 m long tube rests, it stands
sufficiently firmly because of the air pressure. A
rigid mechanical connection with the cap would
be undesirable because of the need of being able to
assemble the tube easily, and moreover upon vi-
bration of the heavy shielding cap it would be ac-
companied by the danger of cracks in the tube wall.

The high -voltage installation

The D.C. voltage of 11/4 million volts used for
the acceleration of the ions is obtained with a cas-
cade generator such as has already been described
in this periodical 3). In this case it was built up of
seven stages which may be seen in figs. 1 and 4, and
whose voltages correspond to the values which are
necessary for the seven sections of the acceleration
tube. The seven generator stages are connected to
the different sections via the resistances already
mentioned; in this way a potentiometer for 1.25 MV
is not needed to distribute the voltage uniformly
along the acceleration tube.

3) A. Kuntke, A generator for very high direct current
2) F. M. Penning, Philips techn. Rev. 2, 201, 1937. voltage, Philips techn. Rev. 2, 161, 1937.
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A separate problem is presented. by the alter-
nating current supply of the 50 kV rectifier for the
ion source at a potential of 1.25 MV with respect
to earth. The problem is here solved in the same
way as described in the article referred to 1); the
A.C. voltage is applied via two condensers (15 in
fig. '1) and two resistances (17). These condensers
for a D.C. voltage of 1.25 MV may well be con-
sidered unique. In order to be able to make them of
reasonable dimensions . an A.C. voltage of 500 c/s
was used for the supply instead of the usual 50
c/s; a capacity of 3 000 cm is thereby sufficient.

The source voltage, like the acceleration voltage
can easily be regulated at the switching table with
this system. The latter voltage is measured with a
mA-meter in series with an oil -cooled resistance (16
in fig. 1). The mA-meter is calibrated directly in kV.

In the photograph fig. 4 a paper screen may be
seen above and behind the apparatus. This becomes
charged to abOut half the voltage (600 kV). BY this
means the field strength at caps and resistances is
limited, so that there is less chance of corona dis-
charge and flashover.

Results and examples of application

The apparatus is most commonly used for the
production of neutrons 4). The capture disc for
this purpose is made of lithium and is bombarded
with deuterium ions, whereby the lithium atoms
are converted into two helium atoms and a neutron,
according to the reaction equation:

Li d 2 He n

The number of neutrons which can be produced
with this apparatus amounts to about 1011 per
second. It is customary to compare this yield with
that obtained upon bombarding beryllium with the
a -particles of radium. In that case the following '.
reaction takes place: -

Bed-a-4C+n,
and 1 mg. radium produces in this way about
20 000 neutrons per second. In order to obtain as
many neutrons as with the apparatus described,
therefore, about 5 kg radium would be needed!
This is much more than exists (purified) in the
whole world. For the sake of comparison it may be
stated that the previously described 300 and 600 kV
installations were equivalent in this respect to
about 20 and 300 g radium, respectively.

The neutrons have a similar action upon tissues

4) On. the subject of neutrons in general see the article re-
ferred to in footnote 1) and also, W. d e Groot, Nuclear
physics, Philips techn. Rev. 2, 97, 1937. -

as X-rays and can therefore, like the latter, be used
for therapeutic purposes (such as the cure of cancer)
and for all kinds of biological experiments (such 'as
the causing of mutations). Important results have
already been obtained in this field. Usually, however,
the neutrons are used for the preparation of
artificial radioactive substances. Most ele-
ments can be converted into radioactive products
by irradiation with neutron. These products are
not only of scientific interest, but have also attained
great practical importance, again particularly in
medicine. For this purpose much radioactive phos-
phorus has been prepared in recent times with the
apparatus described. The following method is
used. Around the disc for capture (which is intro-
duced for this purpose into a long narrow tube,
T in fig. 5) a vessel containing carbon disulphide
is placed, while between the disc and the wall of
the vessel a voltage of several thousand volts is
applied. The neutrons produced on the disc and
leaving the tube in all directions transmute the
sulphur atoms according to the equation:

whereby the phosphorus atoms formed are fadio-
active with a half -value time (i.e. the time in which
the radioactivity has fallen to one half) of 14 days.
Moreover these phosphorus atoms are ionized upon
formation, and are therefore drawn to the wall by
the electric field in the carbon disulphide. Here the
phosphorus is deposited in the form of phosphates
by a chemical treatment, and it can then be sent .

to the various medical and other. institutions. In
this way a number of institutions in the Nether-
lands as well as in Belgium, Denmark and Italy
are provided with radioactive phosphorus. The
samples obtained have already been succesfully
used for the treatment of leuchaemia patients. The
radioactive phosphorus behaves chemically exactly
like ordinary phosphorus, and like the latter, when
injected subcutaneously,' it goes chiefly to the
bone marrow, i.e. the seat of the disease in leu-
chaemia 5).

Due to their property of behaving chemically
exactly the same as the corresponding non -radio-
active elements, the activated substances are also
very suitable as indicators in chemical and biolo-

5) It may here he noted that the relatively short half -value
time of the artificial radioactive substances is essential
for the medical application described. Upon injection of
radium -containing substances, for example, whose activity
practically does not decrease due to the long half -value
time (1550 years in the case of radium); the patient would-
be exposed to a p er man ent irradiation which. in the end
would also destroy the healthy tissue.
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gical experiment. One then has as it were a number
of "tagged" atoms (i.e." detectable by their radio-
activity), whose adventures' among large quantities
of the" same element or  compounds of it can be
continually followed. If for exemple the end of a gut
twig of some plant is placed in a phosphate so-
lution in which there is also a trace 'of radioactive
phosphorus, several hours later the exchange of
phosphorus between the plant and the solution can
be demonstrated by the fact that the leaves on the

' twig have become radioactive! This method is also
suitable for quantitative, investigationg, as may be
seen from numerous publications 6).

In addition to all these application in which the
transmutations brought about with the apparatus
are only a means to an end, the apparatus also makes
possible fruitful investigations of the transmutation
itself. Lithium may be bombarded with ordinary
hydrogen (instead of heaVy hydrogen) and. X-rays
of great hardness are excited. In order to obtain
these rays in the ordinary way with an X-ray
tube, one would need an X-ray tube for 17 million
volts (which does not exist of course), while for
the hardest y -rays of radium= 2.5 million would
"already" be sufficient. Such hard rays have _very
remarkable, properties; for example they are not

6) See for example: A. II. W. Alen, Isotopes and the for-
mation of milk and eggs, Diss. Utrecht 1939.

53 -

absorbed in matter like ordinary X-rays and
y -rays by giving off energy to electrons and atoms,
but by so-called materialization,' in which each
quantum of the radiation passes over into a positive
and a negative electron.

One very remarkable transmutation which was
investigated with the apparatus 7) is the fision of
uranium and thorium. These elements fall apart
upon bombardment with neutrons and enormous
quantities of energy are liberated (corresponding
to the energy which an electron would have after 
passing through a potential difference of 100 million
volts). The fragments which are hereby formed
could be separated and examined after the bom-
bardment, thanks to the high concentration in -

which they were formed with this apparatus:
they were found to consist of the rare gases xenon .

and krypton, among other products, and -these in
a radioactive form.. By further fision ceasium, ru-
bidium and barium are formed from them. -

It is true that the amounts of the transmuted
substances' obtained are 'still extremely.:small from
the chemical point of view and only in exceptional
cases could they be detected with a balance. Never-
theless it may be stated that at least an principle
the dream of the alchemists has come true. -

'7) A. H. W. Aten, C. J. Bakker and F. A. Heijn, Na-
ture London, 143, 516 and 679, 1939.
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A DIRECT CURRENT SUPPLY  APPARATUS WITH STABILIZED VOLTAGE

by H. J. LINDENHOVIUS and H. RINIA. 621.396.682 : 621.316.722

By means of amplifier valves it is possible to stabilize very effectively the output voltage
of a plate voltage apparatus, so that it is scarcely affected by variations of the mains

ti voltage or of the current taken off. A direct current supply apparatus with stabilized volt-
age (GM 4 560) developed by Philips is described. The output voltage of this apparatus 
is variable between 150 and 300 volts; the current taken off may amount to 100 mA. With
the mains voltage fluctuations occurring the output voltage varies less than 0.004 per cent
of the value chosen. The internal resistance under most conditions is less than 1 ohm, and

t: ?
runder all conditions less than 4 ohms.

For many purposes in factories and laboratories
a source of direct current is required with a constant

. terminals voltage which is independent of the acur-
rent taken from the source. An example of a curren
source which is capable of satisfying these req e-

ments is formed by the accumulator battery )v ich
is indeed used with success in many ca as a
source, of constant voltage. In recent tim s how-
ever, a more and more serious attempt may be
observed to replace the accumulator batteries by

uch lighteie..._ma:teLojt2a2pLoa!)atus which
requires much less maintenance. This is true par-
ticularly' when the source of current must have a
voltage of several hundred volts and at the same
time need give only a relatively small current. If
it is desired to realize such a current source by
means of an accumulator battery, a large number of
cells must be connected in series, so that even with
fairly small cells a large and heavy combination
is obtained, while, moreover, such a battery has
a relatively large internal resistance and therefore
only approximately satisfies the requirement that

-.the voltage shall be independent of the current
taken off.

If instead of the accumulator battery the famil-
.

iar&Tate-voltage apparatis used, "consisting goof
transformer, rectifier and a filter for smoothing
the ripple of the rectified A.C. voltage, the purpose
in view is likewise not achieved. Not only does this
apparatus possess a considerable internal resistance
so tht the output voltage is quite appreciably de-
pendent on the current taken off, but also the output
voltage fluctuates in the same relation as the voltage
of the mains with which the apparatus is connected.
Mains voltage fluctuations of 5 per cent are not in
the least unusual so that there can be no question
of a constant output voltage.

This objection can be met by connecting one or
more neon stabilizer tubes, between the output
terminals of the plate -voltage apparatus. The output
voltage, is then indeed much less closely dependent
upon the, mains voltage; the internal resistance,

whic,h4 i this case is practically equal to the differen-
tyresistance of the stabilizer tubes, still, however,

mounts to from 50 to several hundred ohms.
In this article we shall discuss several auto-

matically working regula ory arrangements which
make it possible to keep the output voltage of a
plate -voltage appratus constant witliin very nar-
row limits. It will be found that with relatively
simple means it is possible to, eliminate entirely
both the voltage variations due to* the changei in
the current taken off and those caused by fluctua-
tions in the mains voltage. A direct 'current supply,
apparatus with stabilized voltage which has been
constructed will be described, which, apart from
the perfect constancy of the voltage, also has the
advantage over the accumulator battery that its

 voltage can be varied continuously.

The regulation principle

- In principle a constant voltage can be obtained
.

by including in series with an ordinary supply
apparatus, for example, a mon-regulated plate -
voltage apparatus, a resistance which automatically
becomes larger when the output voltage has the
tendency to increase 'due to an increase in the mains
voltage or to a decrease in the current. With the ',,
opposite tendency the resistance must become
smaller. This can be obtained by using as resistance
a triode whose control -grid voltage is Made de-
pendent in a suitable manner on the difference
between the output voltage Vu, and a constant
comparison voltage Vb. This comparison -7voltage,
may for example be obtained with the help of a'dry
battery. If the connections are so arranged that the
source need not furnish any current for the com-
parison ,voltage, it is not difficult to keep this
voltage constant.

A simple example of such a regulatory connection
is indicated in fig. 1. An ordinary plate -voltage
apparatus is connected to the left-hand terminals:
the voltage is taken from the right-hand terminals.
The grid of the triode is  connected to the positive
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pole of a dry battery, whose - negative pole is con-
nected to the negative output terminal.

. The output voltage Vv, will adjust itself at a
slightly higher value than that of the battery, and

vb T

0
37.782 -

Fig. 1. Circuit diagram showing the principle of the stabiliza-
tion of a voltage. If the input voltage Vi rises while the current
given off is kept constant, the output voltage Vu rises only
slightly since the increase of the negative grid voltage occurring
as a result need only be small to compensate the influence
of the plate voltage increase which results from the input
voltage increase. If the current given off i increases while the
input voltage is left unchanged, the output voltage falls only
slightly, since the decrease of the negative grid voltage oc-
curring as a result need only be small to increase the current i
by the desired amount. ' and

in such a way that the grid of the triode possesses
exactly the negative voltage with respect to the

. cathode which is necessary to transmit the current i
to be furnished externally. If we now increase the
input voltage Vi and thu4 the plate voltage of the
triode, while we leave the current given off nn -
alter e d, then the voltage Va will also increase
slightly, and to such a degree that the increase of

. the negative grid voltage which occurs as a result
just compensates the effect of the plate -voltage
increase on the triode current. Since a slight change
in grid voltage is able to nullify the effect of a large
'change in plate voltage, the variation in output
voltage caused is only a fractiOn of the variation of
the input voltage. In the following we shall call the
following ratio:

Z1Va\

\. = 0

the attenuation factor a.
If we inerease the current given off while leaving

the input voltage unchanged, the output volt-
age will fall somewhat; as a result the grid voltage
of the triode becomes somewhat,less negative, as
much as is necessary.to increase the triode current
by the desired amount..

The ratio

A Vu.)

dL dVi = 0

is, called the internal resistance Ri of the regulatory
connections, as usual.

We now wish to determine a and Ri quantitative-
ly and we begin with the familiar relation

S
Z1 S Vg + -Z1 Va ,

which gives the relation between variations in the
grid voltage Vg, the plate voltage Va and the plate
current i, and in which S is the slope and IL the am-
plification factor. For our case i is also the current '
given off and the following is true:

Vg = = A Vi Yu, and therefore

d = -S (1 1Z1
Va Z1Vi . (la)

IA -

From this it is easily derived that:

a = Vu) 1
Vi Ai = 0 µ+l
Va)

di )
=

11v, =o S 0.-+ 1 )

(1)

By approxiniation therefore a = 1/11,and Ri .=" 11S:
From (la) follows also the attenuation. which

occurs for the case wheii the apparatus- is lodded
with a constant external resistance...IL. Then in-
stead of di = 0 we have Ai -"-= A Vali u. The result
is:

Z1 Vu 1

dVi
1.1+1+

RuS

We must also discover what value is assumed by the
internal resistance in the case when the supply
apparatus itself which produces the voltage Vi
possesses an internal resistance of Rv; then AVi is
not equal to zero, but d -Rvdi and we find
that:

Rtotal = + + 11Iv
s]-

(4)

If we compare (4) with (3) we see that the internal
resistance is increased by an amount /Mil ±1).
This is clear since' an input voltage change of.RvAi
according to (2) leads to an output voltage charige
ofR,Z1i/(4 1)..

In order to obtain an idea of the usual order of
magnitude we may fill in in the- above formulae:

= 20, S = 10 mA/V and Rv = 500 ohms. For-
mula (3) then gives for a the value 0.048, and for-
niula (4) for the total internal resistance 95 ± 24
119 ohms.

Several possibilities of improvement

Continuous adjustment of the voltage'

As we have seen above the output voltage adjusts

OF
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itself at a 'value slightly higher than that of the
battery. The output voltage may thus be altered
by changing the voltage of the battery. This can be
done by putting more or less cells into connection.
The voltage change can then naturally only occur
in steps. For a continuous regulation we could in-
troduce a potentiometer across one or more cells;
this means, however, a load on the battery which
in the course of time will result in 'an appreciable

. fall in voltage.

Fig. 2: By not connecting the control grid via the battery to
the negative output terminal, but to the tap of a potentiom-
etei Ri, .q2, the output voltage is made continuously variable. -

In fig. 2 connections are given in which it is pos-
sible, without loading the battery, to regulate
the voltage continuously. The negative pole of the
hattery is not 'connected with the negative output

,.4 -,.terminal but to a tap : on a variable potentiom-
,:i
etet which is introduced between the output
terminals of the apparatus. -It will be clear that
everything which has been derived in the foregoing
for the output voltage Vu, now holds foi the voltage
Vo over the resistance R1 of the potentiometer.
Between V, and Vo there, is the following relation:

= (1..+R) Vo
R

. From this it follows in the just place that the output
voltage is linearly dependent . on the variable
resistance Furthermore it is easy to see that a as
Well will be approximately proportional to
V/Vo. Only the part .-

Ri
Z1

 Ri ± R2 Vu
.

of an output voltage variation A Vu acts on the grid
of the triode. In order to influence the grid in 'the
same way as in the connection of fig. 1, therefore,
an output voltage variation which is Vu/ Vo times
as large is required. The fluctuations of Vu occurring
upon a given change of the input voltage or of the.
currant taken off are therefore found in the'first -

instance to increase by a factor .Vu/ Vo. From this
we see, arid this is also true for the following' con-
nection,- that it is important not' to choose the

voltage Vo and thus the battery Voltage lower than -

is necessary in connection with 'the lowest' output .

voltage. which one desires to be able to obtain.

Improvement' of the regulation with the help of a second
amplifier valve

Although the connections described already lead
in certain cases to satisfactory results, for very
many applications it is desirable to be able to satisfy '
still higher requirements. Very considerable im-
provement can be attained by amplifying the fluc-
tuations of the grid voltage of the regulatory valve
with a second valve.'

37384 7.
. . . ,

.
.
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Ili. 3. Stabilizer connections with increased sensitivity. The
voltage variations on the control' of the regulatory valve B
are amplified with thehelp of a second valve A.

In fig. 3 the connections are given. When the
output voltage rises by an amount A V the grid
voltage of value A becomes higher (less negative).
by. the same amount; the plate current through R
thereby rises, and if the amplification is n, the grid
voltage of B will become more negative an
amount nA Vu. From this it follows that we can
immediately apply our previous results to this case -
if we only multiply the slope and the amplification
factor by 'a factor n. By analogy with (2) and (4)

' one thus finds directly:

= -
n ± 1. nil

+ R S' " 1 .Rv- 7-- (6)Riotal = S nS

The constancy of the output voltage upon flue-
tuationsof the Mains voltage as well as upon fluc-
tuations', of the current taken off is therefore im-
proved approximately by a factor it.

Application of a neon stabilization tube

There` are still several  objections to the con-
nections of fig. 3 which will be made clear in the
following. The voltage over the resistance R serves"
as negative grid voltage of B and varies from about 1'
to 15 volts, according as the current given 'off by
the apparatus is large_ or small: The plate current
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of A therefore also, changes in the ratio 1 : 15, Which
is accompanied_by the fact that (as a result of the
curvature of the is- Va characteristic) the slope of
A, and therefore the amplification n, is very closely
dependent upon the current giveri off by the ap-
paratus.

This objection can be met by including a neon
stabilization tube in the connection, as indicated
in fig. 4. This tube is supplied through a resistance

37385

Fig. 4. By not connecting the resistance R of fig. 3 directly,
but via a neon stabilizer tube, to the positive output ter-
minal of the connections the fall in voltage along this resistance
can be increased, and in this way a greater and more constant
amplification of valve A can be obtained.

from the voltage :source Vi. The resistance ,R is
therefore connected to the positive electrode of
the neon tube which has a working voltage of about
100 volts. .As we have seen the grid of the valve B
has a negative, voltage of about 1 to 15 volts with
respect tnthe cathode. It is therefore clear that the
voltage over the resistance E in fig. 4 is about 100
volts higher than in fig. 3; and now varies from about
101 to 115 volts. The relative change is thus m'u9h
less, the amplification n is therefore also much
less closely dependent on the current given off by
the apparatus. Moreover, the resistance R can be
chosen much larger while retaining the same plate
current and thus the -same slope :of A. The ampli-
fication will therefore not only be much more con-'stant

but also much higher 1).
Since the amplification factor 1./. of valve B also

depends only slightly upon the current given off,
the attenuation factor a, which 'according to

1) It is possible to increase the voltage drop over the resist-
ance R in another way, namely by connecting this resist-
ance directly to the positive input voltage. If the input

againvoltagerises, it is necessary for good regulation that
the grid voltage of B should become more negative. For
this purpose, however, a much larger increase indhe plate
current of A is necessary in this case than in the connections
with the neon tube. If in these latter connections ive should
keep the plate current of A constant, the grid voltage of B
would also remain unchanged upon increasing input
voltage, while in the other connections with constant plate
current of A, the grid potential of B rises as much as the
input voltage. The elimination of this rise in the grid po-
tential requires an extra increase in the plate current of A.
Further consideration shows that the change in the grid
voltage" of value A must in this case be a factor v. larger
than in the connections with the neon tithe. The regulation
is therefore also poorer by a factor p..,

equation (5) amounts to about 1/nt.t, is practically
the same for all values of the current given off.
This is true to a much smaller degree of the internal
resistance, which according to equation (6) amounts
to 1/nS R/nµ: the slope of the valve B decreases
as the plate current becomes smaller: The result
is that the internal resistance becomes larger, the
smaller the current given off.

If, in order to form an idea of the results attained,
we assume that an amplification n = '125 is ob-
tained with valve A, then with the values already
used of tz. = 20, S = 10 mA/V (for valve B) and
Rv = 500 ohms we find that:

1
a 04 0/00,

2500 -

Rtotal = 0,8 + 0,2 =

From this we see that by the use of the second
amplifier valve and the stabilization tube we have
obtained an improvement by a factor of 120.

The output voltage can be regulated continuously
with the help of a potentiometer in a similar way as
in the diagram of fig. 2. ;Here also the attenuation
factor and the internal resistance are'proportionat
to the ratio between output ,voltage and battery
voltage. Since no current is taken from the tap of
the potentiometer, the resistances R5 and ,R.6t: of
the potentiometer can be chosen as large' as de-
sired, so that this potentiometer consumes very
little extra energy., In practice, however, this is .

found to 'be unnecessary and even undesirable. If
only little current is taken from the apparatus,
the valve B must be heavily -overbiased, and' due
to this the slope of this valve is very much lowered.
It is better not to choose the resistances R5 and R6'
too large so that the valve_ B -never needs to deliver
too small a current. The slope of this valve then -
remains greater and the values a and Ri then, re-
main smaller and more constant.

Complete elimination. of voltage variations

The principle followed in the connections desc-
ribed until now permits indeed a very sharp re-
duction of the voltage variations, butt it is fun-
damentally impossible to attain a complete eli-
mination of the voltage variations in the manner
described. The amplifier valve A, and at the same
time the valve B,' are controlled by the output
voltage; in order to bring ;the regulatory organ into
action .it is therefore fundamentally necessary
that the -output voltage should undergo a certain,
although ,small change. By coupling the control
Arid of the amplifier valve not only with the output

1. .
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side but also with other points in the connections*,
however, it is possible to compensate the remaining
voltage change, and if desired even to attain an
over- coinp ens ation.

37386 -
Fig. 5. Connections in which the output voltage remains ab-
solutely constant upon a change in the input voltage.

Fig. 5 shows in what way the influence of a
variation of the input voltage on the output
voltage can be compensated. If it is desired that
the output voltage and the output current flowing
through the valve B should remain absolutely cony
stant, while the input voltage varies by an amount

Vi, the control  grid voltage of valve B must
undergo an opposite change by an amount

Vg = ZI Vi/µ. This change is is times as great as
the change in the grid voltage of valve A, so t6t
it must possess the value:

(7)

Now VgA is equal to the output voltage, assumed
to be absolutely constant, decreased by the likewise
absolutely constant battery voltage and the voltage
loss over the resistance R2. The latter varies with
the input voltage according to the rel)ation:

Vi
*

*

1° A nil,

R2
A VR2 = El Vi

± R2

In order to satisfy equation (7) the resistances must
be so chosen that

R2 1

131 + R2 nEL .

(8)

For is = 125, = 20, this gives R1/R2 = 2. 500, thus
for example R1 = 2.5 megohms, R2 = 1 000 ohms.

Considering the fact that it is possible in this
way to eliminate the voltage variations entirely,
it' might be: asked why it .is necessary to make n
as large as possible. It would indeed be superfluous
to do this if equation (8) could be exactly satisfied
for all conditions of working. Since, however, even
with the employment of the neon tube according
to fig. 4, 72 as well as II still vary somewhat with the
current given off, this is impossible. Therefore for
the majority of conditions of working a certain

Vol. 6, No. 2

volthge variation remains which may be positive
or negative, and is given approximately by:

z1Vii 1 R2

+ R2

It is thus smaller, the larger the value of n.
If by satisfying equation (8) we have obtained

a complete voltage compensation, then the part of
the internal resistance which is due to (equations
.(4) and (6)) also disappears. By a slight extension
of the compensation connections, however, the
remaining part of the internal resistance can also
be exactly compensated. In fig. 6 the connections

.17387

Fig. 6. Connections in which the output voltage temains ab-
solutely constant upon a change in the current given off.

are given. Let us consider a change in current di
and again assume that the output yoltage remains
exactly constant. For the change in the control grid
voltages of the valves B and A it then follow's that

ZIVgB = -di, where S is the slope of value B; and

1 
(9)VV- =

n nS

By a correct choice of the resistances R3 and .R4 the
desired change in the control grid voltage of valve
A can be obtained. The current variation causes
over the resistance R3 a voltage variation R3ZIi,

and of this the fraction R2/(R2 + R4) acts upon the
control grid of the valve A. (It is heieby assumed
that R1 > R2, which is always the case). By setting
this equal to the value required according to equa-
tion (9), one obtains as condition for the dis- .

appearance of the internal resistance the relation

R2

R2 + R4 nS
- 0.o)R3

With n = 125, S = 10 mA/V, R2 = 1 000 ohms and
 R4 for instance 50 000 ohms, we obtain' R3 = 40
ohms..

Since S- changes quite rapidly with the current,
and 72 also to a certain degree, equation (10) will
only be exactly valid for a definite value of the
current. In general. there then remains a certain



FEBRUARY 1941 SUPPLY APPARATUS WITH STABILIZED VOLTAGE 59

internal resistance which is 'given by:

1 R2
1

R2 \
Rtotal = R3 + Rv (

nS R2 ± R4 . knp. R3. + R

A difficulty now arises when we wish to make
the voltage variable again. If this were done in the
way indicated in fig. 7, for voltage compensation,
the degree of compensation would depend upon
the voltage chosen. The part of the input voltage
variation AVi which.acts on the grid of A is deter-
mined by the relation of R1 to the' connection in
parallel of R5 and R6 2), and is therefore dependent

J7388

Fig. 7. Connections in which the voltage compensation accord-
.ing to fig. 5 is combined with the variability according to
fig. 4., One objection is that the fraction of the input voltage
change which acts on the grid of valve A depends upon the
value of the resistance R5 and therefore upod the output
voltage chosen.

,nn R5. The result would be that. when the compen-
sation is correct at low output voltage, there would
be over -compensation at high output voltage,
i.e. there would be a decrease of output voltage
upon an increase of input voltage. The. same dif-
ficulty occurs to the same degree in the compen-
sation of the internal resistance.

3736.9

'Fig. 8. Connections in which the compensations according to
figs. 5 and 6 are combined with' the variability according to
fig. 4. By means of a bridge connection the disadvantage of
the connections of fig. 7 is eliminated. '

It is possible, however, with the help of a bridge
connection to avoid these difficulties. In the diagram
of the complete connections fig. 8, this is shown for
voltage compensation as well as for compensation

2) Since we assume that no voltage variations occur between
output terminals, in the investigation of the behaviour
of the connections with respect to voltage variations we
may consider these terminals, as Mutually connected.

of the internal resistance. The bridge connections
from this figure are given separately in fig. 9 for the
sake of clearness.

The resistances R1, R2, R6 and R7 form a Wheat-
stone bridge in which .R5 is the diagonal. It is

Vi

R3 d 1
J7390

Fig. 9. Diagram of the bridge connections of fig. 8.

immediately clear that the fraction of A vi which
acts on the grid of valve A is independent of the
resistance R5 if the following condition is satisfied:

R1 R2 = R7 : R6.

If, in addition, in agreement with equation (8), ii re
make this ratio equal to nti.-1; the condition, for
compensation is satisfied at the sain'e time. We have
thus succeeded in> obtaining the correct voltage
compensation for all values of the voltage chosen
independent of the magnitude of the resistance R5.

The same holds for the compensation of the in-
ternal resistance.' Here the bridge is formed by the
resistance .R4, R2, R6 and R8, with  R5 again as
diagonal. If again

R :R =R :R4 2 8 6

and moreover if, according to equation (10), this
ratio is equal to 7/SR3-1,` then the compensation of
the internal resistance is also correct for all values
of the voltage chosen.

The internal resistance for alternating currents

It often occur that the .apparatus, besides
direct current, will have to deliver.alternating cur-
rent as well, for instance when it 'is used as source
of supply for an alternating current amplifier. In
that case it may be of great importance (for example .

in order to avoid undesired couplings in amplifiers)
that the A.C. voltages thereby occurring at the out-
put terminals should be small; in other words the
"internal impedance" for alternating current should
be loW.

How does this "internal inipedance" occur?
We have seen that theinternal resistance depends
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upon the amplification n of valve A. With increasing
frequency this will now decrease due to the capacity
C0 which inevitably acts over the resistance R.
The result will be that the internal resistance in -
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of the direct current supply apparatus

creases with higher frequencies. It is as if, in series
with the internal resistance for direct current Ri,
there were an "internal self-induction" Li. A simple
calculation shows that

17,4, RcoLi =- 
V, nS

The order of magnitude of Li is several micro -
henries.

In order to prevent the internal impedance
of the apparatus from becoming too high at high
frequencies, electrolytic condensers are placed
across the output terminals. Then for the case
where the internal resistance for direct current is
reduced to zero in the way described, the internal
impedance consists of a loss -free self-induction in
parallel with the electrolytic condensers. If we plot
the internal impedance against the frequency,
we obtain a resonance curve which, however, is
found to be very much damped because of the series
resistance of the condensers. By the choice of the
capacity and the series resistance we are still able
to influence the shape of the resonance curve (the
frequency characteristic) to a large extent.

Construction of the apparatus

In the apparatus as constructed (type GM 4 560)
the output voltage may be varied continuously
between 150 and 300 volts. As comparison voltage

Fig. 11. The direct current supply apparatus compared with an accumulator battery of
the same voltage and corresponding output.
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a dry battery of 120 volts is used. The maximum
 current is 100 mA.
A mains 'voltage variation of 5 per cent causes an

 output voltage variation of less than 0.004 per
cent of the value chosen. The change in the out-
put voltage under the influence of the load is
shown in fig. 10a for two different output voltages.
The slope of this characteristic gives the internal
resistance. For currents greater than 30 mA this

'is found to be a maximum of 0.5 ohm at an adjust-
ment on 150 volts, and 1 ohm maximum at an ad-
justment on 300 volts. For currents smaller than
30 mA the internal resistance may amount to four
times these values.

In fig. 10b it is shown for. two different values
of the output voltage how the internal impedance
of the apparatus depends upon the frequency.
It may be seen that it is smaller than 1.6 ohms for.

all frequencies. The fact that at 100licis the im-
pedance still amounts to more than 1 ohm may be
ascribed to 'the series resistance of the electrolytiC
condensers. At still higher frequencies the imped-
ance is smaller due to the fact that in parallel with
the electrolytic condensers a paper condenser is intro-
duced whose series resistance is many times smaller.

The dimensions of the whole apparatus, which
is composed of mate volt. age apparatu9and the
agili atory organ')described, are 20 x 43 x 31 cm.
The weight is abou 19 kg. In this weight is, included
that of the battery (2.5 kg) which will hardly ever
need to be renewed n\ the course of one year. Fig. 11
shows the exterior of \the apparatus; for the sake
of comparison an accumiklator battery is also shown
which gives about - the same power at the same
voltage. Weight and volumof the battery are about
three times as great. .
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THE CONTROL OF CONTACT PRESSURES

by W. WERNER

For the satisfactory functioning of switches,
contact springs, etc. it is necessary that the contact
pressure should lie betWeen certain 'limits: at too
low a pressure the transition resistance becomes
too great and the contact spots may become too
hot, at too high a pressure a too rapid wearing off
may occur upon repeated closing of the' contact...
For each case the permissible limits of the contact
pressure can best be determined experimentally.
For example, for' a certain type of mains switches .

which are used in radio receiving sets, it was found 

621.3.066.6

there is a conflict between' the elasticity of the
springs k1 and k2 (to which- the contact pressures
of c and a, respectively are proportional). If k,
is much weaker than k then, upon pulling, at, a
certain moment the contact' c will Open; if pulled

k,

. that the contact pressure must lie between 60 and Fig, 1. -Principle of the arrangement for testing contact
120 g. pressurcs; c the switch to be tested; a anddi auxiliary contacts:

 In the mass production of these switches the ,  /.
question arose, as to how it is possible to find out farther, at a certain, extension of the spring k1,

its force will be large enough to overcome the' pull
of k2 so that the. contact a is then opened. If on the.

determination of pressures of springs several contrary k2 is "mUch- weaker than then upon
methods are known. In the case in question, pulling,,contact a will first be opened' and only
however, a particularly simple solution could be afterwards contact c. If -k1 is sufficiently stiff,
found which was specially adapted to the methods contact b willeven first be closed before c is opened.
of mass production, by making use of the switching The auxiliary contacts a and. b, are so adjusted

rapidly and simply whether the individual product
. satisfies the requirement given above. For the

action of the contact to be tested itself. The prin-
ciple of the method is represented in figs. 1 and 2.
In fig. lc is the switch to be tested (diagrainmatic),
a and b are two adjustable auxiliary contacts. In
the initial state a and c are closed, and b open.
When the lower contact strip of c is pulled down,

that a is opened when the contact pressure ut-',rc
is just decreased by 60 g by the pulling doWn-,and
so that b is closed when this decrease amounts to
120 g. Thus if the contact pressiire of the switch
in question lies within the desired limits, upon
pulling down, a will first open, then c and finally
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a dry battery of 120 volts is used. The maximum
 current is 100 mA.
A mains 'voltage variation of 5 per cent causes an

 output voltage variation of less than 0.004 per
cent of the value chosen. The change in the out-
put voltage under the influence of the load is
shown in fig. 10a for two different output voltages.
The slope of this characteristic gives the internal
resistance. For currents greater than 30 mA this

'is found to be a maximum of 0.5 ohm at an adjust-
ment on 150 volts, and 1 ohm maximum at an ad-
justment on 300 volts. For currents smaller than
30 mA the internal resistance may amount to four
times these values.

In fig. 10b it is shown for. two different values
of the output voltage how the internal impedance
of the apparatus depends upon the frequency.
It may be seen that it is smaller than 1.6 ohms for.

all frequencies. The fact that at 100licis the im-
pedance still amounts to more than 1 ohm may be
ascribed to 'the series resistance of the electrolytiC
condensers. At still higher frequencies the imped-
ance is smaller due to the fact that in parallel with
the electrolytic condensers a paper condenser is intro-
duced whose series resistance is many times smaller.

The dimensions of the whole apparatus, which
is composed of mate volt. age apparatu9and the
agili atory organ')described, are 20 x 43 x 31 cm.
The weight is abou 19 kg. In this weight is, included
that of the battery (2.5 kg) which will hardly ever
need to be renewed n\ the course of one year. Fig. 11
shows the exterior of \the apparatus; for the sake
of comparison an accumiklator battery is also shown
which gives about - the same power at the same
voltage. Weight and volumof the battery are about
three times as great. .
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b will be closed (order: a open, c open, b closed).
Three relays A, B and C are operated by the three
contacts a, b and c, and are connected in the manner

C3 I A21

C,r..41

B1 C51°

J72,43

Fig. 2. Connections of the apparatus. The contacts are all
shown in the initial state; current hereby flows through the
relays A and C but not through B. Upon flow of current
through a relay the corresponding switch rod (dash -dot line)
is raised. Thus for example if a is opened relay A opens, with
the result that the switches Al and A2 are opened, Ao closed.
Upon opening c relay C opens, the switches C1, C, and C4
are thus closed, and C2 and C5 opened. Upon closing b relay B
closes and the switches B1 and B2 are closed. If the switching
order is: c open, a open, b closed, C then opens, A however
remains closed (because C1 is now closed and a therefore
shunted), B closes; of the three lamps L only the one marked -
burns. With the switching order: a open, c open, b closed.
A and C open, B closes; only lamp 0 burns. With the order:
a open, b closed, c open, A opens, B closes, C remains closed
(because B, is now closed and c is shunted), and lamp
burns.

shown in fig. 2. On the basis of this figure one
ascertains that with each of the three switching
orders mentioned the final result is that one of the
three lamps -, 0 or + burns, by which means the
qualification of the contact pressure being tested
is obtained as "too weak", "good" or "too strong".
By bending the contact springs a deviation can then
immediately be improved.

Fig. 3 is a photograph of the apparatus as con-
structed. The switch to be tested is slid into the
holder M, and the upper contact strip is then placed
above the pressure finger projecting from the
apparatus. Upon pressing the holder down in the
manner described one of the three lamps L is
lighted.

Fig. 3. Photograph of the apparatus. M holder, L lamps.
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ABSTRACTS :OF RECENT SCIENTIFIC PUBLICATIONS OF THE
N.V. PHILIPS' GLOEILAMPENFABRIEKEN '

1509: J. D. Fast : The preparation of metals by
powder metallurgy and decomposition me-
tallurgy  (Ost. Chem. Z. 43, 27-33 and
48-54, Febr. and Mar. 1940). (Original in
German).

Following a consideration of the relationship
between powder metallurgy and ceramic processes
and of several forerunners of powder metallurgy, the
different successive treatments used in the prep-
aration of hard cemented carbides are dealt with
and the influence of gases on the sintering process
is discussed. Hypotheses are hereby developed
about the coming into effect of the forces of cohesion
upon cc.napFesion and ahout the part yhiCh. the
Oxide films arWays present on the graing of the metal
pOwders play in this process. FuFthermore the me-
chani&in- of the shrinkage- phenomena 'occurring
upon sintering is studied and the °phenomena of
recrystallization and coalescence occurring at the
same time. As an example of the' application'of
powder metallurgy. -pie'. preparation , of duetile
tungsten described, as well as the .preparation of
the so-called "hard cemented carbides" and several
other appliCations.

Decomposition metallurgy is of particular impor-
tance .in the preparation in a ductile form of the
metals with a high melting point in the titanium
group. A description is given of the method used:
In conclusion the preparation of pure nickel and
iron by the method of decomposition metallurgy
is - discussed.

The contents of this article have been partially
discussed in Philifis teclin. Rev. 4, 309, 1939 (The
preparation of metals in a compact form by pressing
and sintering) and 3, 345, 1938 (Zirconium and its
compounds with a high melting point).

1510: K. F. Nies s en: Calculation of the elec-
trical field strength produced at a given
point by a half -wave aerial over a flat
earth as a function of the total energy
supplied to the 'aerial I (Physica 7, 586-602,
July 1940). (Original in German).

On the basis of an example it is explained how
the vertical electric .field at a point above a flat
earth can be calculated when the field is induced
by an aerial of 'a half wave length; whose lower
extremity lies above the earth's surface. It is found
possible to express this field with the help of the
total energy supplied to the aerial, part of which
is radiated (the effective part) and the rest absorbed

by the earth (non -effective part). The problem
is first solved for the radiation of a pure dipole
which in the further treatment is laid at the middle
of the aerial. The reflection formula, which is often
used as an approximation in such problems, might'
here lead to quite incorrect results.

1511: J. L. Snoek: On the effective length of a
small Barkhausen discontinuity (Physica
7, 609-624, July 1940).

The irreversible part of the magnetization is
given by the product of magnitude and number of
the so-called Barkhausen discontinuities. 'At irery-
low' field strengths most ferromagnetic substances
follow R ayleigh's law in close approximation, .

according to which law the irreversible part of the
magnetization with a small hysteresis loop increases
with the square of the maximum field strength.
This law furnishes a cOnditiO. which-MI.1st be satis-
fied by the laws which goy eirn the "magnitude and
number of the Barkhausen discontinuities. Very
little is yet known about these laws; it Is, however,
established that with decreaing field 'strength the
Barkhausen discontinuiti4 'become ;iery small.
The path of the lines of for of such4very small
discontinuity

',-

discontinuity can be calcatated in advance, be-
ginning with several plausible assnmptions. In
this way an "effective length" of the discontinuity
is found, and on the basis of this it is possible to
choose the most favourable experimental values
for the detection of these very small discontinuities.
The calculation shows that the effective length is

niequal to the product of the reversible pereability-'-s-
and the thickness of the wire.
1512: M..J. 0. Strutt and K. S. Knol: Deteymi-

nations of the magnetic permeability froin
resistance measurements on iron wires of
varying structure at frequencies of the
order of magnitude of 108 c/s., in con-
nection with the magnitude of the elemen-
tary zones of Weiss (Physica 7, .635-654,
July 1940). (Original in German). -2

The permeability of iron wires at very high fre-
quencies can with certain assumptions be deter-
mined from the ratio between A.C. and D.C. ,"
resistance. With the apparatus developed by the
authors the A.C. resistance of several carefully
prepared wires is measured up to frequencies of
3 x 108 c/s. At room temperature the permea-
bility remains nearly constant up to these frequen-
cies. Upon a loviering of the temperature to -183°C ,

I
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which for these measurements is equivalent to an
increase of the frequency to about 109 c/s., a
decrease in the permeability takes place. The curves
obtained give an indication that the permeability
at higher frequencies possibly again assumes a
constant value. The hypothesis that this behaviour
may be ascribed to a very thin non-magnetic film
.on the surface of the iron wires is not confirmed
by experiments with electrolytically deposited
films of more than 10-4 cm thickness. A satisfactory
interpretation is, however, possible in a manner in-
dicated by R. Becker. This interpretation can be
further worked out with a simple model proposed
by G. Heller; in particular, with this model the
order of magnitude of the elementary, zones of
Weiss can be determined for the different wires.
The results 'obtained are compared with those of
other investigators. In conclusion several unex-
plained problems are discussed and indications
given for possible further experiments.

1513: C. J. Bakker: Het periodiek systeem der
elementen (The periodic system of the
elements, explanation of the plate). (Ned.
T. Natuurk. 7, 305-310, Aug. 1940). '

The plate to be explained represents the periodic
system of the elements. In each of the compart-
ments of the chart is indicated: atomic number,
atomic symbol, atomic weight according to the
international table, electron configuration of the
neutral 'atom in the usual notation, as well as the
isotope. relations graphically. Chemically analogous
elements are indicated by striking colours. Although
both by its arrangement of data and by its make-up
the plate'is already very instructive, in the explana-
tion a further critical discu'ssion of the electron con-
figuration, isotope and radioactive properties may
be found. The latter are also indicated in the chart

.746,
as ;well.

1514*: J. Y -an Niekerk and Miss M. S. C. Bliek:
De methodiek der vitamine-D ijking op 
kuikens (The methods of vitamin D stan-

`'dardization On chicks) (Landbouwk. T. 52,
349-353, May, June 1940).

*) Ari adequite number of reprints for the purpose of dis-
tribution is not available of those publications marked with

- an asterisk. Reprints of other publications may be obtained
on applications to the Natuurkundig Laboratorium, N.V.
Philips' Gloeilampenfabrieken, Eindhoven (Holland),
Kastanjelaan.

This is a communication about a demonstration
in Wageningen during the 10th Netherlands Agri-
culture Week. In the standardization on rats the
difference between animalic and vegetable vitamin
D is not manifested. This can, however, be establ-
ished in breeding chicks whereby at the same time
the information is obtained whether a product
containing vitamin D is suitable for poultry feed
and perhaps for cattle feeding also. With a simply
composed feed, during th'e first 3 to 4 weeks
of life, rickets occur which can easily be observed

. in an X-ray photograph on the heel joints of the
chicks. Addition of vitamin D in different concen-
trations to the feed shows a relation between the
extent of the rickets and the lack of vitamin D. A
preparation consisting entirely of animalic- vitamin
D gives the antirachitic effect to 'the same degree
as cod liver,oil. The relation mentioned between
the antirachitic effect and the concentration of
animalic vitamin D given is determined in a stan-
dardization curve. The .exposure technique in the
X-ray examination is simple, large groups of chicks
can be examined in a few hours.

1515: E. J. W. Verwey and J. H. de Boer: The
potential curve of the alkali halide mole-
cules (Rec.- Tray. chim. Pays Bas 59,
633-649, July -Aug. 1940).

To what degree the electrostatic picture of the
ionic bond in vapours of the alkali halides is correct
in the neighbourhood of the minimum of the poten-
tial curve is investigated for three points, namely:
1) the nuclear distances at absolute zero calculated
from atomic distances' determined with the help
of electron diffraction at 1200 °C in the vapour and
the atomic distances in the corresponding crystal
lattices, 2), the fundamental frequencies' of the
atomic vibrations, calculated from the potential
curves compared with the values from the spectra,
and 3) the binding or molecular energies at absolute
zero compared with thermal data. The expression
for the energy U = -e2/r b/rn with n =.11, gives
a correct picture. By taking into account the po-
larizations the, picture is iinproved, and the molec-,
ular energies can also be calculated accurately
within the errors of observation. For all alkali
halides = 12 is then found to be the best value.
The exponential repulsion according to Born and
Mayer is found, incapable of being used.
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TUBULAR LUMINESCENCE LAMPS FOR GENERAL ILLUMINATION

by A. A. KRUITHOF. 621.327.3 : 535: 37

In connection with a general description of the principles and properties of tubular fumines-
. cence lamps printed earlier in this periodical, such lamps are here discussed which have
been especially designed for use on the 220 volt mains. The most satisfactory dimensions of
the lamps are derived from the maximum working voltage given, the desired light flux and
an assumed limit for the,brightness. Furthermore, after a brief description of the series
apparatus the question of the colour of the lamps is carefully studied. Because of the
great variety of tints which can be obtained by mixing different luminescent substances,
it is important toknow how the opportunities presented can best be exploited. The factors
which here play a part are explained and illustrated with examples.

A light source of high efficiency can be obtained for the construction of the lamp which will be fur --
from the low-pressure mercury discharge which it- ther considered in the following. At the same time
self emits only little visible light and much ultra-
violet radiation, when the ultraviolet radiation is
converted into visible light by means of lumines-
cent substances. The tubular luminescence lamps
which have been constructed on this _principle
possess, in addition to their high efficiency, various
other good qualities as well, which have already
been discussed in this periodical 1). The colour of
the lamps exhibits practically no flicker, the light
flux and the life of the lamps is much less dependent
on mains voltage fluctuations than with the or-
dinary filament lamp. These properties give reason
to expect that luminescence lamps will be widely
used in the future.

In the article mentioned 1) only one use of the
lamp, was described, namely for shops, restaurants,

' etc. where a large number of lamps in series are
connected with a high -voltage transformer. This
in many respects very simple and practical solution
is naturally out of the question when luminescence
lamps are to be used for more general purposes'
of illumination. In, the home, for example, one or
only a few lamps will generally, be used at once,'
while moreover the use of high -voltage is impos-
sible in many cases. Recourse must be had to the
connection of each lamp with a separate series, ap-
paratus to the mains. This has certain consequences

1) P. S chouwstr a and G. Zecher, Tubular, luminescence
Lamps, Philips techn. Rev. 4, 337, 1939.

the colour ofthe luminescence lamps 'will be dis-
cussed.

The construction of the' lamp,

The general construction of luminescence lamps
has already been described in the article referred
to 1): The discharge takes -place in a long glass
tube on, the inside wall of which the luminescept.
substances are deposited in powcler form. The elec7
trodes are in the shape of small spirals covered with
a 'substance which emits electrons easily and which
are kept at such a temperature by the bombard=._
ment by ions and electrons occurring in the dis7
charge, that they are able to provide the electrons
necessary to mainlain the ,discharge. In -the
pliPation previously described the  length of the
tubular lamps was 2 m (HTD 200), in the model
for low voltage (TL 100), however, it has been
reduced to 1 m with a tube 'diameter of 3.5 cm. This
choice was made on the basis of the following
considerations.

In order to make the lamp burn steadily at a'
mains voltage of 220 volts, it is found that the
working voltage VB may not be highei than abOut
120 volts 2) -due partly to mains voltage 'fluctua-
tions. The working voltage, aside from the voltage '
drop at the electrodes, is given roughly by the prod-

,

2) See: E. C- Dorgelo. Alternating -current circuits' for
discharge lamps, Philips techn. Rev. 2, 103, 1937.

eQ-';-4-
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uct of the gradient G (voltage per cm of the dis-
charge -column) and the length 1 of the lamp. Now
the gradient is mainly determined by the diameter d
of the tube 3), and the relation between G and d
for a tube with the customary gas filling (mercury
and argon) is given in fig. 1. If for VB we assume

vAn,

1,0

os

10 20 30 40 50 mm
d

377J7

Fig. 1. Gradient G as a function of the diameter d of the dis-
charge tube for the customary gas filling of the luminescence
lamps (mercury argon).

a certain value, then from fig. 1 for each value of d
the required length 1 = VB/G of the lamp follows.

,This length is 'plotted as a function of d in fig. 2,
for different values of the parameter VB. The point 1,
d for the lamp to be constructed must in every
case. lie below the line VB = 120 'volts.

cm
150 25W

24W
V8.130 V

140

130

f20

110

100

21W

°.
1 I I I

3,0

Fig. 2. The practically straight lines give the relation derived
from fig. 1 between length 1 and diameter d of the tubular
lamps for certain values of the working voltage VB. The con-
ditions VB<120 volts and B < 0.3 c.p./cm2 with a'light flux

= 100 decalumeni limit the choice of dimensions for the
tubes to the shaded area of the surface' The broken lines con-
nect points at which for a) = 100 decalumens the same
power P .is needed. Point A gives the dimensions actually
chosen.
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37738

A further limitation occurs due to the fact that
on the one hand the lamp must give a certain min-
imum light flux - in our case this was fixed at

100 decalumens -, while on the other hand
. . '

3). To a certain degree the gradient still depends upon the
current of the discharge, this influence is, however, ne-
glected here for the sake of simplicity.

it was considered desirable to choose such a low
brightness that when'the lamps were 'used without
fittings no glare would be experienced from the
direct light. With the high level of illumination to
which  one, has become accustomed. with modern
lighting, even at the low height at which lamps are
usually hung in private homes, it was found to be
sufficient if the brightness B of the lamps was less
than ..0.3' cp/cm2. For a tubular light source =
Bldx2/10. With I = 100 and B.<0.3 it follows that
id> 340 cm2. If in fig. 2 we draw the line ld = 340,
the point 1, d to be chosen must lie to the right of
this line.

The choice of the point 1,d within the remaining
shaded area of the surface is finally fixed by the'
desire to obtain as high an efficiency as possible.
With 'a given light flux 0 = 100 decalumens a
certain light flux per metre tube length 0// corre-
sponds to every point in fig. 2, and to this in turn a
certain current i corresponds, which can be read
off from the experimentally found group of curves
in fig. 3. The variation of current and voltage of the
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Fig. 3. Relation between the current i and the light flux ob-
tained per metre length of tube (OM for different values of
the diameter d of the tubes. The curves are valid for a definite
composition of the luminescent layer (colour point I in fig. 9).

discharge tubes with time is practically indepen-
dent of the dimensions and the current, so that now
for every point in fig. 2 the watt consumption P can
be calculated from i and VB as P = 0.85 iVB
(i and VB are effective values). By connecting points
with equal value of P, the curves indicated by broken
lines in fig. 2 are obtained. From the shape of these
it f011ows that the point 1,d can best be chosen in
the extreme left-hand corner of the shaded part.
The most' economical limp which satisfies our
requirements as to VB, 0 and would thus have
a length of 110 cm and a diameter of 3.1 cm. The
length has been 'altered to 1 m, to which a diameter
of 3.5 cm corresponds. The current for this point,
indicated in fig. 2 by A is 250 mA, the wattage
consumption about 22.5 W, the light yield about
44 lm/W. -
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The series of curves of fig.. 3 holds for a given
composition: of the luminescent layer in the tube.
For other compositions of practical importance
(other colours) the shape of the curves, and thus: -
also that of the broken line curves in fig. 2, will be
slightly different; the conclusion that the highest
efficiency is obtained in the corner of the shaded
area, however, remains valid. The most favourable
dimensions for the lamp are therefore independent
of the colour chosen.

The series apparatus

The series apparatus which is necessary to make
the lamp burn steadily because of the negative
characteristic of the gas discharge, consists .in its
simplest form of a choking coil. If we assume for
this coil a reasonable consumption of about 5 W,
the power factor at the above -mentioned ,values
of the output and current in the lamp (22.5 W and

.

0.25 amp., respectively) . is given by cos (p =
(22.5 + 5)/0.25 220 = 0.5. In general therefore
an improvement of the power factor will be desired
in this case.

A point which requires special attention is the
ignition. In the application previously, described,
where a high -voltage transformer was used, the
no-load 'voltage of the transformer could easily
be made so high that the tubes ignited under any
circumstances. The mains voltage of 220 volts is,
Wowever, not immediately sufficient to cause break-
down in the gas of the tube. The ignition voltage
must therefore be lowered by heating the hot cath-
odes of the limp in advance, while in 'addition
a voltage impulse is necessary. For this purpose the 
lamp is connected as in fig. 4. After the lamp is
switched on with the main switch 1, the auxiliary
switch 2 is closed and a current of about 0.5 amp
flows through the choke L and the two hot cathodes:
These cathodes are of such dimensions that with
this current they reach a sufficiently high tempera-
ture in about 1 sec. If the auxiliary switch is now 
opened, the self-induction causes a voltage impulse
on the lamp whose magnitude depends not only

220V
°

L

..37740

 Fig. 4. Simplest connections of the luminescence lamps. B
lamp, L choke, K hot cathodes, 1 main switch, 2 auxiliary
switch for ignition.

upon the construction of the switch, etc. but also
upon the phase of the -alternating current at the
moment of interruption. If this phase is by chance '

too unfavourable, the ,closing and opening of the
auxiliary switch must be repeated.

The closing and opening of the auxiliary switch
can take place automatically by constructing it in
the form of a bimetallic switch of the type shown
in fig. 5. The bimetallic. strip B with- the switch
contact C forms one electrode of a small gas -

discharge tube. When the mains -voltage acts upon
this due to the closing of the main switch (l in fig. 4)
breakdown occurs in the tube, the bimetallic strip
is heated by the discharge and, by bending, closes
the contact C. The hot cathodes of the lamp are
now heated. At the, same time, however, the dis-
charge in the small tube is short circuited, the bime-
tallic strip cools and the contact C is' opened. If
the lamp does not ignite the process is repeated
until it does.

3774,

Fig. 5. Automatically working, auxiliary switch for the con-
nections in fig. 4. B bimetallic strip, E counter electrode, C
switch contact. Between B and E a glow discharge occurs
which heats the bimetallic strip.

The bimetallic switch may not of course break -
down when the lamp is ignited. The breakdown
voltage of the switch tube must therefore be higher
than the working voltage of the lamp and lower -

than the mains voltage. This can be realized by a
suitable. choice for the gas pressure in the small
tube. The contact C and the other components
must also be so constructed that the opening takes
place abruptly enough to cause the desired voltage
impulse.
- In fig. 6 a photograph is shown of the tubular
lamp' with a series apparatus consisting of choke
and bimetallic switch.

Another method of connecting the lamp with
the mains is with the use of a resonance connection
such a,s is represented in fig. 7. If the self-induction L
and the condenser C are in resonance at the mains
frequency, then in every period a sufficiently high
voltage acts on the lamp to cause it to ignite, es-
pecially when by means of suitable connections

'provision is made that upon switching on the hot
cathodes are also heated. After ignition of the lamp
it -acts as a shunt on C, so that the resonance is
distUrbed. An advantage of the resonance connec-

i
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Fig. 6. Luminescence lamp TL 100 with series apparatus.

tions is that the lamp ignites almost immediately
after being switched on, while, moreover, the con-
nections can be so arranged that the power factor
of the apparatus with the lamp burning is practi-
cally unity.

37742

Fig. 7. Example of a resonance connection. The circuit formed
by the choke L and the condenser C is tuned to the mains
frequency.

The colour of the luminescence lamps

General considerations

One of the most important advantages of the
luminescence lamp is the large degree of freedom
it offers in the choice of the spectral composition
of the light emitted, because of the possibility of
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Fig. 8. Spectral energy ,distribution of the luminescence of
cadmium borate (C), willemite (W) and magnesium tungstate
(M). With the thickness of layer which gives the highest
efficiency the visible mercury radiation simultaneously emit-
ted by the lamps amounts to 10,5 and 10 per cent, respectively,
of the total radiation. The mercury lines are drawn exag-
geratedly wide and of such a height that the area of the sur-
face is a measure of the relative energy contribution at the
thickness of layer mentioned. The ordinates for C, W and M
stand in the correct relation for the case where the same total
light flux is always produced. (The same holds for figs. Ila
and 12a).

mixing different luminescent powders (phosphors)
in any desired proportion. In fig. 8 the spectral
energy distribution is given of the light of three
of the most commonly used phosphors, namely
of cadmium borate (red), willemite (green) and
magnesium tungstate (blue). These colours are repre-
sented in the colour triangle of fig. 9 by the points

J7144

Fig. 9. Colour triangle. C, W, M are the colour points of the
three phosphors calculated from the curves of fig. 8. By
mixing the phosphors any colour point within the shaded
triangle can be obtained, with an efficiency between 70 lm/W
(at point W) and 35 Im/W (at C and M). On line A lie the
colour points of black bodies at different temperatures (colour
temperature). In addition the colour points are indicated of:
gas -filled electric lamp G, sunlight Z, average daylight D,
blue light of the sky H, and three kinds of luminescence
lamps, I, II, III.

C, W, M. By mixing the three substances all the
colours within the shaded triangle can be realized
with an efficiency in the most favourable case (at
point W) of about 70 lm/W, in the least favourable
case (at point C or M) of about 35 lm/W 4).

4) In the determination of the colour points for the three
phosphors the fact must be taken into account that it is not
exclusively luminescence light which is radiated by the
tubular lamp, but that there is always a certain small
proportion of mercury light. This proportion depends upon
the thickness of the luminescent layer, which at the same
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For the 'sake of compariSon in fig. 9 the line A'
is also' drawn upon which lie 'the colour- points for
glowing black bodies at different temperaturei.
Sunlight lies on this line (at point Z) with a coloui
temperature of about 5=000 °K (i.e. its 9olOur cor-
responds to that of the' radiation of a- black bOdy
at about 5 000 °K), 'and furthermore' so-called
average daylight (the light when the sky iS con);
pletely overcast), (point D) with a colour tempera-
ture of about 6 000 °K, the light of the blue Sky
H with a colour temperature of about 8 000 °K
and an ordinary gas -filled electric lamp of for
instance 220 volts, 500 W, point G, with a colour
temperature of 2 850 °K. By using filaments at
different temperatures other points on line A could
also .be. realized with the electric lamp; at points
to the right of G, however, their life would be
short and to the left of G their efficiency, which at G
itself may be about 16.5 lm/W, decreases rapidly.
This is also the case when one attempts to reach
points to,',:the right of G with a filament at normal
temperature combined with filters, for instance
in the form of a coloured, bulb; the Philips "sun-
light lamp" which is constructed on this principle
and whose colour temperature is about 4 200 °K,
has for,instance only half the efficiency of a normal
gas -filled lamp.

How can we make the best use of the great free-
dom in the choice of colour of the luminescence
lamps ?

Considering the fact that according to fig. 9 all
colour temperatures between 2 500 and 10 000 °K
can be obtained by a suitable mixing of the phos-
phors, an obvious solution would be to use the
luminescence light with its excellent efficiency to
replace or supplement daylight or electric light.

. In doing this, however, _various factors must be
taken into account.

In the first place at a given level of illumination
it is found that the colour temperature must lie
within certain limits if the effect of the illumination
is to be pleasing. Roughly, it may be said that a
low or a high colour temperature corresponds to a
low or a high level of illumination, respectively.
We have investigated this relation experimentally
somewhat more closely by introducing in a room a
variable number of electric lamps whose current
(i.e. the temperature of the filaments) could be

time determines the efficiency. In each Case a thickness
of the layer is assumed such that the highest possible ef-
ficiency is obtained; the percentages of mercury light
hereby occurring for the three phosphors are indicated in
fig. 8, and from the spectral composition of the total
radiation the three colour points are then calculated. On
the general subject of the colour triangle see for example
Philips techn. Rev. 1, 282, 1936 and 2, 39, 1937.

varied. The 4eSult is, giVen in fig.' :10, while in the .

text below the figure the experiments are desetibed:
B elow:the lowest :curve the illumination is "dim"
(at loW colour temperature) or "Cold'! (at high.
colour temperature). AbOve the highest tuive 'the
unnatural colour reproduCtion- was unpleasant.
These obviously vague 'within which' the'
illumination is considered "pleasing" 'could in Our
experiments be deteimined at least with an' ac-
curacy of 20 or 30 per cent:
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Fig. 10. For every colour temperature there exists a highest
and a lowest level of illumination at which the illumination
is considered "pleasing": at lower levels the illumination ap-
pears dim or cold, at higher levels the colour rendering is
unnatural. The left-hand part of the limiting curves, up to it
colour temperature of 2 850 °K, is recorded by allowing '
electric lamps with variable (decreased) current to burn in a
room, and varying the number of lamps. The illumination
intensity on a table 80 cm high was here measured. In the
right-hand part the lowest, level which does not give the im-
pression of coldness was determined by experiments with day-
light itself and with the daylight luminescence lamps to be
described below. The shape of the upper curve has been ex-
trapolated in this region with the help of the fact that in direct
sunlight '(colour temperature 5 000 °K) even with the highest
illumination intensities occurring (104 or 105 lux) the 'colour
rendering is never found "urmdtural". On the abscissa the
reciprocal value of the colour temperature T, is plotted, on
the ordinate the logarithm of the illumination intensity
since 1/Tc and log E are measures of the physiological esti-
mation of these quantities. In these coordinates the lower
limiting curve takes on a nearly linear form. It may be men-
tioned that the experiments were carried out in a laboratory
room. It was found, however, that in a livingroom with light-
coloured furniture and wall coverings roughly the same limits
are obtained.

2000 2250 2500 3000 4000 10000°K 00
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From fig. 10 various conclusions may be drawn.
If for interior illumination an approach to daylight
is desired by the use of luminescence lamps with high
colour temperatures, then according to the curve
at a colour temperature of 4 000 °K an illumi-
nation intensity of at least 240 lux must be used
(see the text under fig. 10 for the significance' of
these figures), at 7 000 °K at least 500 lux. Since
the level...of illumination is already determined by
other considerations the colour temperature cannot
be chosen arbitrarily high; if in a living room, for
example, one does not wish to use more than 150
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lux, then according to the figure 3 500 °K is the
upper limit for the colour temperature.

A further limitation occurs in the special case
where the new light source must be capable of being
combined with that already existing, namely
with daylight or electric light. The kinds of light to
be combined will then have to have approximately
the same colour (the same colour temperature), or
at least they must exhibit no unpleasant contrast
of colour. But in addition the colour rendering
obtained with the different light sources must also
not be too different. Similarity of colour by no
means ensures similarity of colour rendering, since
the latter is determined by the spectral composition
of the light and the same colour point in the colour
triangle can be obtained with quite different spectral
compositions. The colour rendering will be dealt
with in more detail below.

While until now we have only considered cases
in which the luminescence lamps were to be used
for imitating or in combination with radiations on
the line A in fig. 9, the question may now be put as
to whether luminescence lamps may not also be
considered which have colour points in other parts
of the shaded triangle. The question whether such
a choice of the colour point can have special
advantages we shall leave open 5).
 It is indeed found that a fairly large deviation

from line A is peimissible if the following points
are borne in mind. In the first place 'there is the
seemingly paradoxical requirement that the light
must not appear definitely coloured. Upon direct
comparison of course all kinds of light appear in
general coloured. If, however, there is no possi-
bility of comparison, daylight .and electric light
do not appear coloured but "relatively white",
and this is also true for kinds of light with colour
points not on line A as long as the deviations are
not too great. -

 'The second requirement concerns the colour ren-
dering. While the colour rendering can be judged
by comparison when luminescence is used in
combination with other light and the designation
of the colour impression obtained and the saturation
of the colour obtained must agree, when only lu-
minescence lamps are used no comparison is pos-
sible. In judging -the colour rendering therefore
in this case one must have recourse to "colour
memory" which is chiefly confined only to the
designation of colours. Care must therefore be

6) We confine ourselves here expressly, to normal interior
illumination. It is unnecessary to state that special effects,
for instance for advertising purposes, can be obtained by
deviation from line A.
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taken that, the classification of the shades of colour
of the objects in our environment in the light of
the luminescence lamps does not become unnatural,
i.e. does not deviate too much from that in day-'
light.

In the third place there is now also a limitation
of the colour temperature in connection with the
intensity of illumination used. At colour points
which do not lie on the line of black bodieswe may
not indeed speak of a colour temperature. Never-
theless as experiments by Judd 6) have shown we
can "assign" colour temperatures to such points
without ambiguity; this temperature is then that
at which a black body exhibits the smallest pos-
sible colour difference with the kind of light under
consideration. Experiments have shown that fig. 10,
at least as far as the lower limiting line is concerned,
also gives useful results for assigned colour tem-
p eratures.

Examples

We shall now illustrate the way in which the
results obtained can be put into practical use.

As first example we shall consider a lamp which
can be used specially for supplementation or taking
the place of daylight. Since the Colour temperature
of daylight varies between about 5 000 and 8 000 °K,
according as one is concerned with direct sunlight
or with the light of a more or less overcast sky,
the colour temperature of the lamp must be chosen
between about 5 500 and 7 000 °K if it is not to
exhibit a large colour difference with sunlight.
In order not to be compelled to use too high il-
lumination intensities when the lamp is used alone,
the colour temperature should not be chosen higher
than 5.500 °K. The colour point of this lamp then
lies at I in fig. 9. The spectral energy distribution
of the light which is obtained with the mixture, of
the three phosphors corresponding to this is shown
in fig. lla. In table I the composition of the light is
indicated according to the block method 7) often
used in this periodical; the whole spectrum is hereby'
divided into eight wave length regions (blocks),
whose proportions of the total light radiation are

, measured or calculated. A' comparison with the
figures for average daylight given in the same
table shows that a good agreement in the colour
rendering with the two kindS of light can also be
expected. This was tested experimentally with the
help of the colour cards of 0 stwal d' s colour atlas,'

 in three steps. First the brightness of the cards in

6) D. B. Judd, J. 0,pt. Soc. Amer. 26, 421, 1936.
7) See for example'Philips techn. Rev. 4, 66, 1939.
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Table I

Distribution of the light of different light sources over the eight blocks of the spectrum indicated

0 c, 1 0Os
C1 3

0 00
ti
V)

0 00 7
0

0
8

00
C.4

Lamp I 0.016 0.432 ' 0.638 9.3 42.9 36.8 9.43 0.363
Daylight 0.027 0.228 0.801, 10.8 40.8 36.3 10.3 0.73
Lamp II 0.010 0.409 0.224 . - 4.06 38.4 43.4 13.0 - 0.471
Electric lamp 0.005 0.060 0.249 5.47 33.4 42.6 16.7 1.57
Lamp III 0.012 0.475 . . 0.462 7.25 - 35.0 38.1 18.0 0.695

1,02

b) 1,00
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Fig. 11. a) Spectral energy distribution of the radiation of a
luminescence lamp in which the three phosphors C, W, M
are so mixed that the colour point in fig. 9 is obtained. The
broken line curve is for average daylight.

b) A coloured card upon illumination with average day-
light in general exhibits a different, brightness than upon
.equally intense illumination with the luminescence lamp I.
For 24 colour cards of the nc series of 0 stwal d's colour
atlas, of the colours given along the abscissa, the ratio q
between the two brightnesses measured is plotted. At all
points q lies so close to 1 that the differences are practically
unnoticeable.

c) A complete set' of colour cards (c -set) which was first
observed in daylight and then in the light of lamp I. Each
compartment represents one card. The colours are designated
around the circumference of the circle (numbered 0-96); from
the centre toward the outside the saturation increases (letters
d to p). The arrows indicate the colour shifts observed. Only
in the region marked "2" are such shifts clearly observable.

the two kinds of light to be compared was deter-
mined from the spectral variation of the coefficient
of reflection of the cards and from the spectral
distribution of intensity of the two kinds of light.
For a number of cards (of the nc series) the ratio
of the two brightnesses calculated is plotted in
fig. lib. It may be seen that this ratio does not
deviate very much from unity for any of the cards.
As second step the shade of colour and s a tur a-

.
tion .were investigated for a series of cards by il-
.luminating one half of each card with the lumines-
cence light and the other half with average day-
light 8). The difference in colour between the two
halves was designated by 0 (not appreciable), 1 (just
appreciable), 2 (clearly appreciable), 3 (very striking,
quite different colour).. From the ,results -given in
fig. 11c it may be seen that the differences are almost
everywhere limited to "lr; there is only a very
small region with differences of the order of "2";
while differences "3" do not occur. Most colours
are somewhat less saturated in luminescence light
than in daylight. Finally as third step, experiments .-.
we re carried out in which the colour rendering
was judged exclusively by colour memory: the
colour cards of the series mentioned were illuminat-
ed with .the lamp and an attempt was made to
name the colours observed as accurately as possible.
The differences occurring with respect to the naming
of the colours observed in daylight were found to
be slight and in satisfactory agreement with the
diagram in fig. 11c.

Summarizing it may therefore be stated that the
luminescence lastly with the colour point I, both in
respect to its colour and in respect to its colour
rendering, very closely approaches average day-
light and may be used not only .to replace but also,
to supplement the latter.

If the emphasis lies more in the supplementation
than in the substitution, then it is not actually
necessary to try to approach aver age daylight so

8) This method. has already been described by P. J. Bouma,
Colour reproduction in the use of different sources of
"white" light, Philips techn. Rev. 2, 1, 1937.
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closely. A supplementation of daylight will in prac-
tice be necessary chiefly during the last few hours
before sunset, at which time the colour temperature
of daylight, expecially with overcast sky generally
lies lower 9) than the average value (the light is
redder). The colour temperature of the lamps may
thus be chosen somewhat lower.

In the second example which we ,shall discuss it
was mainly a question of low levels of illumination.
For reading and other work an illumination in-
tensity of 150 to 250 lux is often applied. According
to fig. 10 the colour temperature must then lie
between about 2 550 and 4 100 °K. The lower limit
mentioned corresponds to a colour point in the
colour, triangle of fig. 9 which is obtained by mixing
practically only cadmium- borate and willemite
(line C -W). A glance at the spectral distribution in
fig. 8 shows that the light so obtained will contain
practically no blue or violet except what is present
in the mercury light (line 4 358 A). It may therefore
be expected that the colour rendering by a lamp with
such a low colour temperature will not be satis:
factory. It is thus better to choose for the purpose
in view a colour temperature closer. to the upper
limit, 3 500 °K, for example, where the content of
blue in the light of the magnesium tungstate im-
proves the colour rendering. Further improvement
can still be attained by deviating slightly from the
line A for black bodies and adopting colour points
with the assigned (see above) colour temperature
of 3 500 °K. These points all lie on the dotted
straight line of fig. 9, and the point to be chosen on
this line is indicated by II. Fig. 12a shows the spec-
tral energy. distribution of the light of this lamp,
while in table I the block division is given. For the
sake of comparison the spectral distribution of
intensity of the electric filament lamp is also given
here? The colour rendering of lamp II has been
investigated in the same way as described above,
and primarily by colour memory. Only in the orange
region were there are appreciable differences from
daylight. The differences lie, however, in the same
direction as those which occur upon illumination
by ordinary electric light, to which we are already
accustomed. A direct comparision of the colour
rendering of lamp // with that of the electric lamp
,produced quite considerable differences, see fig. 12b.
As was to be expected the colour rendering of lamp
II is more nearly like that of daylight. In spite
of this difference and the difference in the colour
of the light itself from that of the ordinary electric

.°) See S. S. Ornstein, J. G. Eymers, D. Vermeulen and
G. W. Po stma, Daylight measurements in Utrecht, Proc.
Kon.'Akad. Wet. Amsterdam 16, 1-79, 1936.

lamp, the effect obtained upon combination of
these two kinds of light is not found to be too un-
pleasant. As far as the difference in colour of the
light is concerned this is Because of the fact that
the line joining the points II and G is practically
parallel to line A; it is a well known phenomenon
that such a difference in colour (blue -yellow con-
trast) is experienced as much less unpleasant than
the difference in colour between two points whose
connecting line is about perpendicular to line A
(red -green contrast).
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Fig. 12. a) Spectral energy distribution for luminescence lamp
with colour point II in fig. 9. The broken line curve refers to
ordinary electric light.

b) Colour shifts of the colour cards upon illuminftion first
with electric light, then with lo..inp

Finally an example may be given in which use
was made of the possibility discussed above of
using colour points which are fairly far away from
the line for black bodies. The advantage of such a
light source may consist in a modification of the
colour rendering in the sense that the colours of
all objects appear more saturated, so that the
whole interior under this illumination makeg a
fresher and brighter impression. A similar effect
can be obtained, for instance with the ordinary
electric limp by decreasing the energy contribution
of the block 5 600-6.100 A by means'of a' filter of
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"Philiphane" glass"). By daylight a similar effect
is produced when the energy contributions of the
blocks 5 100-5 600 and 5 600-6 100 A are both
decreased. With a certain mixture of phosphors
(colour point in fig. 9) a spectral energy dis-
tribution with such a minimum in the wave length
region in question can be obtained, see fig. 13.
The lamps constructed with this mixture also ac-

_.tually produced for many colours the effect of the
increase in saturation. The condition that the lamp
itself must still appear "relatively white" is here no
longer'satisfied.The impression of being coloured is,

10) P. J. Bouma, The colour reproduction of electric lamps
and "Philiphane" glass, Philips techn. Rev. 3, 46, 1938. It
may be pointed out that in this discussion the term "sat-
uration" must not be taken in a physical but in a physio-
logical sense; a colour gives the impression of being more
saturated according as the colour point is farther away
from the colour point of the light used.

. however, still very weak, and in connection with
the special applications of this lamp it is not
serious. The colour rendering must in this case be
judged exclusively by colour memory, since the.
lamp is not intended for use in combination with
other sources of light. The designations of the col-
ours found deviate here also only little from those
by daylight.
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Fig. 13. Spectral energy distribution for the luminescence lamp
with the colour point III in fig. 9.
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VIEW OF ONE OF THE HALLS OF THE PHILIPS GLASS FACTORY

At the beginning of this year the glass factory had been in existence for 25 years.

While the manufacture of the bulbs for ordinary electric lamps and
radio valves is at present mechanical, the blowing of bulbs for the
many kinds of special lamps is still one of the branches of the industry
where the old handicraft has been retained. The glass blowers stand in
a ring around the glass furnace in which are situated the pots of molten
glass. They take out portions of glass on the long pipes and blow it
into the desired shape. The pipe with the still hot bulb is then handed
over to the boys who form a second ring around the glass blowers, and
who knock off the bulbs and place them in the racks. The picturesque
impression which is given by the whole does not detract from the
great efficiency and precision with which the work is actually done.
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A SIMPLE APPARATUS FOR COUNTING ELECTRONS

by A. BOUWERS and F. A. HEIJN.

For the measurement of electron beains or of y -rays an electron counter is usually used
which contains as its most important component' a gas -discharge tube fed with a D:C.
voltage of. about, 1, 000 volts ..which gives ,a current impulse for every .electron,entefing
(Geiger counter). After a brief explanation of the general constilnetion,' of counting tubes
and the connections in which they are used, a simple counter is 'described wftich is espe:
cially. intended for use in demonstiations, for orienting measurements and the like. In
contrast to precision counters which are manufactured by Philips for scientific purposes,
in the apparatus .described here emphasis has been laid' upon obtaining a unit which is
simple in operation and easy to transport. This has been Knaderpossible partly by the' ap- ,

plication of a cascade connection consisting of small condensers and selenium valves for
exciting the necessary D.C. voltage.

The processes which take place in the nuclei of
atoms are often manifested by some kind of radia-
tion which accompanies them. The classic example
is the spontaneous decomposition .of radium in
which not only electromagnetic 'waves (y -rays) are
emitted, but also material particles (electrons 'or
fl -rays and helium nuclei or,a-rays). The experimen-
tal investigation of such processes indeed amuunts.
chiefly to the detection and measurement of the
radiations emitted.

The methods developed for this purpose have al-
ready reached a high degree of 'perfection. For
example, with the help' of the Wils on chamber and
a magnetic field it is possible to determine the veloc-
ity of emitted electrons with great accuracy. With
ionization chambers and amplifiers extremely ac-
curate measurements have been carried out. on the
range of heavy particles (hydrogen nuclei for
example).

113:many cases, however, it is not a question of
carrying out such Preeision. measurements: Tor
demonstrations during lectures, etc. and for orientat-
ing tests an instrument will suffice with which the
pr es en c e 'of the radiation alone can be shown, and
its intensity estimated if desired, while in these
cases it is of more importance to make the apparatus
as simple as possible and preferably easy to tran.s-
poit.

In this article an instrument will be described
for the detection -- the "counting" - of electrons;
which ha's been. especially developed for the use
mentioned. For a better understanding it is de-
sirable that something should first be said about"
electron 'counters in general.

,

Principle of the electron counter

For detecting an electronic radiation use is or-
dinarily made of the Geiger counter. This is a
gas -discharge tube with a certain electrode config-
uration which can for instance be connected as
indicated in fig. 1. A D.C. voltage, slightly higher

539.16.08

than the normal breakdown voltage -is applied to
the tube: Breakdown only occurs, 'however, when
'in the gas of the tube there is a "germ" intlie forin
of a free electron. On its way to the anode this -elec-
tron will ionize a number of atoms; each of the elec-
trons freed in this Way repeats the protess and, an
avalanche of electrons ensues , which initiates', an
independent discharge.. With a sititable!shape' of
tube and a' sufficient*Orge. resistance R fig: 1,
however, the discharger% to: he unstable:
it breaks Off after a v4y, short: time, after';which
the entire phenomenon' "ean-be repeated with'a new
"germ". The, germs 333.y- now be -Provided ,by .an
electronic radiation whIM enters'the discharge tube
(counting tube) from the: outside. An electron then
manifests itself by a. sait 'currentimptilse through
the tube which :,may .he''observed. and ,"counted"
With an electTf' 62ifieier% as z indieated--in fig; .1,

'  , 
sa

37666

Fig. 1. Simple connections for the Geiger counter. G count-
ing tube, R resistance of at -least 10° ohms, E D.C. voltage
source for 1 200 volts, T electrometer or other instrument
for recording the current impulses.

A suitable electrode configuration for the counting
tube has  been found to be a. cylindrical cathode
along,whose axis a fine wire is stretched as anode.
The gas pressure is made several cm Hg, the
voltage 900 to 1 200 volts. For the rest, differ-
ent investigators have given very different (some-
times contradictory) specifications about the nature
of the gas to be chosen, the materials of the elec-
trodes, etc. This lack of agreement is a reflection
of the fact that no explanation satisfactory in every
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respect has yet been found for the mechanism of the
phenomena occurring in the counting tube, in par-
ticular for the breaking off of the discharge 1). For
this bieaking off it seems to be essential that the
current which begins. to flow after the breakdown
in the tube should not exceed a certain very low
value. The current which increases rapidly upon
breakdown causes a rapidly increasing voltage drop
along the resistance R, so that the voltage on the
tube falls. If R is larger, then already at a very small
current the voltage loss becomes several hundred
volts, with the result that the current does not
exceed the above -mentioned critical value and the
discharge is extinguished.

In the simple connections sketched in fig. 1

R must be at least of the order of magnitude of
109 ohms to obtain the desired effect. This results
in very high requirements, which are difficult to
satisfy in practice, being made of the insulation
of the electrodes. and connections; the insulation
resistance must of course be greater than R, since
it is in parallel 'with it. Another .disadvantage of
the high value of R is the following. If two electrons
enter the counting tube in quick succession; the
second electron will only cause a separate current
impulse when the counter has already ,"forgotten"
the impulse due to the first electron,% i.e. when it '
has returned to' its initial state. This takes a certain
time, and this time is largely determined' by the
speed with which the voltage on the tube rises to
the original value after the breaking off of the dis-.
charge. The RC time of the current circuit provided
a measure of this. If we take for the capacity C of
the counting tube and connections a value of 101.412F
- in practice one can scarcely reach a much lower
value -, then at .R = 109 ohms the RC time is 10-2
sec. This is  therefore approximately the limit
of the . "resolving power" of the counter, i.e. two
electrons which enter the counting tube within
a time interval of less than 10-2 sec are counted as
a single electron. The resohing power is obviously
lower, the larger the value of R.

Considerable improvement with respect to the
required magnitude of R is obtained by means of
the connections indicated in fig. 2 2). The'voltage
on .R is applied to the grid of an amplifier valve
which in the normal state passes no anode current
due to a sufficiently strong negative grid bias. With
a very small voltage on R,' caused by the ignition

2)

A survey of a number, of important publications on this
subject is given by J. H. Gisolf: Elektronentellers, .Ned.
T. Natuurk. 4, 129, 1937.
H. V. Neher and W. W. Harper, Phys. Rev. 49, 940,
1936.

of the counting tube, a large anode current begins to
flow, which- causes such a voltage drop along the
anode resistance Ro that the tube is extinguished.
In order to bring about the extinction in the same
way as in the connection of fig. 1 (i.e. at the same
value of the current through the tube) the resistance
R need now be only about 107 ohms, with Ro 106

ohms. Then a normal insulation of the electrodes and
connections suffices, while the' resolving power of
the counter has become one hundred times as great.

Fig. 2. Connections according to Neher and Harper. The
voltage on R is amplified by an amplifier valve B. The resist-
ance R here needs only to be 10' ohms, the anode resistance
Ro much less 'Still. The D.C. voltage source E, provides the
necessary -grid bias.

We must stop a moment at the last point: Be-
sides the counting tube and the connections belong-
ing ,t9 it, the apparatus also contains an indicating
instrument, for which as the simplest 'possibility
We have assumed an electrometer in the above.
Instead of this an instrument is usually used which
automatically records the number of current im-
pulses received, namely the. familiar call counter
of telephone technique. It is clear that the resulting
power of the electrometer or call counter is always
fairly limited, due to their mechanical inertia. In
general it is 'much less than 100 per second. And
since it is true here also that the slowest ship deter-
mines the speed of the whole fleet, it would be use-
less to increase the resolving power of the counter
connections as much as possible without at the same
time arranging the indication on the same basis.
This can be done with, the help of an automatic
counting circuit ("scale of two" 3)) which transmits
only every second current impulse of the counting
tube to the call counter or to a second, third, ...
counting circuit which works in the same way. By
carrying out the counting in four stages, for
instance, only every 16th electron is recorded in the
call counter, so that it can handle 16 times as many
electrons per second as its niechanical inertia would
permit.

3) The first arrangement designed for this purpose was an-
nounced by C. E. Wynn -Williams, Proc. Roy. Soc.
A 136, 312, 19.3.2.
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Electron counters with such counting circuits,
which are indispensable for precise investigations,
are also manufactured by Philips. Of the apparatus
here described, however, an especially high resolv-
ing power was not required. The connections of
fig. 2 were therefore used which make all the
special precautions as to insulation superfluous
(keeping the air dry, etc.), no counting circuit is
used, however, in order not to make the apparatus
unnecessarily complicated and heavy. We shall
now study the apparatus itself in somewhat more
detail.

Description of the apparatus

The counting tube

The most important structural data of the
counting tube have already been mentioned above,
while it was also stated that in certain respects, es-
pecially with regard to the material of the electrodes
and the gas filling, opinions as to the best choice

both ends of it to support a tungsten wire serving
as anode. The welds are vacuum -tight and heat -
resistant. The construction can clearly be seen in
the X-ray photograph fig. 3. The cathode cylinder
is made so thin (about 0.1 mm) that electrons with
very low speeds can still pass through it. The 0.1 mm
thick anode wire is heated during the degassing
by the passage of a current. In order to keep the
wire tightly stretched during this process and later
also (it must lie along the axis of the cathode cyl-
inder) the spring visible in fig. 3 on the left is
introduced.

It is interesting to note that the glass used for
the counting tube may contain no potassium,
since this element exhibits a natural, although very
weak, radioactivity, and the electrons emitted
would continually give rise to current impulses.
Another cause of these undesired current impulses
is the cosmic radiation which is present everywhere
in space. Since the number of impulses occurring

C A K
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Fig. 3. X-ray photograph of the counting tube. At both ends of the thin -walled chrome -
iron cathode cylinder K a tube of good insulating potassium -free glass is welded. The
spring visible on the left keeps the thin tungsten wire A, serving as anode, tightly stretched.
The shielding tubes C serve to improve the shape of the electric field in the tube.

are quite divergent. A series of investigations on
these points have been carried out in this labora-
tory 4), and finally led to the result that the choice
of the electrode material and of the gas are not so
important as was previously thought, if care is
taken to secure the greatest possible purity. This
means among other things that the anode wire and
the walls of the counting tube may not contain
any adsorbed impurities which could be liberated
when the tube is in action. The counting tube must
therefore be carefully heated and degassed before
it is filled with the desired gas (a mixture of argon
and nitrogen, for example) and sealed off, just as is
done with transmitter valves, X-ray tubes, etc.
In the case of the counting tubes here developed,
just as in that of the Philips transmitter valves and
X-ray tubes, this is made possible by the use of
chrome -iron: by making the cylindrical cathode
of this material it is possible to weld a glass tube to

4) W. de Groot and J. H. Gisolf, Ned. T. Natuurk. 3,
161, 1936; J. H. Gisolf, Physica 4, 69, 1937, and the
article referred to in footnote 1).

due to this cause is proportional to the volume of
the counting tube, the tube has been made fairly
short for our apparatus. (Conversely, the counting
tubes which are made by Philips especially for
investigating cosmic rays are very large).

The quality of a counting tube can be judged
by means of the so-called count characteristic which
indicates how many electrons the tube counts at
different voltages when a given radiation, i.e. a
given number of electrons per minute, is allowed
to enter it. At very low voltage (too low for the
occurrence of electron avalanches) the tube will
obviously show no reaction; at very high voltage
the fall in voltage caused by the resistance R will
not be able to cause extinction, and a continuous
discharge will therefore occur. Between these two
extremes lies a more or less sharply -defined voltage
region, the "counting region", within which the
tube gives a number of current impulses proportion-
al to the number of electrons entering it. The wider
the counting region the better the counting tube.
In fig. 4 a characteristic is given of the counting
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tubes here described. It may be seen that, with -the
radiation used for recording, the voltage may lie
between abOut 1 000 and 1 150 volts. With more
intense radiation the counting region is smaller.

500 -
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Fig. 4. Count characteristic of the counting tube. A sample
of 1 mg of radium enclosed in a lead case 1 cm thick and placed
at a distance of 1 m from the counter served as source of radia-
tion. The number of current impulses recorded by the counter
is plotted as a function of the voltage on the counting tube.
The "counting region': within which the number of current
impulses provides a correct measure of the intensity of the
radiation extends in this case from about 1 000 to 1 150 volts.

The connections

The connections of the apparatus are given in
fig. 5. They correspond .for the most part to those
of fig. 2. As amplifier valve B1 a valve with a steep
slope is used, which gives a high amide current and
thus a large fall in voltage on the counting tube
with a small increase in the grid voltage. The ne-
cessary grid bias cannot in this case, as is usual in
ordinary amplifier connections, be obtained with
a resistance in the cathode connection's, since the
valve carries no current in the no-load state. There-
fore the bias is taken by means of a potentiometer
from the plate voltage apparatus which serves for
the supply. For the counting.of the current impulses
they are further' amplified by a second amplifier
valve B2 and applied to a call counter, the rattling
of which already Makes it possible, to estimate,the

--Lnit'san-rb

220V
0

Fig. 5. Connection's of the apparatus (somewhat simplified). The connections correspond
for the most part to those of fig. 2. The current impulses caused by the counting tube G in
the amplifier valve B1 are amplified in a second valve 132 and fed to a countinr, device (call
counter) T. This contains a magnetic coil M excited by the anode current oeB2, which at
every current impulse attracts a lever which causes a toothwheel to move by means of a
hook. The supply voltage for the counting tube is obtained by means of a cascade connec-
tion of condensers C1 -C4 and selenium valves P1-174. The grid bias of the amplifier valve B1
is regulated with the potentiometer P.

Vol. 6, No. 3

intensity of the radiation by ear without reading it off.
As was stated above, a D.C. voltage of from 900

'to 1 200 volts is needed for the counting tube. The
 generation of such a voltage is of itself no problem;
according to the ordinary method, namely the use
of a transformer with rectifier, valves, fairly heavy
constructions 'are, however, obtained. In order not
to load the apparatus with these, a different method
has been chosen here. In this periodical 5) it has
already been explained that with the help of a con-
nection' of condensers and valves (cascade connec-
tion) from an A.C. voltage with' the peak value E
a D.C. voltage 2E, 3E, 4E, etc. can be obtained.
This connection, which is in general only used for
obtaining very high voltages (of hundreds of kilo-
volts), is found to he advantageous in this case also
for the relatively low voltage .of 1. 200 volts. The
A.C. voltage is provided by the mains (at 220 volts
the peek value is about 300 volts), and can be further
regulated with a potentiometer. The four successive
stages of condensers and rectifiers with which the
high-D.C. voltage is obtained are shown in fig. 5.
As rectifiers selenium valves are used which in
order to obtain the required blocking voltage of
600 volts are in each case built' up of about 20 ele-
ments piled one on top of the other, each with a
blocking voltage of about 30 volts 6). In this way
an extremely' small and light unit is obtained as
shown in fig. 6.

In fig. 7 a photograph is given of the complete
apparatus which can be connected directly to the
light mains.

5) Philips techn. Rev. 1, 6, 1936.
5) = On the subject of selenium valves and their applications

see D. 11 . Dpinker, Philips techn. Rev. 5, 199, 1940. The
selenium elements here used are of a special construction
for very sthall currents.

37868.
0
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Fig. 6. Cascade connections for 1-200 volts. Each of the valves
consists of 20 selenium elements piled one on top of the other
in a glass tube and pressed firmly together by a spring.

In conclusion a few words must be said about the
possibilities of application. Besides for the appli-
cations already mentioned, such as the detection
of an electronic radiation for demonstration pur-
poses, the apparatus can also be used in other fields.
In hospitals it sometimes happens that radioactive
substances which were enclosed in bandages for
irradiating a patient are lost. They can often be
found by going over the room in which they are
thought to be present with an electron counter,
which will announce the proximity of the substance
by a loud rattle of the counting mechanism. The
apparatus may also be useful to the doctor for con-
trolling the possible secretion in the urine of an

artificial radiaoctive substance 8) administered to
a patient. The presence of y -rays, X-rays, ultra-
violet rays and visible light can be demonstrated
indirectly with the "electron counter", since these
radiations free electrons from the cathode of the
counting tube (photoelectric effect). In the above -
mentioned demonstration of radioactivity it will
usually be the y -rays which cause the instrument
to register. (This was also the case in taking the
photograph of fig. 4). In order to experience no
difficulty from daylight while using the tube, it is
lacquered black. If a small window is made in the
layer of lacquer, interesting effects can be obtained
with the instrument. It reacts immediately with
an obvious increase in its rattling when a window
is opened, since then more ultraviolet radiation,
which is very active photoelectrically, enters the
room. The lighting of a match is noticed by the
instrument at many metres distance, etc. We have
already mentioned that cosmic rays cause current
impulses in the counting tube. If one does not use
a special shield of lead or iron to weaken these
rays, the apparatus counts about 13 impulses per
minute; with a shield of 10 cm of iron the number
falls to 6 per minute.

7) It is known that several years ago in the Netherlands
such a case occurred, and a preparation lost in an institution
in the Hague was found in a rubbish dump in Drente
(a distance of 150 km)..

8) See on this subiect the article of F. A. H e ij n and A.
Bouwer s in the foregoing number of this periodical 6,
46, 1941).

Fig. 7. The complete electron counter opened. On top of the cabinet may be seen the
counting tube. Through a small opening in the cover the position of the counting device
can be read off. Through two holes on the right side the supply voltage for the counting
tube and the grid bias of the first amplifier valve can be varied with a screw driver, if this
should be necessary. In the lower part of the right-hand side is the connection for the mains
voltage and a switch, above, a connection by which the current impulses can be taken from
the valve B1, and if desired fed to an automatic counting circuit when measurements
with a higher resolving power must be carried out. The apparatus is 23 x 12 X 12 cm and
weighs only 27/2 kg.
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STEREOPHONIC RECORDING ON PHILIPS -MILLER FILM

by K. de BOER. 534.76 : 681.84.081

Beginning with an ordinary apparatus for recording sound film by the Philips -Miller
system, an experimental arrangement has been worked out for the making of stereo-
phonic recording. Two sound tracks must be cut in the film strip in this case. The fact that
the tolerances as to time differences in the two tracks are extremely small and the require-
ment that the stereophonic recording must also be able to be played without the stereo-
phonic effect if desired, led to an arrangement in which two sound recorders side by side
cut their tracks on the same roll of film. The mechanical problems which were hereby en-
countered, as well as several details of the arrangement used for recording and reproduction
are briefly discussed.

When the time comes to make use of stereophonic
reproduction in the cinema, in broadcasting, etc.,
and the opinion becomes more and more general
that the improvement in quality so obtained is
worth the trouble, it will become necessary in the
first place to find a process of making stereophonic
records on a large scale. One possibility of stereo-
phonic recording has already been discussed some
time ago in this periodical, namely, recording on
gramophone disc records 1). Although this method
was satisfactory for the purpose then in view: the
study of different arrangements for stereophonic
reproduction, the determination of the requirements
to be made of the sound image, etc., for use on a
large scale, particularly in the cinema, it can scarcely
be considered. The objections are the same as those
which formerly defeated the gramophone record in
the development of sound film: the playing time
of the gramophone record is too short, and there is
no easy method of assembly and synchronization
with the corresponding picture film. The first ob-
jection is particularly important with stereophonic
disc records, since the method of recording limits
the playing time to half that normally obtained.

Experiments have therefore been carried out in
this laboratory in order to work out a method of
making stereophonic records on film strips, and
the method and apparatus chosen were those of the
Philips -Miller system 2). A short description will
here be given of these experiments which led to the
solution of several problems which will also be
encountered in the construction of a cinema machine
with stereophony.

For stereophonic reproduction the sound in the
recording room must be taken up by different
microphones, while the sound contribution of each
microphone is reproduced by a separate loud
speaker in the reproduction room. For each sound
contribution therefore a separate "channel" is

necessary, and in recording, a separate sound track.
1) K. de Boer, Experiments with stereophonic records,

Philips techn. Rev., 5. 182, 1940.

In practice it is found that two sound contribu-
tions suffice to give a satisfactory stereophonic
effect 3); therefore only two sound tracks need be
recorded on the film.

How can these two sound tracks be obtained on
the film strip ?

The. ordinary apparatus for recording and repro-
duction by the Philips -Miller system, see fig. 2,
is carried out in duplicate, in order, by alterna-
tive use of the two halves, to be able to record
and reproduce passages of a ny desired length
without interruption. It was logical to use the two
recording systems thus available in our experiments
for cutting the two sound tracks, namely
the film from the feed roll in one system along both

2) The principle of this system is shown in fig. 1. On a strip
of celluloid film C, a gelatine layer G with a very thin non -
transparent covering layer D is deposited. This "Philimil"
film is pulled along under a wedge shaped cutter S, which
is moved up and down in the rhythm of the sound vibra-

Fig. 1. Principle of sound recording by the Philips -Miller
system.

tions and thereby cuts a transparent track of varying
width (the sound track) in the film. The reproduction of
this track, like that of photographically recorded sound
film, takes place by an optical method. The particulars
of the system are discussed in detail in Philips techn.
Rev. 1, 107, 135, 211, 230, 1936; 5, 74, 1940. On the sound
recorder see especially the second article referred to
(A. Th. van Urk).

3) K. de Boer, Stereophonic sound reproduction, Philips
techn. Rev. 5, 107, 1940; Diss. Delft 1940.
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Fig. 2. Apparatus fur sound recording by the Philips -Miller system. The machine consists
of two similar halves. On the top of each half in the middle may be seen the sound recorder
B. In E and F are a lamp and a photocell for reproducing the sound track. To the left and
right at the back of each half may be seen the film rolls.

of the sound track cutters to the winding roll in
the other system; see the diagram in fig. 3. Corre-
sponding points of the two tracks recorded side by
side in this way lie at a certain distance a (about
1 m) from each other (fig. 4). In reproduction the
two optical scanning systems, along which the film
is moved in the same way as in the recording, must
stand at the same relative distance a (more precisely,
the section of film between the two systems must
have the length a).

SAW

Fig. 3. Diagram showing how stereophonic recordings may be
made whereby the two similar halves of the Philips -Miller
apparatus are used. Al feed roll of film, F "Philimil" film,
S1, S2 cutting rollers on which at G1 and G2 the sound tracks
are recorded, 02 winding roll for film. The cutters G, and G2
are at different heights above the cover plates, so that the
two sound tracks lie side by side on the film. The film is
transported by the roller S2.

This apparently simple method encountered
various difficulties. In the first place, in recording,
a certain stretching of the film occurs due to the
tension which must be applied to overcome the
resistance by the two cutters (see footnote 2)) in
cutting the track in the film. With ordinary re-
cordings this stretch causes only a slight, quite
inaudible shift in pitch; in stereophonic repro-
duction, however, it has unpleasant results. Corre-
sponding points on the two tracks are farther apart
due to the stretch, and thus do not pass through
the two scanning systems at the same time, but
with a slight difference. The result is a displacement
of the sound image observed by the  listener 4).
In order to avoid this effect the requirement should

Fig. 4. Diagram of stereophonic sound film recorded according
to fig. 3. Corresponding points AA', BB', CC' on the two tracks
are separated by a distance a.

4) See the article mentioned in footnote 1).
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be made that the stretch of the film over a length
of about 1 m (the distance a) should not be more
than 60 li! It must also be noted that a constant
stretch over the whole film would be harmless,
since one could then eliminate the time difference
by changing the relAtive positions of the scanning
systems correspondingly-. However, the stretch is
not constant along the whole film, since the resist-
ance of the strip, and therefore also the necessary
tension, depends upon the cutting depth of the
cutter, which varies widely for loud and soft pas-
sages in the sound. The result of the stretch is there-
fore irregularly varying time differences between
the two sound contributions, and thus a fluctuation
of the sound image.

Attempts may be made to avoid stretch by
giving the film strip a separate transport mechanism
at each of the two sound cutters, so that the section
of the film between need not transmit any force;
see the diagram of fig. 5. The two transport me -

57672

Fig. 5. In order to avoid stretching the film the method of
fig. 3 can so be changed that both cutting rollers Si and S,
are driven separately. The two rollers must in this, case be
rigidly coupled. The letters have the same significance as in
fig. 3.

chanisms must then be coupled with each other
in order to make sure that they both transport
equal lengths of film in equal times. Such a cou-
pling, ' however, in 'general leaves the possibility
open for slight periodical variations in the veloc-
ity of the film at the position of the cutters. This
introduces periodic time differences between the
two ' sound contributions which in turn cause
displacements of the sound image. Experiments with
such an arrangement showed that it would only
be possible to' limit this effect sufficiently with
fairly elaborate and expensive constructions.

Even if these difficulties were successfully over-
come, however, an, important objection to the
method outlined would remain. As long as the
stereophonic sound film has not yet gained a per-
manent position in the film industry, it is very
desirable for stimulating initiative in this direction
that the stereophonic film, even without stereo-.
phonic effect, should be able to be. played off on

ordinary sound film machines as well. This is
impossible in the method described, since in scan-
ning in the ordinary way the parts of the two
sound tracks lying side by side are always made
audible at the same time, while they shOuld be
reproduced with a time difference of about 3 sec
(namely a/v where v = film velocity = 30 cm/sec).
The result would thus be that every passage of
the recorded speech or music would be made audible
twice, at a time interval of 3 sec.

In order to avoid this echo effect the stereo-
phonic film must be recorded so that corresponding
points of the two sound tracks lie side by side on
the film with a relative displacement of not more
than- 1 to 2 mm. The problems of stretch and of
periodic time differences are thus also eliminated 5).

These considerations lead to an arrangement in
which two sound recorders side by side cut their
tracks on the same cutting roller. This idea could
not immediately be realized with the existing
construction of the Philips -Miller recorder, as is
obvious from a consideration of fig. 6. It may be
seen how on the one hand film and cutting roller,
and on the other cutter, armature and magnetic
circuit of the recorder are arranged, in relation to
each other. If one imagines a second sound recorder,
as it were a mirror image of the first, introduced on
the other side of the roller, so that the two record-
ers are side by side, one comes into conflict with the
law that two different things cannot be situated
at the same time at the same point in space. The
most difficult problem arose due to the axis of the
cutting roller. As may 'be seen in fig. 6a it would
run straight through a pole piece of the second
sound recorder. To avoid this, either the distance
between axis and cutter, thus the diameter of the
cutting roller had to be increased, or the width
of the pole pieces of the second sound recorder
decreased. The latter is not ,immediately possible,
since the magnetic resistance of the pole pieces may
not be made too large. The first solution also has
harmful results: the peripheral velocity of the

5) It might be thought that the "echo" could also be avoided
by only reproducing one of the tracks and covering up
the second track in the machine for playing. This would,
however, give an unbalanced reproduction of the recorded
music, since in stereophonic reproduction the two micro-
phones are expressly so placed that each microphone
"hears" the sources of sound in a certain part of the room
less well than the other. In order to obtain a satisfactory
whole the two sound contributions must in any case, either
with or without stereophonic effect, be recombined: Where
in this article the term "ordinary" sound film machine is
used, it niust be kept in mind that "Philimil" film can
only be reproduced directly in the corresponding machine,
while for the reproduction in an ordinary cinema machine
the sound track must first be transferred to the picture
film. .
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cutting roller, i.e. the film speed, is fixed; a larger
roller must therefore turn more slowly. Because
of this the energy content of the flywheel mounted
on the axle of the roller, which serves to eliminate
the influence of variations in the cutting force,
is decreased, while the couple which tends to cause
irregularities is made larger due to the larger diam-
eter of the cutting roller (longer lever). Fortunately
it was found that in the existing construction the
pole pieces of the recorder as well as the flywheel
of the drive were of sufficiently generous proportions
to make it possible to find a satisfactory compro-
mise. The width of the pole pieces needed only to
be reduced by a few mm, while the diameter of the
cutting roller could be increased from 35 mm to
70 mm.

b)
C

OD
T

A rr,
570/S

Fig. 6. The sound recorder of the Philips -Miller system. In a
the relative position of armature A, cutter B, film F and cut-
ting roller S may be seen, while b shows the assembly on cover
plate R of the machine. P pole pieces, M permanent magnet,
T axis of the cutting roller (also called sound or tone axis),
E axis about which the whole recorder can be rotated, D pin
for regulating the cutting depth. The screw for regulating D
is moved by the knob C.

Other less essentiel structural changes were necessary for
the body of the recorder and for the magnet which excites the
magnetic circuit of the recorder. In the original construction
the cutting roller is set into the body of the recorder (see
fig. 6); which is a convenient method of giving firm bearings
to the shaft E, and thereby of fixing as well as possible the
relative positions of cutter and cutting roller. Now, in order
to be able to place the two recorders side by side, they were
made flat, see fig. 7. As to the magnet, in the original construc-
tion it was set above the pole piece as may be seen in fig. 6.
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Fig. 7. Construction and arrangement of the two sound re-
corders G1, G2 for cutting two tracks on the same cutting
roller S. The recorders are on the common axis E. Letters
have the same significance as in fig. 6.

In the second recorder, which must be as a mirror image to
the first, the magnet would fall below the pole piece, i.e. be-
tween the latter and the cover of the machine. The result would
be that the distance between the cutting roller and the cover,
which is already greater due to the insertion of the second
recorder, would have to be further increased by the height
of the magnet. The point of application of the cutting force
which acts obliquely on the axle of the cutting roller would
thereby lie too far away from the bearings of this axle. A solu-
tion was found here by setting the magnet on the pole piece
at the side, whereby the course of the lines of force remains
practically the same in pole pieces and armature. It is true
that the magnet is hereby placed in a position where the space
is very much limited by the guiding rollers for the film and
by other parts; by using the newest type of magnet steel,
however, the dimensions of the magnet, compared with those
of the former construction, could be reduced so that no dif-
ficulty was experienced.

The final construction used in our experiments
is shown in the photographs of fig. 8 and 9.

In order if desired to be able to play off the stereo-
phonic film on an ordinary machine, another condi-
tion must be satisfied: the total width of the two
sound tracks must not be greater than 2 mm. To
achieve this purpose each recorder in the arrange-
ment described was provided with a cutter which
has the form of half a wedge, see fig. 10. The
double track obtained in this way, an example
of which is reproduced in fig. 11, corresponds entirely
to a track recorded in the normal way except for a
narrow black stripe along the centre and the essen-
tial time and intensity differences of the two
halves 6).

Certain precautions had to be taken for the
precise adjustment of the cutters. Both cutters
must have the same cutting depth in order to ob-
tain the same depth of modulation in the two halves

6) In playing on an ordinary machine the two sound contri-
butions are as it were "mixed" in the optical scanning
system, which practically comes down to the same thing
as the usual mixing of the contributions of different micro-
phones by an electrical method.
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Fig. 8. The lower sound recorder G2 ready for use. The upper
sound recorder G1 lies at the side. B1. B2 are the cutters, S the
cutting roller; F the "Philimil" film whose path from the roll A
to the roll 0 is indicated by arrows; E the axis which bears
the two recorders; Z mouthpiece and tube of a suction ar-
rangement for removing the shaving cut from the film; M2
magnet, Q rotating ring with excentric bore for the axis E.

of the double track. The cutting depth is regulated
separately for each recorder by screwing out the
pin D visible in figs. 6 and 9 more or less with a
micrometer screw C. At the beginning or end of
the recording both cutters are set on the film or
taken off it simultaneously by means of a cam
which pushes the two pins D away at the same
moment and thereby turns the recorders about the
common axis E; see fig. 9.

A second adjustment relates to the relative dis-
tance between the cutters in the direction of
length of the film. We have stated above that this
distance may amount to a maximum of 1 or 2 mm
for the playing of the resulting film on an ordinary
machine (without stereophonic effect). For playing
with stereophonic effect, where the two sound
tracks are reproduced separately, the restriction
in this respect is very much greater. A time dif-
ference between the two sound contributions of

F
d

O

a) b) 17815

Fig. 10. For cutting the two sound tracks two sapphire cutters
are used (b), which are half wedge-shaped, in contrast to the
complete wedge -shape of the ordinary cutter (a). The width
d of each cutter remains the same in order to be able to clamp
the cutter sufficiently firmly to the armature of the sound
cutter. The angle of the wedge is actually much more obtuse
that here shown (87°).

Fig. 9. Like fig. 8 with the upper sound recorder in position.
With the cam N (excentric drum) both the recorders are turned
about the axis E at the same time against the springs V so
that the cutters begin to work.

only 2 x 10-4 sec is already observed as a displace-
ment of the sound image 4). This time difference
corresponds to a difference in position on the film
of v x 2 x 10-4 = 0.06 mm. (From this the above-
mentioned:tolerance for the stretch is also derived).

3786/

Fig. 11. Section of a stereophonic sound film recorded by
the method described. The two sound tracks in which the
two sound contributions are recorded are separated by a
narrow black stripe. The differences may be seen in intensity
and time of the two vibration forms whereby the stereophonic
effect is obtained. The intensity differences are greatest forthe
high frequencies: the latter are much stronger in the upper
track than in the lower.

In order to be able to adjust the position of the
cutters with such precision the shaft E in one re-
corder is excentrically borne by a rotating ring Q,
see fig. 8. By a slight rotation of the ring with the
help of the screws visible in fig. 9, the recorder with
cutter and all is displaced slightly in the direction
of length of the film; the adjustment can be carried
out by this means with a precision of less than
0.02 mm 7).

7) This method corresponds to that which was formerly used
in this laboratory for placing the holes in the Nip k o w
disc. See H. Rini a and L. L eblans, Philips techn. Rev.
4, 42, 1939, especially page 47.
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For stereophonic reproduction the film may
be illuminated in the ordinary way through a
narrow slit, while the light transmitted by each

L

C1

37863

Fig. 12. Arrangement for the reproduction of stereophonic
film. With the light source L and the lens 01 the film F (which
is drawn toward the observer perpendicularly to the plane of
the drawing) is illuminated, while the lens 02 projects a seven-
fold enlarged image F' of the film on the slit D. Half of the
beam transmitted through this slit, corresponding to one of
the two sound tracks, is directed to the photocell C2 with the
help of the mirror S, while the other half of the beam is re-
ceived by the photocell C1. The alternating currents given by
the two photocells are amplified separately and fed to two
loud speakers.

half of the double track must be received in a sepa-
rate photocell. This splitting of the transmitted
beam, which may be accomplished very easily
with the help of a mirror placed in front of one
half of the slit, would here, due to the narrowness
of the beam (2 mm), lead to a very fine and delicate
construction. The following method has therefore
been chosen. With the help of an objective a
sevenfold enlarged image of the film is projected
on a slit. Half of this image is deflected by a
mirror. The arrangement may be seen in figs. 12
and 13.

In conclusion we wish to point out that the or-
dinary "Philimil" film is wide enough (7 mm) to
contain, beside the normal or double track of 2 mm,
still another sound track. This possibility may be

of importance when, as is at present often the case
in the cinema, it is desired to record and reproduce
the low and high tones separately. As has already
been mentioned 3) the low tones (below 300 c/s)
contribute little or nothing to the stereophonic
effect. The corresponding sound track therefore
need only be a single one, and the position of points
on this track with respect to corresponding points
on the other (double) track need to be carefully
determined. The simple method outlined in the
beginning, of recording at differents spots, might
therefore be used here, since it would in any case
be difficult to record three tracks at the same spot
side by side. Th:s extension of the method can,
however, only come under consideration when
the requirement that stereophonic films must be
able to be played on "ordinary" machines will
have been outgrown.

Fig. 13. Photograph of the arrangement for playing stereo-
phonic film. Letters have the same significance as in fig. 12.
The cover H of the photocell C2 has been removed.

SWITCHBOARD WIRE FOR TELEPHONE INSTALLATIONS

by H. FEINER and J. HOEKSTRA.

Switchboard wire for telephone installations is usually insulated with textiles which are
provided with an impregnation or a layer of lacquer for protection. In this article the im-
provement in the insulation is discussed which could be attained by a special choice of
raw materials. Especial attention is paid to chlor-rubber lacquer which combines excellent
dielectric properties with the advantage of being non-combustible. In conclusion, the
technical use of switchboard wire is discussed.

The technical installations in modern telephone
exchanges and repeater stations are built up of
bays which contain numerous connections and are
connected to each other and to the cores of the
telephone cable (cable distributor bay).

621.315.616

Requirements are made of these connections,
which almost always consist of pairs, which in
general correspond to the requirements made of
telephone cables. In the first place there is the re-
quirement of adequate insulation. Furthermore,
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both in the case of switchboard wire and in that
of a telephone cable, a compromise must be sought
between the total cross section of the insulated
double wire and the capacity per unit length. The
thinner the layer of insulation, the smaller the cross
section and the higher the capacity. With telephone
cables many .kilometres in length the capacity
between the wires with A.C. voltage amounts in a
certain sense to a shunt for the apparatus connected,
which, even for the relatively low frequencies of
speech, may lead to considerable voltage losses.
In order to keep these losses as low as possible an
upper limit of about 30 pF/m is prescribed for this
capacity. In the case of the telephone switchboard
wires which have a maximum length per connection

of 20 to 30 metres, a capacity of 100 tot 130 pF/m
can be allowed. The fact that a decrease in the cross
sections can hereby be obtained is a great advantage
in connection with economical assembly in the bays,
where within a relatively small space a very large
number of connections must be carried out.

This accumulation of connecting wires forms an
extremely complicated whole during the assembly
(fig. 1), and one is therefore compelled to mark
the wires. The usual method of doing this is to give
the wires different striking colours or colour com-
binations. It is therefore not by chance that a
bunch of telephone wires always presents such a
pleasant appearance, aesthetics is here the daughter
of technology.

Fig. 1. Above: the wires of a telephone bay are laid out on an assembly table and bundled.
Below: the result obtained. In the photograph, which does not show the colours, the sort-
ing out of the wires would appear to be hopeless.
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The requirement must therefore be made of the
layer of insulation that it can be prepared in dif-
ferent colours. In order that the colours shall not
become dimmed after some time by dust and dirt
it is also very desirable that the surface should be
smooth.

Finally it has become more and more desirable
lately that telephone switchboard wire should
not be inflammable, at least that it should not burn
further when it has once been ignited. This require-
ment should be strictly enforced for the sake of
uninterrupted telephone service, since it has al-
ready been demonstrated more than once what an
enormous disturbance can be caused in telephone
communication by a fire, which is in itself not
serious, but which attacks the bunches of switch-
board wire.

Summarizing we may therefore formulate the
following requirements for the insulation of a
telephone switchboard wire:
1) high specific resistance,
2) low dielectric constant,
3) smooth surface with bright colours,
4) non -inflammability.

When the wire is used in installations for carrier -
wave telephony, in which alternating currents of
much higher frequency occur than in normal low -
frequency telephony, the value of the capacity
is of much more importance, while moreover at-
tention must also be paid to the dielectric losses
of the insulation material. The ordinary insulation
materials used for telephone switchboard wire
cannot therefore be used for wiring carrier -wave
systems. In this article we shall first discuss the
construction of the insulation of a mechanically
strong, non -inflammable switchboard wire for low -
frequency telephony, and then show how it has been
possible to improve the dielectric properties of the
layer of insulation to such an extent that a wire
is obtained which is also suitable for carrier -wave
systems.

Telephone switchboard wire for low -frequency
telephony

The customary insulation of telephone switch-
board wire consists of textiles which are impregnated
in order to obtain a more compact whole. Cotton is
spun or braided around the wire and impregnated
with wax, paraffin, ceresin or a mixture of these
substances. The insulations thus obtained are satis-
factory from an electrical point of view in a dry
atmosphere; the surface, however, is not sufficiently
smooth, and these wires are very inflammable.

The inflammability disappears when insulation

waxes containing chlorine are used as impregnating
agent (chlorinated naphtaline for example). Upon
heating, these substances develop gases which have
a smothering effect and prevent the insulation of
the wire from bursting into flame. The waxes con-
taining chlorine have, however, the practical dis-
advantage that when the impregnating agent must
be heated during manufacture very poisonous gases
are developed, while the solid insulation waxes may
sometimes also have toxic effects through the skin.
This objection has been successfully met by using
chlor-rubber instead of chlorine waxes. Chlor-
rubber is one of the so-called high polymers, which
are organic compounds with very long chain mole-
cules and which are too viscous to be used as im-
pregnating agents by themselves. Softeners are,
however, known for such substances, usually li-
quids with low vapour pressures which can be
mixed with the high polymers (or resins) in question
and give them greater elasticity. With a non-
inflammable softener chor-rubber gives a very
fire-resistant impregnating agent, which in com-
bination with normal textile can be successfully
used in all cases where the electrical requirements
are not too high. Fig. 2 shows a piece of telephone
switchboard wire prepared in this way.

Fig. 2. Cross connection wire consisting of a tinned copper
core surrounded by a layer of enamel lacquer and a layer of
impregnated cotton.

If a smoother surface is desired than is obtained
in this way, the surface of the textile can be covered
with a layer of lacquer. Such a layer of lacquer is
found to protect the textile insulation just as well
as impregnation, so that impregnation is unne-
cessary. At the same time the dielectric constant is
lowered. The usual lacquers for this purpose, which
do not, however, satisfy the requirement of non -
inflammability, have cellulose derivatives as bases,
usually cellulose acetate, a substance which is also
used for making artificial silk (acetate silk). The
lacquered wire is becoming more and more popular
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since it is better than the impregnated wire in all
the properties mentioned until now.

The influence of moisture

One general disadvantage of the insulation agents
described is that the protection against the influence
of moisture is only temporary. This is true for both
the impregnated and the laquered wire. It is found
that the absorption of moisture by. the textile is
slowed up by covering it with a layer of lacquer,
but that it is quantitatively scarcely diminished
at all. Protection against the influence of moisture
is thus only obtained when this influence is of short
duration. Even when materials having a hydro-
carbon character are used for impregnation or lac-
quering, which materials are particularly impene-
trable for water, after several days, the textile fibre
nevertheless reaches an equilibrium with the mois-
ture content of the surrounding atmosphere. Be-
cause of this, for example, with dry cotton in an
atmosphere with a relative humidity of 90 per cent,
which is quite common near the sea, the dielectric
constant may increase by a factor 1.5, the dielec-
tric phase displacement by a factor 5 and the
conductivity by a factor 106.

It is chiefly the great increase in the dielectric
losses in moist air which makes the types of wire
discussed unsuitable for carrier systems. In the
case of low -frequency telephony on the other hand,
only the increase in conductivity is disturbing. This.
is manifested with a D.C. voltage by corrosion
'phenomena in the first place. The copper core is
electrolytically attacked by the moisture so' that
ions enter the moisture and thus spoil the insulating
property. This process has been completely sup-
pressed by providing the switchboard wires with
a layer of enamel laquer under the textile. As has
been explained in a previous article in this period-

. icall) such a layer is practically insensitive to mois-
tuie as far as its insulation capacity is concerned.
The increase in the conductivity due" to the action
of atmospheric moisture is thus practically elim-
inated. The influence of the moisture on the di-
electric properties of course remains.

In the development of a . switchboard wire for
carrier systems the combatting of the influence of
moisture forms the chief problem 2). In addition

1) J. Ho ek s tr a, Properties and applications of enamelled
wire; Philips techn. Rev. 3, 39, 1935.

2) This problem is particularly important where carrier
telephony must be applied in tropical or, subtropical con&
tries, where the air is often very moist. Carrier telephony
may offer an economically advantageous possibility of
fulfilling a function which is often necessary in such coun-
tries: that of connecting two communities between which
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there is also the problem of making the lacquered
wire non -inflammable as has been done for the im-
pregnated wire.

Switchboard wire for carrier systems

In the development of the switchboard wire for
carrier systems the composition of the insulation
just described is retained in prindiple: a tinned 3) ,.
copper wire is covered with a layer of enamel
around which is textile and then a layer of lacquer.'
By suitable choice of textile and lacquer the sen-
sitivity to moisture of the wire is reduced as much
as possible and the wire made non -inflammable.

As for textile, cotton (cellulose) and viscose
(cellulose hydrate) are much too hygroscopic; real
silk and various kinds of acetate silk 4) may,
however, be. used. Real silk was rapidly superseded
since it is several times as expensive as a good
acetate silk (diacetate silk) which is just as good
as real silk from an electrical point of view (mechan-
ically real silk is better). Triacetate silk is even
better than real silk electrically, and its price is
about the same.

In order to give some idea of the electrical proper-
ties of kinds of textiles the variation of the insu-
lation resistance, the dielectric constant and the
dielectric phase displacement as functions of the
relative humidity of the air are given for a number
of textiles in figs. 3, 4 and 5 5). The difference between
cotton and artificial silk is particularly large at

a large number of conversations must be conducted simul-
taneously, and whose distance apart is so great that the
extra expense of a cable with many cores would be greater
than the extra expense of a carrier -wave apparatus.

3) The copper wire is tinned in order to facilitate soldering.
As to the mechanicil properties of the enamel layer, an
untinned wire would be better, since the enamel adheres
less well to tin than to copper. Nevertheless, the' tinned
and then enamelled wire can be wound around a mandril
equal to twice the diameter of the wire without the occur-
rence of cracks in the enamel layer..

4) Cellulose acetate or acetyl cellulose is a compound of cel-
lulose with one or more molecules of acetic acid per glucose
residue with the splitting off of a molecule of H2O. The cel-
lulose molecule consists of a large number of glucose mole-
cules coupled together; each glucose molecule contains
three hydroxyl groups (OH -groups) which give the cellulose
a very hygroscopic character. The greater the number of
these groups which are esterified, the less hygroscopic the
product. The decrease in hygroscopocity means at the same
time a decrease in the influence of ,atmospheric moisture
on the dielectric properties. Therefore triacetyl cellulose
is better than diacetyl-cellolose. The former, which no
longer contains any unsaturated OH -groups, is, however,
difficult to work: ,due to the lack of hydrophilic hydroxyl

' groups cellulose triacetate is insoluble in technically useful
solvents, and therefore unsuitable for spinning. At the
present time methods are known of doing so in' spite of this
fact; the triacetate silk so obtained is, however, consider-
ably more expensive than diacetate silk.

5) The measurements were carried out on wires which had two
layers of textile spun around them. The results are of only
relative value since they depend on the spinning technique
used.
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Fig. 3. Insulation resistance of different kinds of textiles as a
function of the relative humidity of the air to which° the wires
were exposed for 48 hours at 25 °C. 1 cotton, 2 diacetate silk,
3 triacetate silk. It is found that the insulation values in the
dry state are not very different, but that at high relative
humidities cotton is the poorest and triacetate silk the best.

higher degrees of humidity. Triacetate silk is ap-
preciably better than diacetate silk, but the dif-
ference in quality is not enough to makes up for the
much higher price of triacetate silk in all cases.
Therefore diacetate silk will generally be used, and
triacetate silk only when very strict requirements
are made about the insensitivity to Moisture.

As stated above acetyl cellulose can also be used
for the lacquer layer. However, while the artificial
silk made of acetyl cellulose which lies 'around the
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Fig. 4. Dielectric phase displacement at 1.5 X 106 cis'(wave-
length 200 m) for different kinds of textiles as a function of
the relative humidity of the air. 1 cotton, 2 diacetate silk, 3
triacetate  silk.

wire as a porous mass exhibits satisfactory dielectric
properties, the same material in a compa.ct form
as a layer of lacquer is much less satisfactory. In
the latter case the dielectric constant is much
higher and the dielectric losses, which are charac-
teristic of the material, are much more disturbing.
Triacetyl cellulose cannot be used instead of dia.=
cetyl cellulose because the former is insoluble. in
technically useful solvents, and therefore unsuitable
for a lacquer. Other cellulose derivatives, however,
can be used, such as ethyl cellulose and other cel-
lulose esters, as well as nitro-cellulose 6) and certain
cellulose ti:i-esters. Some of these substances ac-
tually offer greater resistance to moisture than does
acetyl cellulose. The improvement obtained is not,
however,- decisive.
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Fig. 5. Dielectric constant of. cotton (1), diacetite silk (2)
and triacetate silk (3) as a fupction of the relative humidity.
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Besides the cellulose products there is still a large
number of other ldquer substances:These substances,
several of which are mentioned in the article re- .

ferred to above on enamel-laquer wires, are also ,-

artificial or natural high polymers, to which resins
are sometimes added to increase the hardness, and
more often softeners to increase the elasticity. With
a suitable choice from among these substances
lacquers. can be obtained which are more resistant
to moisture than the cellulose derivatives and
which also possess good mechanical and electrical
properties.

We have attempted to combine the possibilities "
of the high polymers and resins with the require-
ment of non -inflammability, and have carried out.
experiments with chlor-rubber which; has alieady
been mentioned as an impregnating agent. It was,
fOund that from chlor-rubber in Combination*With
a suitable softener a lacquer can be prepared which
is far superior to the other, lacquer substances men-
tioned in the foregoing, not only in respect to its
non -inflammability, but also in respect to its di-
electric prOpertie's. It 'has the highest insulation

6) This is, however, not very stable and very inflammable. '
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J7.94S61

Fig. 6. Insulation resistance of different kinds of lacquer as a
function of the relative humidity.

I chlor-rubber lacquer
II ethyl cellulose lacquer

III acetyl celluliise lacquer
IV nitrocellulose lacquer.

It may be seen that chlor-rubber has by far the highest in-
sulation resistance; acetyl cellulose has the smallest insulation
resistance, and at the same time it decreases most rapidly with
the relative humidity.

. -

resistance, the lowest dielectric constant and the
lowest dielectric losses. Moreover the change in its
properties upon a -variation in the moisture content
between 0 and 100 per cent is almost inappreciable.
In figs."6, 7 and 8 the dielectric properties of a num-
her of lacquer substances are_given; the superiority
of chlor-rubber is very obvious.
- As to.. mechanical properties, chlor-rubber is

soinewhat less favourable than the other lacquers
,customarily used: in insulation technique. It has

been found that this can be remedied by covering
- tbe. chlor-rubber layer, with some kind of cellulose

lacquer. Since. :the electrical' field strengths are
weakest on the outside, the dielectric properties of
the whole 'combination are made only slightly
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0
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37.969

Fig. 7. Dielectric phase displacement at 1.5 x 106 c/s
(200 m) for different kinds of lacquer as a function of the
relative humidity. The Roman numerals have the .same sig-
nificance as in fig. 6. Chlor-rubber again exhibits the most
favourable, behayiour.
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poorer. In this way a product is obtained which
satisfies high requirements electrically as well as
mechanically, and which is insensitive to moisture
and non -inflammable.

The manufacture of switchboard wire for carrier
systems

The switchboard wire described consists' of a
tinned copper core, surrounded by four layers of
insulation: a layer of enamel, a layer of acetate
silk, a layer of chlor-rubber lacquer and a layer of
cellulose lacquer. The manufacture of this wire is
briefly as follows. .
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Fig. 8. Dielectric constant at 1.5 x 106 c/s for different
kinds of lacquer. The numerals have the same significances
as in figs. 6 and 7. 011°r -rubber is again the most favourable.

Tinned copper cores, usually of -0.6 or 0.8 mm
diameter are heavily enamelled. The tinning of
these cores demands particular care since, the tin
layer is heated above its melting point when the wire
is enamelled, and therefore every point where there
is an excess of tin leads to disturbing irregularities
in the enamel layer. The thickness of the enamel
layer is about 0.06 mm, about 1.5 times the
usual thickness. The number of spots where defects
in the insulation occur is considerably reduced by
this increase in the thickness. If, for example, the
number of spots is investigated at which the wire
gives a breakdown at 120 volts when it is drawn
through a vessel of mercury, a reduction from 1 per
5 m to 1 per 60 m is found.

The artificial silk is now wound around this
enamelled core, in four layers for instance. The
silk is laid on in loosely twisted strands and in the
successive layers it is wound alternately to the left
and to the right. The outer layer may to 'advantage
consist of real silk since that is mechanically

1

00,- 20
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stronger. This outer layer of textile is made in one
or more colours. Over this come the layers of lac-
quer. These layers, chlor-rubber and over that
cellulose lacquer are deposited separately in several
extremely thin layers in order to save time in
drying, since the sum of the drying times of for
instance 10 thin layers is considerably less than that
of one layer 10 times as thick. Moreover, such a
thick layer of lacquer would not possess the smooth
surface which is desired for these wires.

Until now we have spoken only of the manufac-
ture of a single wire. If we now pass on to the manu-
facture of pairs and the combination of a number
of pairs to a cable such as is used in the connections
between two bays, quite different problems of con-
struction are encountered. These arise mainly

11

Fig. 9. Cables with shielded
with seven shielded pairs.

1 copper core,
2 tinned surface,
3 enamel layer,
4 diacetate silk,
5 coloured real silk,
6 chlor-rubber lacquer,
7 cellulose lacquer,

a)

from the requirement that an A.C. voltage acting
on. a pair may not be transmitted to another pair
by capacitative or inductive action. Such couplings
give rise to cross talk, i.e. the phenomenon in which
when an A.C. voltage is applied to one pair at the
beginning of the cable a part of that voltage is de-
tected on other pairs as well at the end of the cable.
In order to combat these couplings the different
pairs are twisted together at a certain pitch before
they are twisted in concentric layers into a compact
cable. The direction of twisting for the successive
layers of the cable, like the pitch of the pairs, is
chosen as favourable as possible in connection with
the combatting of capacitative and inductive in-
fluences, and the pitch of adjacent pairs is different.

When very heavy requirements must be made as

7 6 5432

b

I ZY Ill II I

..T1D64

and non -shielded pairs. Below, a diagrammatic cross section; a of a shielded pair, b of a cable

8 braided layer of artificial silk,
9 film layer,

10 braided covering of tinned
copper wire,

11 braided layer of cotton impreg-
nated to be non -inflammable,

I braided cotton,
II film layer,

III layer of spun cotton,
IV braided tinned copper wire,
V braided cotton impregnated

to be non -inflammable.
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Fig. 10. The bundles of wires of a telephone installation are
mounted in the bay.

Vol. 6, No. 3

to the absence of mutual couplings, shielded cables
can be used. In the construction of these cables as
here described each pair is surrounded by braided
tinned copper wire. In fig. 9 the construction of a
shielded and a non -shielded pair may be seen;
the text below the figure gives the details. Finally
in table I a survey is given of the most important
technical properties of these cables.

Table I

Properties of shielded and non -shielded cables manufactured
by Philips, after tropics test 4).

Property
non -shielded

pairs
(0.6 mm 0)

shielded
pairs

(0.8 mm 0)

Working capacity*) in
pF/m

max. 100 max. 130

Loss factor*) tan (5 at 1 800
c/s.

tg6 < 0.1 tgo < 0.1

Loss factor*) tan (5 at 1 800
cis before tropics test

tgd < 0.05 tg6 < 0.05

Insulation resistance in MO
at 500 V D.C. voltage for a
cable of 10 m55)

>104 >104

Test voltage**) 2 000 V, 50 c/s, 2 Min.

Cross talk damping for
a cable of 10 m
length***)

>90 dB
R=600 f
f =4 000 cis

>110 dB
R=150 LI
f =70000 c/s

*) If desired these values can still be improved by using
triacetyl cellulose instead of diacetyl cellulose.

*5) In testing the cable one core is connected to the one
electrode, all the other cores and the shielding, when
present, are connected to the other electrode.

***) The cross talk damping is defined by 20 log El/E2 where
Et is the voltage which occurs at the end of that pair to
whose other end a voltage is applied, and E2 the voltage
which is detected at the end of the cable on any other
pair. R is the cut-off resistance of the cross, f the fre-
quency at which the measurement is carried out.

The way in which the switchboard wire is used
in shown in fig. 1 as well as figs. 10 and 11 which
show the wiring of a bay in a telephone exchange
in three stages of completion. The wiring for the
bays is laid out on an assembly table; the wires are
joined and bound together as far as possible in
bundles. This step was shown in fig. 1.

The finished bundle is now laid in the bay and

7) If not expressly stated otherwise the values are determined
after a tropics test of three days with an atmosphere of
94% relative humidity and daily temperature cycles with
a maximum temperature of 45 °C.
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Fig. 11. Part of the wiring of the finished bay.

fastened to it, and the panels with the telephone then begins (see fig. 10). In fig. 11 a part of the
relays, etc. are mounted. The bay assembly proper finished bay may be seen.
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Fig. 2. Arrangement for the calibration of the resistance strips. By means of the setup
shown on the left an accurately known bend is given to an elastic spring, upon which the
resistance strip glued to it undergoes a known stretch. The change in resistance hereby
caused is measured with a bridge connection. The oscillograph apparatus on the right
serves for recording the resistance changes in dynamic stretch measurements with the
help of the calibrated strip.

produced in fig. 3. They refer respectively to a bolt
between two cylinders which move in the same
rhythm and a bolt between two cylinders whose
motion differs 90° in phase. The maximum stretch

l)

3720°60,
6-1

720 °

0

37963

Fig. 3. Oscillograms of the tensile stresses in the bolts of a
Diesel engine. a) Bolt between two cylinders, which move in
the same rhythm; b) bolt between two cylinders whose motion
differs in phase by 90°.

of the bolts calculated from these diagrams with
the help of the calibration curve could in both
cases be considered as permissible for the material
used.

From the results of the investigation, therefore,
it was found that the load on the bolts in normal use
could not lead to breakage. It could be concluded
from this that during the time when the difficulties
were encountered the engine must have been ex-
posed to abnormally high loads. Very probably
these loads, which were superposed as extra stresses
on the normal ones, loaded the bolts beyond the
fatigue limit.

The engine was indeed exposed to very large and
sudden changes in load. The result of these shocks
was that the basic metals had obtained a certain
play on the foundation plate. Because of this,
lateral movements could occur upon a too sudden
change in the load on the engine, which probably
caused a large and irregular stress in the bolts. By a
slight change in the construction the lateral motion
of the basic metal could be made impossible. After
that no further breakage of the bolts occurred.



96

 .
PHILIPS TECHNICAL REVIEW Vol. 6, No. 3

An.

ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS OF THE
N.V. PHILIPS' GLOEILAMPENFABRIKEEN

1516: J. H. de Boer: Atomic distances in small
graphite crystals and the nature of the bond
(Rec. Tray. chim. Pays Bas 59, 826-830,
July -Aug. 1940).

The decrease in the distance between the carbon
atoms in the atom layers of graphite crystals and
the increase in the distance between these layers
which Hofmann and Wilm found for small graph-
ite particles compared with normal graphite, are
an immediate result of the two kinds of binding
forces which here play a part. These are the so-
called homopolar bonds and the van de W'a a 1 s -
London attracting forces.

1517*: M. J. Druyvesteyn and F. M. Penning:
Mechanism of electrical discharges sin gases
at low pressure (Rev. Mod. Phys. 12,
87-174, Apr. 1940).

In this monograph a detailed survey is given of
the phenomena of electrical discharges in gases at
low, pressures. The following subjects are dealt with:
the distribution of velocity of the, electrons; ioniza-
tion and excitation with a small electric current
through a gas; breakdown voltage and Townsend
discharge (where the space charge plays practically
no pal.* discharges in which the space charge is
essentially important; the 'glow discharge as well
as the 'arc in the neighbourhood of the cathode;
the positive column and finally the phenomena in
the neighbourhood of the anode with different forms
of discharge.

1518: J. F. Schouten: The residue and the
mechanism of hearing (Proc. Ned. Akad.
Wet., Amsterdam 43, 991-999, Oct. 1940).

Continuing with earlier investigations relating
to subjective sound analysis and the observation
of a' fundaMental tone which is missing in the
Fourier analysis of the sound (see 1372 and 1501;
cf. also Philips techn. Rev. 4, 167, 1939), this paper

*) An adequate number of reprints for the purpOse of dis
fribution is not available of those publications marked with
an asterisk.: Reprints of other publications may be obtained
on application to the Natuurkundig Laboratorium, N.V. -
Philips' Gloeilampenfabrieken, Eindhoven (Holland),
Kastanjelaan.

discusses how the perception of a complex sound
may be supposed to take place in the human ear
(see also Philips techn. Rev. 5, 286, Oct. 1940).
It appears to be permissible to state that the ear
performs a Fourier analysis of the sound, at least in
so far as its resolving power makes that possible. The
earlier investigators were correct when they claimed
that every periodic change in air pressure,- at least
within a certain interval of frequencies, will be
observed as a separate tone. If it is desired simply
to determine the components of a sound, it is
correct to study its Fourier spectrum. If it is de-
sired to determine the sound of every separate
component, then one must not consider the fre-
quency of the sound, but the periodicity of the
wave form of the vibration by which the corre-
sponding receiver is excited by the complex sound.
This perio di city may be considerably lower
than that corresponding to the characteristic
frequency of the excited receiver. The pitch of
the component is determined by this periodicity
and not by the characteristic frequency.

1519: E. J. W. V erw ey : Absolute grootte van
thermodynamische grootheden voor ionen
in waterige oplossing en van den elec-
trischen potentiaalsprong aan het vrije
oppervlak van water (Absolute magnitude
of  thermodynamic quantities for ions in
aqueous solution and of the electrical po-
tential jump at the free surface of water)
Chem. Wbl. 37, 530-535, Oct. 1940).

An estimation is given of the absolute magnitude
of the -reciprocal energy (change in the free chemical
energy) upon the solution of monovalent ions in
water. By comparison with the corresponding
changes in the total free energies which can be cal-
culated on the basis of a publication of 0. Klein
and E. Lange, it is found that the .potential
jump at the free surface between vacuum and
water amounts to about -0.5 volt. This negative
potential difference means that the water molecules
are so ,arranged that an excess of water molecules
have their positive poles directed toward the out-
side.
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THE MECHANICAL PROPERTIES OF WELDED JOINTS

by P. C. van der WILLIGEN.

The material deposited from a welding rod must as far as possible possess the same me-
chanical properties as the material of which the pieces to be welded consist. The Philips
welding rod type 55 was especially intended for welding the steel St 52; consequently a
tensile strength of at least 52 kg/mm2 was required of the material deposited in the weld.
By a suitable choice of the necessary hardening components the high tensile strength Could
be obtained without a detrimental increase of hardness in the weld and without diminishing
the deformability. The high notched bar toughness of the material deposited is very
striking (17 to 20 kgm/cm2 for a cross section of the break of 5,x 10 mm2). This is obtained
by a suitable composition of the coating of the welding, rod, whereby the nitrogen which
depresses the impact value, is, prevented from reaching the deposited material. Thanks
to the great toughness and deformability (plastic reserve) of the deposited material of the
Philips welding rod 55, very hard types of steel, rich in carbon can also be welded, while
on the other hand due to the calcium content of the coating it is also possible to weld types
of steel of poorer quality contaminated with sulphur. Even free -cutting steel which is
very rich in sulphur can be welded with these rods without the occurrence of porosity.

In arc welding the joint between two plates is
obtained due to the fact that the heat of the
arc fuses not only the welding rod serving as elec-
trode but also a surface layer o the plates, and
causes the materials to run together. During this
process, in the fused material, on its surface and.
in the transition zone to the parent metal of the '
plates, all kinds 'of chemical reactions take place
which may exert a far-reaching effect on the me-
chanical properties of the finished weld.' If certain
properties are desired the processes 'taking place
must be controlled in a suitable way. Four main
factors may be indicated which are hereby impor-
tant: the composition of the parent metal, the corn-
position of the welding rod, the environment in
which the fused material is situated (coating of-

the rod) and the rate of cooling.
 The first of these factors is not generally under

control, since the choice of the parent metal will
be determined by other, particularly. structural
considerations. The second and third factors are
the ones which the manufacturer of welding rods
can vary in order to adapt his product to the re-
'quirements of the constructor. The fourth factor
is mainly a question of welding technique.

What are the 'requirements of the constructor?
The mechanical properties of the welded joint must

621.791.052

correspond as nearly as possible with those of the
parent metal. This generalized formulation of the
requirements is by no means obvious. Formerly
it was as a rule considered sufficient when 'the
tensile strength of the weld (the material de-
posited) was the -same as that of the parent metal;
at present the conclusion has been reached that the
other mechanical properties also, such as the elon-
gation, notched bar toughness, etc. should satisfy ,

the same requirements.
From the above it follows that the better the

quality of the material to be welded, the higher
the requirements which should be made of the
welding rod. The opposite is, however, also correct
up to a' certain point: it .is more difficult to obtain
a satisfactory weld, the poorer the quality of the
parent metal, i.e. the more imp,urities contained .

in it (sulphur, phosphorus, etc.) which are detri-
mental to certain mechanical properties (sometimes'
to the advantage of others). These impurities may
for 'instance cause very unpleasant phenomena
upon welding, such as the occurrence of porous spots
or cracks in the weld.

A new welding rod has recently been developed
by Philips (type 55) with the intention of satisfying
different requirements simultaneously. The rod is on
the one hand suitable for welding good qualities
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of steel (St 52), and this in the sense that the material
deposited from the rod not only has the same high
tensile strength as the steel, but also among other
properties an unusually high impact value; ,on the
other hand the welding rod is extremely insensitive
to the most dangerous component of the parent
metal, namely sulphur. In the following we shall
discuss these properties more closely and indicate
their relation to the above -mentioned factors under
the control of the manufacturer: the choice of com-
position and coating of the welding rod.

The tensile strength of the weld

In the early days of arc welding only the ordinary
kinds of ingot steel, for instance St 37 (i.e. a steel
with a minimum tensile strength of 37 kg/mm2) were
welded. Only about 10 years ago the kinds ofsteel
with a higher tensile' strength, among which St 52
is the most impoitant iepresentative,4 began 'also
to be welded ele'ctric'ally. In Germany several brid-
ges were constructed of welded St 52. .The, result
was at first disappointing: in some of ;thee welded
girders cracks appeared; a phenomenon ',which had
never been encountered with St 37,. 'What was the
cause ?

The difference between the tensile strength of
St 37 and St 52 is due to the difference in the con-,
tents of so-called haidening elements, carbon among
others. If iron _containing carbon is cooled rapidly,
from the high temperature necessary for the prep-..
aration of the ..steel, it very hard, which also
means that it has' a high tensile strength. and yield
value, since the latter are correlated with each other
and with the hardness. The greater the speed of
cooling, the greater the hardness caused by the

, carbon.
The process of hardening is now as it were re-

peated during the welding, and this takes place in
different ways at different spots in the weld. The
hardening is most pronounced in the transition zone
between weld and parent metal, since here part of
the latter is heated during the welding to just under
its melting point and then very rapidly cooled, due
to the good heat, conduction of the, parent metal.
This cooling is considerably. more rapid than was
the case in the preparation of the material (for in-
stance 50° per second). The result is an increase
of hardness in the transition zone. This increase in
hardness, which depends further upon the percentage
of carbon, and which may often amount to.a factor
2, is accompanied by a decrease in the deforma-
bility. When the welded structure is loaded, there-
fore, any deformation will' haye to be.taken up to a
greater 'degree by adjacent parts, so that an elon-

gation may here occur beyond that which is per-
missible.

When it was finally understood that one of the
most important causes of disappointments in the
welding of St 52 was due to this phenomenon, the
remedy was immediately obvious: the carbon used
to obtain the high -tensile strength of the steel
should, at least partially,' be replaced by other
hardening elements whose action upon more rapid
cooling did not,. or not to that, degree, increase.
Manganese, chromium, silicon, copper, etc. may be
considered. These elements, if present in too large
quantities, may also have detrimental effects on the
behaviour of the steel, so that it was necessary
to establish maximum percentages, on the basis
of experience; in which the hardening elementg
may be present in the steel St 52. These percent-
ages are 'given in table .11):

' Table I

Permissible..percentages of: different hardening elements in
St 52 1), and percenOges of the same elements in the material
deposited from the Philips welding rod 52.

,St 52 Philips 55

carbon . 0.20% * 0.07%
Manganese 1.500 0.90

silicon 0.50 0.30

copper . .
0.55 ... 0.30

phosphorus 0.06 0.02

sulphur ' 0.06 0.02

*) 0.30% manganese may also be replaced by 0.40% chro-
mium or 0.20% molybdenum. .

These considerations, which -until now have
referred only to the parent metal, are also of im-
portance for the welding rod itself. The iron of the
welding rod with which we wish to weld St 52 -must
of course be provided with hardening components
in order to obtain the desired high tensile strength
.(at least 52 kg/mm2). At the same time, however,
in the most rapidly cooling parts of the weld the
hardness must not be too great, so that the carbon
content must be limited. ,

In the composition of the welding rod type 55
particular attention has been paid to the permissible
limits for the .proportions of the various hardening
components. The values given in the second column
of table I indicate that the deposited material of
the rod remains far below the limits prescribed for
St 52 itself 2). Nevertheless the tensile strength

1) Specifications' of the German railways.
,2) The relativity high content of copper is favourable for the

. corrosion resistauce of the weld. 
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more than sufficient. In order to determine this
a weld is made between two plates of St 52, and
from this a flat test piece is made with the weld
in the middle, see fig. 1. The tensile test gave a
tensile strength of 55-57 kg/mm2.

The tensile strength still depends to a certain
degree upon the conditions during welding. In the
test just mentioned the plates of St 52 steel were
welded "horizontally", i.e. the bead lay horizontal.
In "vertical" welding, beginning at the bottom
and working upwards, the same test gave a some-
what higher value of the tensile strength, namely
59 kg/mm2. If a weld is laid in a gutter of fairly
thin sheet, and the weld metal thus obtained is

notched bar toughness of the Philips rod 55. We
shall discuss this in the following.

The notched bar toughness of the weld

While the values of the tensile strength and yield
value indicate only the maximum, or a point of
the stress -strain diagram of special importance
to the constructor, the value of the notched bar
toughness gives a sort of integral over such a dia-
gram, namely the total work which must be done
by the deforming force in order to break the test
rod into two pieces. This work is of especial im-
portance for those cases where the deformations are
concentrated at a single point of the piece of work,

Fig. 1. Flat test piece for testing tensile strength made from a weld with the Philips welding
rod 55 between two plates of St 52; the tensile strength of the steel was somewhat high,
namely 60 kg/mm. Due to this the break occurred in the weld itself, as was desired, and
not outside it. The round test pieces are made entirely of fused weld metal. The great
elongation and pronounced constriction of the broken rods is striking.

turned to give round test pieces (fig. 1), lower
values of the tensile strength are found. This is
indeed quite understandable, since in this case the
heat cannot flow away rapidly during the welding,
so that the weld metal cools only slowly and is as
it were annealed. With the Philips welding rod 55
a tensile strength of 48-52 kg/mm2 was found with
such rods and a yield value of 38-51 kg/mm2. In
fig. 1 it may also be seen that the weld metal pos-
sesses an unusually great deformability: the elon-
gation at rupture (measured on a length 5 times the
diameter) amounts to 35-40 per cent, while a con-
striction of 74-80 per cent occurs. This great elon-
gation and constriction, which offer a guarantee
that the welded structure can be considerably de-
formed due to strains without breaking (so-called
plastic reserve of the construction) are due largely
to the same measures as were taken to increase the

since then the rest of the piece does not as it were
collaborate in taking up the work of deformation.
Such a concentration (local increase of stress) occurs
regularly at more or less sharp notches (this is the
reason for the notching test), at transitions from
this to thick cross section, etc.

In welds also such increases in stress will often
occur, and it is therefore quite justifiable to require
a high notched bar toughness for the deposited weld
metal.

The notched bar toughness of a steel is found to
be influenced to the highest degree by its content
of nitrogen, as fig. 2 shows 3). The relation is of

3) Fig. 2 is borrowed from W. Bisehof and W. Piing el, Z.
Westfkilische Union Augustus 1939, p. 13. As to its general
shape, the curve agrees with observations of others, for
instance D. Seferian, Diss. Paris, 1935, whose results
have already been discussed by J. Sack in this periodical
(Philips techn. Rev. 2, 129, 1937).
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course not always the same, .the further chemical
composition also plays a part. Nevertheless the
general conclusion is certainly correct that with
increasing content of nitrogen the notched bar

38148

.

Fig. 2. Variation of the notched bar toughness k as a function
of the nitrogen content n in per cent by weight 3).

toughness decreases. Good qualities of steel thus
contain only little nitrogen. In welding, however,
there is a danger that nitrogen in atomic form will

'he taken up from the air (at the high' temperature
of the welding arc the air is for the most part dis--,
sociated into atomic oxygen and nitrogen). Cori -
baiting this is one of the most important functions
of the coating of the welding rod. In the first
place this coating forms a more or less sealing layer
of slag on the fused iron. ,Furtliermore the coating
can be so composed that upon heating it develops
large amounts of gases, harmless in themselves,
which form a protecting atmosphere 'around the
fused material. Especially organic components, such
as starch; sawdust etc. are used for this purpose.
In the case of the rod type 55 a different method
has been chosen to reinforce the nitrogen resisting
action of the coating, namely the addition of sub-
stances which are able to forma chemical com-
pound with the nitrogen (and also with oxygen).
Thanks to these measures the percentage of nitrogen
in the deposited weld metal could be reduced to the
very low value of 0.01 per cent. For the sake of
comparison the nitrogen content of several other
common kinds of welding rods is given in table II.
At the same time it may be seen that the expected
strong increase in the notched bar toughness runs
parallel to the decrease in the nitrogen content;
in the case of the Philips rod 55 the former amounts
to 17 to 20 kgm/cM2 On across section to be broken
of 5 x 10 mm2, and 73 to 26 kgm/cm2 on a cross'
section of 2 x 10 mm2.

Vol. 6, No. i

Table II

Nitrogen content and notched bar toughness of the deposited
material of different kinds of welding rods.

Type of welding' rod
Nitrogen
. content

in %

Notched bar
toughness

(5 X 10)
in kgm/cm2

Uncoated °rod ' .0.15 ' 1

Medium thicldy coated rod 0.07
ThiCkly coated narinai"quality
rod 0.035 10

Medium thickly coated rod
with partlY organic coating 0.0125 11

Thickly coated rod Philips 55 0.010 18

The values of ..:the `notched bar toughness men-
tioned are pleasured on impact test pieces which were
prepared as, shown in fig. 3 from the welded joint.
The notch is in this case so far away from the parent
metal that the latter has no effect on the result.
The good reproducibility of the impact test is
striking. fig. 4 shows a series of 12 rods with a cross
section of 5 x 10 mm2 which have been subjected
to the impact test. Their notched bar toughness or
impact value was found not to vary more than from
17.2 to 19.5 Icgm/cm2..

b)

r
L

. -755

Fig. 3. The way in which the test pieces (b) are made for the
impact test (c) frOm a weld (a). The deposited weld metal is
shaded. -

In giving these values it must alsP be mentioned
that they are obtained,at room temperature (about
20° C). In contrast to all other properties of materi-
als of interest to the' constructor, the notched bar
toughness is very closely dependent upon the tem-
perature, and this dependence is similar for all

.  .
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kinds of steel: there is a pronounced minimum at of the welding, the notched bar toughness of some
400-500 °C and a rapid fall at temperatures below kinds of welding rods is found to decrease enor-.
the zero point. The significance of this sharp fall mously, even to 1/10 the original value, while other

Fig. 4. Series of 12 test pieces made from welds with the Philips welding rod 55 to which
the impact test has been applied. The results are seen to be satisfactorily reproducible. The
pieces are not broken through, but bent down between the supporting blocks by the im-
pact. In order therefore to obtain the correct impact toughness a small (unknown) amount
of work which would be necessary to separate entirely the two halves of the test piece must
still be added.

in notched bar toughness at low temperatures (the
so-called cold brittleness) was formerly often not
sufficiently realized. It has been one of the causes
of various accidents in which welded bridges have
developed cracks during very cold weather 4). If
one compares the variation of the notched bar
toughness for the material deposited from the weld-
ing rod 55 with the curve for a normal good qual-
ity welding rod, fig. 5, it may be seen that the much
higher value of this toughness has as it were shifted
the curve as a whole to higher values. While in the
case of the ordinary welding rod the notched bar
toughness decreases from 11 kgm/cm2 at 20° to
6 kgm/cm2 at -50 °C, in the case of the Philips rod
55 the notched bar toughness at -50° C still has
a value of about 14 kgm/cm2. Only at still lower
temperatures, which, however, do not occur in
inhabited parts of the world, would the notched
bar toughness fall to dangerously low values.

In other respects also besides temperature, the
notched bar toughness is a particularly "sensitive"
property of materials. In the heat treatment to
which welded constructions are sometimes subjected
in order to remove stresses occurring as a result

4) This was the case of the bridge of the Reichsautobahn at
Rudersdorf and the two bridges at Herenthals and Kau-
lille over the Albert Canal.

properties, such as tensile strength and elongation,
exhibit only relatively small changes which are
quite in line with the expectations. Such a great
decrease in the notched bar toughness must be
ascribed mainly to a too large percentage of nitrogen
in the rapidly cooled weld metal 5). The nitrogen

icg m
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Fig. 5. Variation of the notched bar toughness k with the tem-
perature, a) for an ordinary good quality welding rod, b) for
the welding rod Philips 55.

5) A number of kinds of welding rods were examined in this
respect by H. G. G e erling s. The results mentioned



102 PHILIPS TECHNICAL REVIEW Vol. 6, No. 4

is separated out on the crystal boundaries in the
form of Fe4N upon reheating, and this produced
a more brittle material. In agreement with this
explanation is the fact that this effect is very small
when the welding is done with the Philips rod 55,
where the weld metal contains very little nitrogen.
Even after the so-called normalizing annealing (at
920° C) the original high value of the notched bar
toughness is still measured.

The separation of nitrogen mentioned above also
takes place at room temperature, although extreme-
ly slowly. The so-called ageing of the weld metal
must be ascribed to this phenomenon (among
other factors). Since experiments in this direction
would have to extend over a very long period, an
artificial ageing test is usually applied for judging
materials in this respect. By stretching the material
(10 per cent) and then annealing it (1/2 hour at
250 °C) a kind of accelerated ageing is obtained.
In the case of the weld metal of the rod 55 this was
found to cause only a slight decrease in the notched
bar toughness, namely from 17.7 to 13.5 kgm/cm2,
while for a normal good quality welding rod a
decrease from 10.4 to 4.5 kgm/cm2 was found.

In order to complete the picture of the properties

Fig. 6. A commonly applied method of testing welded joints
is the bending test. A test piece with the weld at its middle is
bent over a mandrel of a given diameter until cracks occur.
The test pieces here shown are 10 mm. thick and made of St 52
welded in a V -weld with the Philips rod 55 and bent over a
mandrel of 30 mm diameter. With a bending angle of 180°
the weld is still intact, even in the test piece in the foreground
which was flattened after being bent.

here were published by him in Laschsymposium 1940-1941,
p. 13. It must be mentioned that the oxygen also plays
a part in the decrease in notched bar toughness, and that
there is almost always 2 to 3 times as much oxygen as
nitrogen in the material fused. Much less, however, is
known about the part played by the oxygen than that of
the nitrogen.

of the Philips welding rod 55, it may be mentioned
'that the fatigue bending strength (load necessary
for breakage after 5 x 108 alternations) amounts to
26-28 kg/mm2, a value in the neighbourhood of
that for St 52; furthermore that the welds can easily
be forged and that the bending test also gives good
results. Several rods which were subjected to the
latter test are shown in fig. 6, the text beneath the
figure gives further details.

The welding of "difficult" types of steel

While in the above it was assumed that the de-
posited weld metal must be the equal in properties
of the parent metal, cases also exist in which this
requirement is unnecessary, and where nevertheless
difficulties are experienced in welding. If for example
one tries to weld special kinds of steel such as
StC 45 (a very hard steel with a carbon content of
0.45 per cent), StC 60, etc. with an ordinary good
quality welding rod, aftercooling cracks often ap-
pear in the weld. Upon closer consideration this
is not strange. Aside from the great increase in
hardness in the transition zone, which is caused
by the high carbon content of the basic material, the
latter of itself is already so hard and little deform -
able that even upon shrinking during cooling very
high requirements are made of the deformability
of the weld metal. Thanks to the great toughness
and the considerable plastic reserve of the material
deposited by the Philips rod 55, it is also possible
to weld the difficult, very hard steels with this rod.
This is demonstrated by fig. 7, while in figs. 8 and 9
a practical example is reproduced where use has
been made of the possibility mentioned. In the cast
steel head of a heavy press (300 tons pressing force)
a 50 mm thick reinforcing plate of St 37 had to be
welded. In spite of the high carbon content of the
cast steel (0.60 per cent) and the large dimensions
of the parts to be welded, a weld which was free
of cracks could be obtained. In order to limit the
speed of cooling the head of the press was heated
to 125 °C before welding.

Another kind of difficulty which may occur in
welding is the formation of gas bubbles in the tran-
sition zone, usually to be ascribed to impurities
in the layer of the parent metal which becomes
mixed with the fused weld metal. If these gases
are liberated at an unfavourable moment, namely
during the solidification of the material, they can
under certain circumstances no longer escape, or
the fused material can no longer fill up the cavities,
and a porous weld is obtained with cavities and
craters. It is unnecessary to state that this is very
detrimental to the mechanical properties of the
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Fig. 7. Fillet welds on three different kinds of very hard steel. The welds are made with
the Philips rod 55 according to a standardized method of the German railways for
testing for freedom from cracks. Except for a single very small crater crack no cracks
were found in any of the three welds reproduced here.

welded joint, especially because cracks may develop
from the cavities.

It has been found by experience that too large
a content of sulphur in the parent metal must
often be held responsible for this formation of gases
and the resulting porosity 6). It is known from me -

Fig. 8. Press with 300 tons pressing force during assembly.
In the head of the press a reinforcing plate 50 mm thick has
been welded with the Philips rod 55. The head is of cast steel
(0.60 per cent carbon), the reinforcing plate of St 37.

tallurgy that in the Siemens -Martin process a
removal of sulphur from the iron is obtained by
means of lime in a reducing environment. The
sulphur is then for the most part bound by the
calcium; for which the following reaction may be
accepted:

FeS Ca0 C -> Fe + CaS ± CO.

Fig. 9. Head of the press of fig. 8 with welded reinforcing plate.

The calcium sulphide formed, in contrast to the
iron sulphide, is entirely taken up in the slag, and
the sulphur content of the steel is thus decreased.
The coating of the Philips rod 55 is also composed
on a lime basis, so that in the fused material, which
is in intimate contact with the slag, a binding of
any sulphur present in the basic material can take
place. This was well illustrated in a test in which a
steel poor in sulphur and one rich in sulphur (0.03
and 0.23 per cent, respectively) were welded with
the Philips rod 55, while afterwards the slag was
chemically analysed. In the second case the slag
was found to contain 2 to 3 times as much suphur

6) An important example from practice may be found in
L. Reeve, Trans. Inst. Welding 3, 11, 1940. A report is
here given on the case of the bridge near Hasselt (Belgium)
which collapsed several years ago. Photographs of prepa-
rations made from the welded points of this bridge show
gas cavities at spots immediately adjacent to the parent
metal which contained 0.095 and 0.063 per cent of sulphur,
respectively.



104 PHILIPS TECHNICAL REVIEW Vol. 6, No. 4

as in the first. The fact that the Philips welding rod
55 is indeed very insensitive to sulphur is clearly
shown by fig. 10 where fillet welds are shown which
were laid on a steel with much sulphur (0.09 per
cent) with the Philips rod 55 and with an ordinary

steel with 0.23 per cent of sulphur (and in addition
0.08 per cent of phosphorus), the right-hand half
of which is welded with an ordinary good quality
welding rod and the left-hand half with the Philips
55. The latter half is absolutely tight, and, as shown

Fig. 11. Fillet weld in free -cutting steel (0.23 per cent sulphur, 0.08 per cent phosphorus).
The right-hand half is welded with an ordinary good quality welding rod (quite porous
weld), the left-hand half with the Philips rod 55 (tight weld).

good welding rod, which was, however, sensitive
to sulphur. The difference is even more pronounced
when one attempts to weld free -cutting steel. This
steel contains very much sulphur in the form of
FeS, to which its easy machinability is due, and
which makes it suitable for machining in automatic
lathes, etc. Fig. 11 shows a fillet weld in free -cutting

by stretching and bending test, mechanically quite
satisfactory, while the weld obtained with an or-
dinary rod is quite porous and mechanically use-
less. It is therefore possible to state without exag-
geration that with the Philips welding rod 55 types
of steel can be welded which have been charac-
terized as unweldable up to the present.

Obtge

Fig. 10. A fillet weld made with an ordinary good quality welding rod on St 37 with normal
sulphur content (0.03 per cent). B fillet weld with the same rod on steel rich in sulphur
(0.09 per cent); holes may clearly be seen in the weld which has a "burned" appearance (so-
called pock -marked). C fillet weld on the same steel rich in sulphur made with the Philips
rod 55; the weld is quite sound.
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INCANDESCENT FILAMENT LAMPS FOR SERIES -CONNECTION

by N. A. HALBERTSMA and J. A. M. van LIEMPT. 621.316.062.2:621.326

Although it is at present customary to connect electrical apparatus in multiple to the
supply main, series connection of lamps may offer advantages, under certain circum-
stances. In order to avoid extinction of the whole installation when one lamp becomes
defective special measures are taken which are described in this article.

Introduction

The advantages of multiple connection of
the lamps in a system of illumination over the
series connection which was formerly often used,
consist chiefly in the fact that the lamps are
independent of each other. This is usually con-
sidered to be of such great importance that in
designing illumination systems no other possibility
is as a rule considered. By way of exception,
however, connection in series is also sometimes
used, in spite of the fact that the possibility of
switching on any desired number of lamps and the
free choice of the size of the lamps must be sacrificed.

The use of series -connection is justified when:
1) the available voltage is too high for the lamps

to be used, and
2) the simplification obtained is important.

All cases in which connection in series is used,
as the lighting of trams and trains, illumination
and Christmas tree lighting and, to a limited extent,
street and highway lighting, can always be classi-
fied in one of these two groups.

The available voltage is too high for the lamps to
be used.

In the case of A.C. installations the voltage can be
lowered to any desired value in a simple manner
with the help of a transformer. In the case of D.C.
installations, however, the voltage is fixed. It is
for this reason that the connection of electric lamps
in series is usually used for the lighting of trams
and trains. The D.C. voltage on the trolley wire is
usually 500 to 600 volts; the highest voltage for
which electric lamps are made is 260 volts. As a
rule with a voltage of 600 volts 5 lamps of 120 volts
are connected in series; sometimes a larger number
of lamps of a lower voltage are preferred. If the
traction voltage is 1 500 volts and higher it is advis-
able not to introduce this voltage in parts of the
coaches, where is would be accessible to the public.
It is better to use a converter to supply current to
a distribution system for lighting and other pur-
poses, and then ordinary multiple connection can
be used.

Fig. 1. Illumination and Christmas tree lamps, both for 14 volts, 3 c.p.
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The ordinary mains voltages of 230 volts and
115 volts may also in certain cases be too high
for the lamps which must be used... The smallest
ordinary electric lamp for 230 volts and 115 volts
has a light flux of 15 dlm, and a consump-
tion of about 15 watts. Lamps with smaller wattage,
such as those for illuminations and Christmas trees,
must be made for a lower voltage because of the
limit imposed by the thickness of the wire. A volt-
age of 14 volts with a light intensity of 3 c.p. is
the most common. With a consumption of 3.75
watts these lamps have a current of 0.27 A. The
filament is short and stout, the lamp which is
Small ( fig. 1) may be provided with a small -sized
screw cap. The lamp holder is thus also small,
which is important since the lamps are used for
decoration. On 220 volt mains 16 such lamps can be
connected in series, and on mains of lower voltage
a correspondingly smaller number.

The simplification of the installation

In connection in series there is only one conductor
which passes from socket to socket, while in multiple
connection two wires must branch off to every
lamp socket. This makes the installation so much
simpler that in certain cases series -connection will
be preferred. The illumination of a Christmas tree
is effected more rapidly -with a single thin flex
than with the thicker double flex which must be
used for multiple connection.

The simplification of the installation is also

important in the installation of street lighting
systems with series -lamps as is often found in
the United Stftes. For new installations, however,
in the United States preference is usually given
to connection in parallel. In Europe the 'connection
in series for street lighting has only been used on a
large scale in Italy.

When i'.very long traject must be illuminated
with light sources of small power and considerable
spacing, the connection in series' may offer advan-
tages with respect to the cost of installation. Along
both sides of the Amsterdam - IJmuiden Canal 
for 15 miles there is a series installation with
lamps of 65 watts spaced at 900 ft.

Disadvantages` of series -connection  in .practice
. .

In addition to. the objection 'already "mentioned
that with Connection series it impossible to
change at will the number of lamp's burning, there
is the further disadvantage that if one of the lamps
becomes defective the 'whole series is extinguished.

' In a -tramcar, for example, this would be very
inconvenient, since one is then compelled to hunt

for the burnt out lamp in the dark in order to
replace it. The lamp which has failed is, however,
indistinguishable from the others, and the hunt for
the defective lamp has long been an unpleasant
aspect of the use of series -connection of electric
lamps.

For this reason deirices have been applied,
particularly for street lighting, for the automatic
short-circuiting of a defective lamp. Two aims are
hereby achieved, namely
1) that all the lamps of the series except the defec-

tive one continue to burn, and
2) that the defective lamp can easily be found

since it is the only one extinguished.
In order to maintain the amperage entirely

unchanged; the burnt -out lamp should actually
be replaced by an equivalent resistance. If, however,
the lamp is short-circuited, the resistance of the
whole series will decrease and the current will
increase slightly. The smaller the number of lamps
in series, however, the greater the overloading of the
remaining lamps. In tramway cars where for in-
stance 5 lamps of 120 volts burn in series, the voltage
per lamp would rise by 25 per cent, i.e. to 150 volts.
It is therefore necessary to take measures to bring
the current quickly back to its normal value in
order to avoid the failure of more lamps due to
the excess voltage. If such measures are im.pOsSible,
it is advisable to use laMps with a lower voltage.
Voltages of 24, 30, 40 and 50 volts may be used.

Automatic short-circuiting arrangements for burnt
out series lamps

For the automatic short-circuiting of a lamp in a
series very different devices have been proposed.
Use has for instance been made of the interruption
of the current to short-circuit the lamp by means
of a relay, or to replace it by an equivalent resist-
ance. The interruption of the light may in this
case be of such a short duration that scarcely more
than a flicker is observed.

The rise in voltage at the terminals of the defec-
tive lamp may also be used to bring about short
circuiting, due to the fact that a very thin layer
of insulation material -held between two metal
contacts breaks down. In the United States such
devices are used as a rule in series street lighting
systems. The flash-oVer device consists, of two
aluminium discs one of which is provided with a
thin insuldting layer which breaks clown at about
400 volti. The disc is clamped between two contact
springs fastened to the lampholder, which contact
springs serve at the same time to make the connec-
tion. between the lampholder and the terminals.



APRIL 1941 INCANDESCENT FILAMENT LAMPS FOR SERIES -CONNECTION 107

When a lamp burns out the lamp with the holder
can be removed from the fitting and the lamp and
flash -over device both renewed without any risk
of touching parts under tension.

b)

a)

ing with series -lamps this is not difficult to achieve,
due to the high voltages occurring. There are
numerous insulating materials which will break
down when exposed in a very thin layer to volt-

ages of 3000-10 000 volts, while at
several hundred volts they exhibit prac-
tically no conductivity.

In tramcar lighting the breakdown
voltage must lie below 400 to 500 volts
and above the rated voltage of the
lamp, and when, to mention another
example, a series of lamps for illumi-
nation of 7 or 14 volts is connected
to a main of 115 volts, the voltage fuse
must operate butween 20 and 100 volts.
Very thin insulating layers are neces-
sary for this, and they should have
little spread in the breakdown voltage.
It is indeed possible to produce such
fuses.

For the operating of the voltage fuses
it is a matter of some importance
whether the lamps in series are vacuum
lamps or gas -filled lamps. When the fila-
ment fails of a vacuum lamp which is not

provided with a voltage fuse no electric discharge
can take place, due to the absence of gas mole-
cules in sufficient quantities, the vacuum acting

C)
SIMS

Fig. 2. Lamp -holder with short-circuiting device for street lighting with
series -lamps, a) ready for use, b) lamp -holder with lamp and voltage fuse
removed and c) lamp -holder with voltage fuse and lamp. a contact, b and
c disc holder, d flexible strip, e and f contact springs, g flash -over disc,
h and i terminals.

Screwing out a lamp which forms part of a
series installation is dangerous, not only because
of the risk of touching a part under tension, but
also for another reason. If the current continues
to flow, especially in the case of direct current,
an arc will occur between the centre contact of the
holder and the centre contact of the screw cap,
which will melt the metal parts mentioned. The
lamp holder shown in fig. 2 has another short-
circuit contact for preventing this, which is con-
nected to the iflexible middle contact and comes
into action as soon as the lamp has been screwed
out of the lampholder a fraction of an inch, and
before contact with the centre contact of the cap
is broken.

In analogy with the fuses which come into action
when a definite current value is exceeded, the flash-
over devices may be called "voltage fuses",
since they come into action as soon as a definite
voltage is reached, which is higher than the rated
voltage of the lamp but lower than the mains
voltage.

The voltage fuses, which may be incorporated in
the lamp itself or connected separately to the lamp-

holder, must satisfy very divergent requirements.
At the burning voltage of a single series -lamp
they must have an infinite resistance, but at the
total voltage applied to the series they must
break down and restore the circuit. In street light-

Fig. 3. Photograph of a series lamp which has been destroyed
by an arc discharge.
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as in insulator and the current is simply inter-
rupted. The- case is different with series gas -
filled lamp without a voltage fuse. In this case,
when the filament of  the burning lamp fails`; the
current need not immediately be interrupted.
An arc may occur at -the break of the spiral which
heats the ends to' such a high temperature that
they begin to melt. The other lamps of the series
now serve as a resistance, stabilizing this arc
discharge. It sometimes occurs that the spiral is
entirely fused away and that the arc strikes over
to the leading -in wires of the lamp. The latter then
also fuse, so that, unless the lamp has already been'
destroyed by the heat developed, the arc finally
arrives in the neighbourhood of the foot (fig. 3) and
not only destroys the glass with the leading -in
wires, but may also pass over to the lamp cap
and even to the metal parts of the lamp holder.
Such an arc may, especially with direct current
and under conditions favourable to its maintenance,
cause considerable damage.

38114

Fig. 4. In order to promote the rapid occurrence of short
circuiting by the arc the leads of this series lamp are brought
close together at A.

This process can, as stated, only take place in
the absence of a voltage fuse or when the latter
does not work, of which there is a certain chance
since the voltage of the arc may remain below the
breakdown -voltage of the voltage fuse. The solution
of this difficulty might be sought in raising the
voltage of the arc when it occurs by placing the
leading -in wires as far apart as possible. This would,
however, result in difficulties in connection with the
introduction of the filament system through the
narrow neck of the bulb; the solution has therefore
been sought in just the, opposite direetion, namely
by bringing the wires very close together. If an 'arc
is produced the leads will -fuse off until at A in
fig. 4 the drops of molten metal on the ends of the
nickel wires short-circuit the lamp and thus prevent
both a break of the circuit and damage. to the
lampholder.

If the lamp has very short leading -in wires which
are difficult to bend close to each other, they are

-Vol. 6, 'No. '4

provided' with separate wires which serve as "arc
catcher" (fig. 5). Even when these measures have
been taken a.voltage fuse is not superfluous. If for
example a spiral breaks (by shock, for instance)
while the lamp is not burning, no .arc will occur
when the series of lamps is - switched on. In this
case the voltage fuse must break down and short-
circuit the defective lamp before the series of lamps
actually lights.

38//5

Fig. 5. Series -lamp with separate arc -catcher B.

The type of voltage fuse varies according to the volt-
age at which it must act. The piece of thin paper
formerly employed has been universally replaced by
an insulating material which is deposited on metal.
Metal Oxides which are good insulators 'are pre-
ferred. In the oxidation process it is possible to
control the thickness of the oxide film. A film of
aluminium oxide is usually used which with the
dimensions used for a breakdoWn voltage of about
400 volts has a resistance of 108 ohms, and may
thus be considered as an insulator. After breakdown
this resistance falls practically to zero. For illu-
mination and Christmas tree lamps the breakdown
voltage' must be so low (below 100 volts) that alu-
minium oxide cannot be used. The film would have
to' be so thin that it is not to be realized in practice.
Therefore a sodium tungstate is used in these cases,
the so-called blue tungsten bronze, which still has a
low breakdown voltage at a greater thickness of
the layer.

381/5

Fig. 6.- Metal -strip covered with aluminium oxide which is
bent around the leading -in wires in such a way that only one
layer needs to ,break down to cause a conducting connection
between the wires.

In the case of vacuum lamps the voltage fuse -is
mounted between the screw cap and the glass of
the bulb. It cannot be placed in the bulb itself
because the oxide films used contain gases which
would spoil the vacuum of the lamp. In gas -filled
lamps the gas freed from the oxide is of no
importance; The strip with, aluminium oxide can
be bent around the lead-in wires (fig. 6), if desired
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combined with a nickel strip which serves as ,arc
catcher (fig. 7):This voltage fuse shown in fig. 7,

,may, be seen in fig. 8 mounted inside the bulb of a
gas -filled series lamp for' tramcar lighting. The
voltage fuse of fig. 6 may be seen in fig. 9 mounted
in the screw cap of a vacuum series lamp which is
shownin its true dimensions.

In the case , of illumination and Christmas tree

d

Fig. 7. Combination of an aluminium strip (a), provided with
an insulating layer of aluminium oxide with a nickel strip
(b), which serves as arc catcher. c leading -in wires, d glass rod.

38/10

Fig. 8. Series -lamp (gas -filled) for tramcar lighting for
40 Volts; 40 watts (1 amp:), in which the voltage fuse shown
in fig. 7 has been mounted.

. 10,

lamps the voltage fuse, in spite of the small space
available, can be placed. in the tiny screw cap
due to its simple construction. An example is shown
in fig. 10.

Fig. 9. In vacuum series -lamps the voltage fuse shown in
fig. 6 is mounted into the screw -cap. The sketch is full size
and shows the small dimensions of the voltage fuse.

38/20
Fig. 10. Miniature screw -cap for small illumination lamps,
twice natural size, in which an extremely simple voltage fuse
has been mounted. a tungsten wire covered with tungsten
bronze, around which a metal wire b is wound. '
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NON-LINEAR DISTORTION  OF SOUND FILM WITH OBLIQUE LIGHT SLIT.

by J. F. -SCHOUTEN. ,778.534.45 : 621.396.813

When a sound film is recorded or scanned witli a light slit,which is not exactly perpendic-
ular to the direction of length of the film, a non-linear distortion of the sound occurs. An
exact, calculation of 'this' disiortion was considered impossible until now. In this article
it is shown that the calculation is indeed possible, and even relatively simple, when the
light diffraction at the sound film is used for assistance. The diffraction spectrum con-
sists of a two-dimensional pattern whose light distribution along a given axis (parallel

to the direction of the film)`provides the Fourier spectrum of the sound obtained upon
reProdnction. With an "Aliquely recorded" film the diffraction pattern is also found to
be obliquely distorted, and with this very simple transformation the new Fourier spec-
trum can immediately be derived, when the diffraction patternof the "vertically recorded"
film is completely known. In this way the distortion with oblique slit is calculated and dis-

. cussed for the cases where one is concerned with only one frequency, and' where one is
concerned with' two different frequencies in the sound track.

The problem of the oblique slit in.soinid film tech-
nology

If upon' repiOditeing sound film the narrow light
slit with which the film is scanned is not perpen-
dicular to the direction of length of the film (fig.
la), then.- when the sound track on the film is
sinusoidal the amount of light transmitted does not
vary truely sinusoidally with the time (fig. lc).
A. non-linear distortion occurs which is manifested
acoustically in that the sound contains higher
harmonics in addition to the fundamental tone.

A similar phenomenon will, occur
. when in

recording the film the light slit (in the photo-
graphic system) or the cutter (in the Philips -Miller
system, where the sound track is cu't in the film 1))
is not perpendicular to the direction of length of

:the film. A sound track results which as it were
slants (fig. lb), and which upon reproduction with
a straight slit leads in' the same way to non-linear'

. distortion.
The fact that upon oblique scanning non-linear

distortion must occur was already pointed out in
1881 by Konig 2) in the  discussion of his "wave
syren", a forerunner of the sound film. The problem
only became actual in sound film technology.
Frieser and Pistor 3) found 'in their' attempts at
.an exact calculation 'that' even with a single fre-
quency they encountered unsolvable equations, and
they confined themselves to working out several
cases graphically. P odliasky'2) gave an approxi-
mate calculation, also for the case of a single fre-

1) R. V ermeulen, Philips techn. Rev. 1, 107, 1936. The
- strips of film reproduced in this article, were all recorded

by this system. For the sake of simplicitY, however, we
shall always speak of a light slit.

2) R. Konig, Wied. Ann. Phys. 12, 335, 1881.
H. Frieser and W. Pistor, Z. techn. Phys. 12, 116, 1931.
I. Po dliasky, Annales P.T.T. 24, 1,'1935.

quency, for the relative intensity of the second
harmonic which occurs at very small angles of the
slit. The problem of the general calculation of the
distortion was, however, considered insoluble until
now.

We shall show how with the help of the previously
described light diffraction by sound film 3) an
exact and; moreover, very clear solution of this'
problem can 'be obtained in a relatively simple, way.

38093

Fig. 1. If a piece of film is scanned with a light slit which is
oblique with respect to the direction of length of the film (a)
or if the sound track is recorded with an oblique slit (b), in
both cases non-linear distortion of the sound Jesuits: the
amount of light transmitted with a. sinusoidal sound track is
no longer sinusoidal but as shown in (c).

3) J. F. Schouten, Philips techn. Rev. 3, 298, 1938; 4, 290,
1939. ' .`
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Before passing on to the actual calculation we shall
indicate the relation between light diffraction by
sound film and non-linear distortion in a general
way.

General consideration of the diffraction pattern of
obliquely recorded sound film

We have previously described 3) how a strip of
sound film can be used to produce optical inter-
ference phenomena. A diffraction pattern is ob-
tained which is also important acoustically. The
very general proposition can be deduced that the
light distribution on a given line in this diffraction
pattern (namely the horizontal axis through the
middle of the pattern, indicated below) gives the
exact Fourier analysis of the sound recorded on the
film 4).

In fig. 2 a strip of film is shown on which a tone
of 400 c/s has been recorded, with the diffraction
pattern obtained from it. Along the horizontal
axis only three lines are encountered, a central
line (zero order) and lines to the left and right of it
(first order), which means that the strip of film
contains only the frequencies zero - the average
width of the film track may be considered as such -
and 400.

Fig. 2. Light diffraction by sound film. Above: sound track
(tenfold enlargement) of a tone of 400 c/s recorded with
vertical slit. Below: the diffraction pattern obtained. On the
horizontal axis only the lines of the zero and first orders are
visible.

The pattern out side the axis here has no acous-
tic significance. While the pattern actually also
contains lines of higher orders (i.e. at greater dis-
tances from the centre), since these lines do not
occur on the horizontal axis, the sound recorded
on the film does not contain the corresponding
frequencies of 800, 1 200, etc.

Let us now consider the diffraction pattern of a
strip of film upon which the same frequency is
recorded obliquely ( fig. 3), with a (very exag-
gerated) angle of 15 degrees. The pattern again

Fig. 3. The same as fig. 2, but for recording with an oblique
slit. The diffraction pattern is identical with that of fig. 2
except for a displacement of the lines in a vertical direction.

contains the same lines of higher order, each line
with the old intensity distribution in the vertical
direction 5), but shifted in that direction over a
distance proportional to the number of the order.

This results in the fact that the second, third and
fourth orders are shifted on 'the horizontal axis
with appreciable intensity, and therefore upon
reproduction will occur in the sound as second,
third and fourth harmonics.

The optical spectrum of a vertically recorded
sound track thus gives us complete insight into the
sound spectrum which will be obtained upon oblique
recording or reproduction. The higher orders are
as it were ready to slide across the horizontal axis
upon oblique recording and to become observable in
the sound as higher harmonics.

In principle quite the same behaviour is found
with more complicated vibration forms (figs. 17
and 18). Here also the general structure of the
pattern remains intact, the lines, however, are
shifted along each other and may thereby cause an
appreciable intensity on the horizontal axis.

The calculation of the non-linear distortion caused
by an oblique position of the light slit thus falls
into two steps: the calculation of the normal dif-
fraction pattern and the calculation of the shifts

4) J. F. Schouten, Physica 7, 101, 1940.
5) Except for a slight difference which may be ascribed to the

slightly wider zero track and the slightly greater am-
plitude of the sound on this film.



I 1 2 PHILIPS TECHNICAL REVIEW Vol. 6, No. 4

I)

which this pattern undergoes due to the oblique
position of the light slit 6).

Calculation of diffraction pattern

The diffraction pattern of the perforated grating

Consider a parallel beam of light which is incident
perpendicularly on the surface of the film. If there
is a small hole in the film the light is diffracted
uniformly in all directions by this hole when we
confine ourselves to small angles of diffraction.

The coordinates of the rectangular hole are u and
v, its width and height du and dv, respectively, and
the angles of diffraction in horizontal and vertical
direction a and /3, respectively. We consider first
the diffraction of the rays in the horizontal direction
and draw the projection on the horizontal plane
through the u axis, see fig. 4. In this drawing a ray
through the point u is given which is diffracted
through a horizontal angle a and a similar ray
which would pass through the point zero.

38,2,

Fig. 4. Light diffraction at a hole (projection in the horizontal
plane).

On an arbitrary line AB perpendicular to the
path of the rays (the wave front) there is a difference
in path covered u sin a between the two rays, and
thus a phase difference (2 r u sin a)/2, when A
represents the wave length of the light used. If we
represent the light vibration at A by sincot (w is the
angular frequency of the light used), the light vi-
bration at B varies according to sin (cot 2aaul A),
where sin a has been replaced by a since we have
limited the case to very small angles of diffraction.
When we pass on to the two-dimensional case,
where the influence of the vertical component v
and the vertical angle of diffraction /3 are taken
into account, it is found that the ray a, /3 from
the hole u, v with the dimensions du and dv may
be represented in a corresponding way by

6) Mathematically speaking, the calculation of the non-linear
distortion has of course nothing to do with the light dif-
fraction. The method should only be considered as a wel-
come aid in bringing the very abstract manner of cal-
culation (namely with the help of two-dimensional
Fourier analysis) into expression in a graphic manner.

7ca 7t/3
sin (cot + 2

u +
2

v) du dv . . (1)
A

When a positive lens is placed behind the film
(fig. 5) every point in the focus corresponds to a
direction a, /3 of diffraction. The coordinates of this
focus are therefore equal to a and /3, respectively,

Fig. 5. Schematic representation of the arrangement for dif-
fraction experiments. The strip of film is illuminated with a
parallel beam of light. A lens is placed behind the film which
concentrates all the rays diffracted by the same angles a, /3
in one point of the focal plane. There is assumed to be a rect-
angular hole in the film with the coordinates u, v.

except for a factor. According to (1) the focal plane
is homogeneously illuminated, since the amplitude
of the light oscillation is independent of a and /3;
the phase, however, contains a and /3, and therefore
differs from point to point.

Let us now imagine on the film an infinitely long
horizontal row of holes at equal intervals 1 with the
coordinates u = x, x 1, x ± 21, etc., see fig. 6a.
On the focal plane the contribution of the mth hole
to the light oscillation is

7t13
sin coot +

2na
(x m/)

2
t) dx dv . (2)

A

The total oscillation is then obtained by summation
over all the holes. Physically this means an inter -

a)

b)

0

V

t
dx

- _____;:dv

x -Z x x+1

38095

Fig. 6. A perforated grating (a), consisting of an infinite row
of holes at height v and at distances I apart, causes a diffraction
pattern which contains an infinite number of equidistant
vertical lines (b) along which the light has a constant ampli-
tude.
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ti

ference between rays having the same direction and
coming from different holes. For certain directions,
namely for values of a for which

a = nA

the phase difference between each pair of rays
will be an integral multiple of 2n, independent of m,
whereby all the rays reinforce each other; for all
intermediate directions the rays will cancel each
other. The focal plane is therefore no longer homo-
geneously illuminated, the only light which remains
is at a series of infinitesimally narrow vertical lines
(fig. 6b).

For the amplitude of the light oscillation at
these lines we would find infinity upon summation
over the infinite number of holes. In the following,
however, we shall consider the contribution per
unit length of the film 7). At the nth line the con-
tribution of each hole is equal to

2nan 2n/3
cot + x dx dv,

per unit length of the film

1 2nan 27c/3L.I sin cot x v dx dv . (4a)2
or, when (3) is substituted and when for the sake
of simplicity we set 241A = b,

Ln =
1- sin at 2nn

x dx dv . (4b)

If, as will be the case in the following, we confine
ourselves to the calculation of periodic gratings,
we may always consider them to be made up of the
sum of a large number of perforated gratings of the
same period, shifted with respect to each other in
horizontal and vertical direction. Each of these
perforated gratings, independent of its position x,
y, leads to the same set of equidistant lines (3),
with, however, a difference in phase. The resulting
periodic grating, no matter what complex form it
may have in every period, will therefore only be
able to exhibit intensities on the same vertical lines,
and will only be distinguished by different intensity
distributions in a vertical direction.

As a following step we shall now derive the dif-
fraction pattern of the slit grating.

7) In practice one is always concerned with a finite length of
film. This is manifested (loc. cit.3, 4) solely in a slight
broadening of all the lines in the diffraction pattern, but
leaves the macro structure of the pattern unaltered.

The diffraction pattern of the slit grating

A grating consisting of equidistant vertical slits
which extend from v = 0 to v = y (fig. 7a) may be
considered as the sum of perforated gratings placed

a)

b)
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Fig. 7. A slit grating (a) with a height y and the period / causes
a diffraction pattern (b) which consists of vertical lines in the
same positions as in fig. 6b. Along each line, however, the
amplitude of the light now varies periodically. This is in-
dicated in the drawing by a variation of the thickness of the
line.

vertically one above the other. The diffraction pat-
tern obtained is the sum of the patterns of the in-
dividual perforated gratings. It is obtained by the
integration of (4b) with respect to dv:

2n ri
Ln

1 dxsin (wt + x by) dv

= 1 2n n
cos (cot + x)2nncos (wt + x by) dx . (5a)

2 by ( by= sin 1.  sin an +2n n
x dx (5b)

For each line n the amplitude of the light oscillation
as a function of the vertical coordinate b is therefore
given by the same function

2 by

bl sul 2 dx.

The amplitude 8), which in the case of the perforated
grating was constant over a whole line, has now
become periodic along each line and the intensity
of the maxima decreases proportionally to b (fig. 7b).

The diffraction pattern of a sinusoidal track.
Unilateral modulation

If we now join slit gratings of different height
y (but with the same period 1) together in a horizon -

8) In visual or photographic observation of the spectrum one
will always be concerned with the intensity of the light,
which is proportional to the square of the amplitude
of the light. For our considerations, however, it suffices
if we deal with the amplitude in all cases.



114' PHILIPS TECHNICAL REVIEW Vol. 6, No. 4

tal direction, we' obtain what is called in sound
film technology a modulated sound track. For a
pure tone

27"y=p+q cos , (6)

where p represents the width of the "zero track",
and q the amplitude of the signal (fig. 8); 100 q/p
is the percentage depth of modulation. In this way
a so-called unilateral modulation has been ob-
tained,' which indicates that only one boundary
of the zero track is varied.

y

38096

Fig. 8. A sound track containing a unilaterally modulated
sinemay be built up of a series of slit gratings, all of which have.
the same period 1, but which are shifted with respect to each
other in the horizontal direction. The zero track has the width"
p, the amplitude of the sine curve is q.

If we substitute condition (6) in (5a), and in-
tegrate with respect to dx, we obtain

1 + 2nn
= Kt cos co dx -

0

n-Rfecosotd-2mx+ b p q cos 7p2o

The second integral upon working out contains
terms of the for'm

cos (bq cos 27rx11) and sin (bq cos 27tx11),

which . cannot immediately be reduced to gonio-
metric functions, but which may be expressed in
a series with Bessel functions:

k=-1- co

cos (e cos 6). 2 (-1)k cos 2k0  J2k (0,

k=-1- co

sin (e cos 0) = 2 (-1)k cos (21c+1)0  J2k-}-1 (O.
k= - OD

By this means the expression for the light oscillation
in the diffraction spectrum may be reduced to

L
b

,= - 1 cos (cot + bp +
2
7r) Jn(bq) . (7a)

for n = +1, ±2, +3, while the. zero order is
given by . -

L = 1
- cos cot -

1
- cos (wt + bp) Jo (bq) . . (8a)

In these formulae Jn represents the Bessel func-
tion of the nth order.

For a good understanding of the character of the
diffraction spectra we shall for a moment consider
the behaviour of these functions. They may be
developed as follows in exponential series:

e e 6

J0(t) = 1 T + 22.42 242.62 + ' 7 +4
J1(E) =

e

,e . e
J2(t) = 2.4.7 22.4.6

e
-j1 = (°'22.42.6

e ' +j2 = +j-2'(°,+ 22.42.6.8

E5

j2(E) = 2.4.6 22.4.6-8

:E4 EBJ4(E) 2.4.6-8 22.4.6.840
usw.

+  = -Js(-p.= J--3 (E),

   = +.-74 =

-

As shown by the series and fig. 9, J0(e) shows great
similarity to a cosine, although with gradually
decreasing amplitude. Jim has the character of a
sine, while the Bess el functions of higher orders
are also oscillating functions but with progressing
retardation as concerns their commencement. They
reach their first maximum at a value of the argu-
ment which is greater than the order it by about one.
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Fig. 9. Graphical rePreseritation'of the Bessel functiOns M(E)
for the ordeiS'n = 0 to n = 6.

According to (7a) and (8a) the intensity distri-
bution along the line, of nth oi:der in -the diffraction
pattern -is cleteimined by the Bess el functiOn of
that order. More exactly: the amplitude of'the light
is given by the quantity _
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This quantity is represented graphically in the
model of fig. 10 by a number of positive and neg-
ative integral orders (except n = 0). The be-
haviour of the functions corresponds in character

Fig. 10. Model of the function .1.0) for a number of whole
number orders n, except zero. The vertical celluloid screen
represents the plane through the axis i = 0. In this plane
the function differs from zero only for n = ±1.

to that of the Bess el functions themselves (fig. 9),
and this behaviour is found to be perfectly reflected
in the spectrum recorded, fig. 11. It may be seen
that the higher orders reach their first maximum
at steadily increasing values of b, which gives the
whole pattern the form of a St Andrew's cross.

For the amplitude on the horizontal axis (b =0)
it follows from (7a) and (8a) that:

Ao = p
Ai = q12
A2 = A3 = A4

Fig. 11. Photograph of the diffraction pattern of the unilater-
ally modulated sine (v = 400 c/s). The light distribution
in this pattern is given by the model shown in fig. 10. The
horizontal axis b = 0 corresponds to the celluloid plane t = 0.

This confirms the proposition made at the beginning
in the general considerations that the diffraction
pattern on the horizontal axis provides the
Fourier analysis of the sound: the zero order is
determined exclusively by the width q of the zero
track, the first order exclusively by the amplitude
q of the signal, while all the higher orders have a
zero intensity.

The diffraction pattern of a sinusoidal track. Bilateral
modulation

At the present time it is almost universally
customary in sound film technology to vary not
one, but both boundaries of the zero track simul-
taneously. We shall derive the diffraction pattern
so obtained from that of the unilaterally modulated
track, and for this purpose we shall consider the
bilaterally modulated track to consist of two parts:
the part above and the part below the x-axis, i.e.
two unilaterally modulated tracks. The upper part
furnishes the pattern which we have already derived,
the lower part is obtained by not integrating from
0 to y in the calculation of (5), but from -y to 0.
This comes down to substituting in formulae (7a)
and (8b) -p and -q for p and q, and giving the
whole a negative sign. This gives:

Ln' = + -1 cos (cot- by +
2

-n71)Jn (-bq), . . (7b)

Lo' = - -1 cos cot -1 cos (cot-bp) Jo (-bq) . (8b)

If the two patterns are now added together we obtain
for all orders the light oscillation:

Ln = -2 sin (bp 2)Jn(bq) sin cot
b

n7c

,
(9)

The distinction between the diffraction pattern now ob-
tained and the original one consists in the fact that the width
p of the zero track, which with unilateral modulation (see 7a)
occurs only in the phase of the light oscillation (except in the
zero order with which we are not further concerned), now
enters the amplitude, and is therefore expressed in the in-
tensity distribution. It causes thereby, as fig. 2 also shows, a
series of equidistant zero points and maxima in each line,
which alternate for neighbouring orders, since according to
(9) they are determined for even orders by sin bp and for odd
orders by cos bp.

We must therefore conceive these extra zero points and
maxima as the result of the interference of the two diffraction
spectra, which are projected by the upper and lower parts,
respectively, of the track.

This phenomenon permits us to determine the quantities
p and q separately from the spectrum, since they are present
independent of each other. If the width of the zero track is
changed with q remaining the same, the distance between the
p zero points changes, while the St Andrew's cross retains its
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shape. If the depth of modulation is changed while, the width
of, the zero track remains the sonic, the slope of the arms of
the cross changes, while the p, zero points retain the same
separation.

On the horiZontal axis, according to the  above -
mentioned proposition, we may again only expect
the zero and first order. We find

Ao = 2p
Al = q

The diffraction pattern of obliquely recorded film

No matter how much the sound track may be
deformed by oblique recording, it still remains
periodical with the same period 1. As we have ex-
plained in the discussion of the perforated grating,
the diffraction pattern will therefore consist solely
of vertical lines in their old positions an. No new

.lines occur, only the intensity distribution of each
line in the vertical direction will be changed.

. Oblique recording in our method of building up
the' sound track amounts to the fact that we must
begin with a slit grating whose slits make a certain
angle y with the Vertical axis 9).

.0 x x+vtg x+l
U

38/20

Fig. 12. An obliquely recorded sound track may be built
up of gratings of oblique slits (angle ip). The diffraction
pattern of such a slit grating can be derived in the same
way as above, by integrating over perforated gratings. The
perforated gratings lying one above the other must then be
shifted with respect to each other according to the condition

= x v tan Ir.

We now attempt to derive the diffraction pattern
of this slit grating from that of the perforated
grating. The perforated grating at the. height v
Must now also be provided with another u coor-
dinate, namely by the replacing of x by x v tan y
(see fig. 12). The light oscillation (4a), when we
indicate the coordinates of the new diffraction spec-
trom by a' and i4', thus becomes

7ta'
- sin cot +

2
x +

(27ta'
tg + 24'1

2
) dx dv

?), The obliquely recorded film may be considered to be formed
from the vertically recorded film by an oblique angular
transformation in which the horizontal lines have remained
horizontal and`the vertical lines have been rotated through
an angle v.

:

lira 2n
or

-
- - sin wt x

1 .

where a a,
/.= /3'.+ a' tg

dx dv, . ' . (4)

With this the solution of our probleni is already
complete. -Equation (4c) is absolutely identical
With equation (4a), 'so that with, it, upon passing
'6'n to the slit, the sine, etc., we derive exactly the

I
a)

I

(13'=0)

13=0

b)

s,

Fig. 13. Transformation experienced by the diffraction pattern
when the sound track is recorded obliquely. All the vertical
lines in the pattern remain vertical, all the horizontal lines
are rotated through an angle ','(a). In order to find the new
acoustic spectrum, therefore, the old diffraction pattern
(with vertical slit) may be used by rotating the "horizontal
axis" through an angle p (b).

same diffraction patterns as for the vertically
recorded films. The only difference is that the coor-
dinates a and fl must be replaced by a' and /3' by
the use of equation (10),' which amounts to an
oblique angular transformation of the normal dif-,
fraction pattern, in which the vertical lines remain
vertical and the horizontal lines are rotated
through an angle ip (fig. 13). With this therefore
we have deduced the behaviour of the diffraction
pattern of obliquely _recorded film already described
in our general consideration.

This may be further illustrated by means of the
model of the function IJ,,,&)/4 which was . re-
produced in fig. 10. The different functions which
are cut out of paper are mounted in separate wooden
strips. The spectrum of the obliquely recorded film
is now bbtained (fig. 14) by sliding the strips along
each other. It is clear how the second and third
orders now slide across the horizontal axis (the
celluloid plane) and thus appear in the Fourier
spectrum of the sound' obtained upon reproduction.

The diffractinn pattern of the normal true sine,
which until now was of no acoustic interest outside
the horizontal axis, now takes on full significance,
since it is to be considered as a complete model of the
Fourier spectra which will be obtained at any
given angle of recording or reproduction. The new
"horizontal axis" 1$' = 0 is found in the normal dif-
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Fig. 14. The model shown in fig. 10 is so constructed that the
strips of paper which represent the light distribution along
the lines of the diffraction pattern can be shifted along each
other. In this way the transformation shown in fig. 13 can be
demonstrated.

fraction pattern according to (10) as a straight line
through the origin

= a tg (11)

The values of the amplitude of the light of the dif-
ferent orders on this line give us the coefficients of
the different higher harmonics.

We shall now carry out this calculation numeri-
cally for several practically important cases.

The Fourier spectrum upon oblique recording or reproduction

Unilateral modulation

The amplitude of the light oscillation upon diffraction by a
unilaterally modulated sine track is, according to (7a) propor-
tional to

1A. -b .1. (bq) (12)

If in (11) we again write 2n13/) = b and a = n All and express
the period I in the frequency v and the film velocity c (c = vl),
(11) becomes

2nnv
b tg v (13)

For small angles tp, thus for small values of bq, in the series
of the Bess el functions the first term is sufficient, and tan v
may be replaced by p. We then obtain

A - bn--1 qt, q nnqvv.'-2n  n! 2.n! c /

thus for the separate amplitudes A. and for the relative am-
plitudes B., referred to. the fundamental frequency:

Al - 2
7,q2

A2 =
2c

A3 = 3 n2f3 v2 u2
c2

n3A, = 4q4
3 cs

= 1,

B2
Al

n
co

IP= = V
A

22
B

3 Al

= =B4
A4

Al

2

8

3

OVA = 1,5

= 2,33

B22,

B23.

C2

c3n3q3

It may therefore be seen that the:amplitude Al of the funda-
mental frequency is independent in the first approximation of
the frequency v and the angle v. The relative intensity B2 of
the second harmonic is directly proportional to the sound am-
plitude q and to v and 'p, the third harmonic to the square of
these quantities, etc. We are therefore concerned with a non-
linear distortion which increases rapidly with the frequency.
This distortion is independent of the width p of the zero track.
For small angles the higher harmonics may be neglected com-
pared with the second harmonics, so that we need only deal
with the latter.
a If we assume a film velocity of 320 mm/sec and an amplitude
q of 1.0 mm, and if we express the frequency v in kc/s and
the angle v in minutes,

B2 = 0,29 ve, % (14)

The fundamental frequency is indeed independent of 'p
in the first approximation used until now, but its amplitude
will decrease in the second approximation as the model (fig.
14) also shows. Here also the quantity pip is the determining
factor. In sound film practice therefore the correct position
of the light slit is checked by recording the frequency 8 000
c/s and by adjusting the slit for reproduction so that a max-
imum sound intensity is obtained. The accuracy of this ad-
justment, particularly in unilateral modulation, may be seen
from the following example. It is for example required that
the second harmonic should not be stronger than 3 per cent at
4 000 c/s. This means according to (14) an angle ap of 21/2
minutes. From fig. 15, curve a, it then follows that upon ad-
justment with the frequency 8 000 c/s the amplitude of the
fundamental frequency may not deviate more than 0.15 per
cent from the maximum value.

1000
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Fig. 15. Amplitude of the fundamental tone of the sound which
is obtained upon oblique scanning of a sinusoidal sound track,
as a function of the angle 'p of the slit. The curve a is for
unilateral, b for bilateral modulation (frequency v = 8 000
c/s, depth of modulation 100%, zero track width 1.0 mm,
film velocity 320 mm/sec).

Bilateral modulation

The amplitude of the light oscillation upon diffraction by a
bilaterally modulated sine track is, according to (9),

A. =
17
2 sin (bp + .±) J0(bq).

2

For odd orders this amplitude is the same as the one just
dealt with, because for small angles cos bp may be considered
equal to unity. For even orders, however, a multiplication
factor sin bp occurs, so that the zero track width p now begins
to play a part. For small angles v we find
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The second harmonic has now become proportional to the
square of the frequency v and the angle V, and has therefore
fallel to about the same level as the third harmonic. Bilateral
modulation is therefore considerably more satisfactory than
unilateral modulation 10) as far as this distortion,is concerned.
Theease may be so conceived, thqt the upper and lower part
of the track are, as it were, in push-pull connection, so that the
even harmonics are suppressed in the first approximation.

If we assume Et,, total zero track width 2p = 1.0 mm and a
depth ofmodulation of 100 per cent

B2 = 0,0009 vans % (15)

If we now again require a maximum distortion at 4 000 c/s
of 3 per cent, the maximum permissible angle y = 15 minutes,
which condition, according to fig. 15, curve b, can be satisfied
by ttffjosting the amplitude of the fully modulated tone 8 000
within 7 per cent Of the maximum. -

Iq'fig: 16 the percentage of second harmonic is givdn as a
fmietion of the angle p. and the frequency v for unilateral and
bilateral Modulation.

10 15
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25 30'
t

Fig. 16. Percentage B2 of second harmonic as a function of the
angle v of the slit, for different frequencies v. The group of
curves a holds for unilateral, the group b for bilateral modu-
lation (depth of modulation 100%, zero track width 1.0 mm,
film velocity 320 mm/sec). It may be seen that in the latter
case the reproduction is much less sensitive to slight devia-
tions from the vertical position (v = 0) of the slit.

The diffraction pattern of two frequencies

When two frequencies v andµ with amplitudes
q and r, respectively, are recorded on the film, then
the following is valid for y:

27tvqcos-cx+ r cos -27y. x,

10) M. C. Batsel and E. W. Kellogg, J:Soc. Mot. Pict. Eng.
28, 516,,1937.

Vol. 6, No. 4

where c is the film velocity in recording and re-
production. This also may always be interpreted
as a periodic phenomenon, with a period which is
equal to the smallest common multiple of the
periods c/v and ch./.. The calculations, which we shall
not go into here 4), may then- take place quite
analogously to the case of a single frequency. It is
found that for angles a only' lines can occur which
satisfy the folloWing:

can., , + (-16)

where.n and in are positive or negative whole num-
bers. Besides the higher orders nv and mt.i, therefore,
all the intercombination lines occur.

With bilateral modulation the light oscillation is

L, = 2 sin (bp + n+ Jm(br) sincig . . (17)
2

nt

This is therefore determined by, products of
Bess el functions. - -

In figs '17a  and 18a two typical examples are
reproduced. Fig. 17a shows the diffraction' pattern
of a sound track with two only slightly differing
frequencies (v = 1 600, = 1 880 c/s), fig. 18a
the diffraction pattern for two frequencies far apart
(v = 1 600, p. =210 c/s). Figs. 17b and 18b show
the diffraction patterns for the same combinationS
of frequencies, .but in this case for .obliquely re-
corded film. As was to be expected, the patterns
have remained' .the same except for the oblique
angular .transformation. Since_ the normal pattern
also contains all the intercombination lines outside
the horizontal axis, they will occur in the sound
upon reproduction with oblique slit as combi-
nation tones, and to a -greater degree the higher the
order of the lines in question (the higher "the fre-
quency) and the closer to the horizontal axis they
reach their first maximum.

The calculation of this non-linear distortion is
quite analogous to that with one 'frequency. We
shall deal with one case as an example, namely
the intensity -of a, low difference frequency of two
high parent frequencies. The two high parent fre-
quencies will be much distorted. What is now the
magnitude of the difference frequency? Is it of the
same order as the two second harmonics, or much
smaller? The amplitude of the light oscillation in
the diffraction spectrum, according to (17) is -

\
n. m = -

b
sin (bp 2

m
a) lin (4) Jm (/!r).,

The diffeience :tone is obtained by setting' n = -1
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Fig. 17. Sound track with two different frequencies (v = 1 600, It. = 1 880 c/s) and
corresponding diffraction pattern, a) for recording with vertical slit, b) for recording with
oblique slit (ty = 15°). In (a) only the frequencies 0, 1 600 and 1 880 should be visible on
the horizontal axis. The difference tone 280 is, however, also clearly visible, which indi-
cates that a non-linear distortion was already present in the sound recorded.

Fig. 18. The same as in fig. 17 but for two frequencies lying far apart (v = 1 600, p, = 210
c/s). Again a) was recorded with vertical slit and b) with oblique slit. Here also the re-
corded sound was already distorted, as may be seen from the fact that in (a) on the hor-
izontal axis the sum and difference frequencies 1 810 and 1 390 and the second harmonic
3 200 are visible.

and in = +1, which gives as a first approximation:

2 bq br b2pqr
A-4,±1 = -

b bP 2 ' 2 - 2

Now according to equation (11) the value of b
which corresponds to the intersection with the "hor-
izontal axis" is always proportional to a, thus, ac-
cording to (16) proportional to the difference
frequency L.). --v formed. The amplitude of the

difference tone is therefore proportional to (v.-v)2.
We thus encounter a very remarkable kind of

frequency -dependent non-linear distortion, in which
the intensity of the combination frequencies formed
is independent of the height of the parent frequen-
cies and determined only by the height of the fre-
quencies formed. If the difference frequency is low,
it occurs only weakly, even though the two parent
frequencies are both very much distorted.
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A TELEPHONE INSTALLATION ON ULTRA SHORT WAVES FOR THE TROPICS

by  C. G. A. von LINDERN.

For telephone communication in tropical and subtropical regions Philips have developed a
transmitting and receiving installation which works on wavelengths of about 4 m. By the
use of directional aerials a distance of from 50 to 100 km can be bridged with a transmitting
power of 40 W if the transmitting. and receiving installations are situated at sufficiently
great altitudes, as on mountain tops. With this latter condition in view the installation is
arranged for operation from a distance, while at the same time all precautions have
been taken to protect the transmitter against the ,clangers involved in being set up in the
open in a tropical climate. After a short description of the construction of the transmitter,
the precautions mentioned are dealt with in detail. These are embodied in all kinds of
structural particulars of the transmitter. In conclusion the operation from a 'distance of the
installation is discussed.

For the telephonic bridging of oceans or exten-
sive regions which are thinly populated it is usually
simpler to achieve a radio connection than a
cable connection; with very great distances the
radio connection is indeed the only possibility. But
even when it is a question of short distances, of
only 50 or 100 km, for instance, under certain cir-
cumstances a radio connection may be preferable
to a cable connection.. Such conditions occur es-
pecially in tropical and subtropical regions: jungle,
swamps and deserts in this case seriously hamper
the installation of overhead wiring or the laying
of cables, while, moreover, the cable connection
always remains very vulnerable due to climatolog-
ical conditions, and is accessible only with dif-
ficulty for any necessary repairs. -

For such cases a radio connection on ultra short
waves below 5 m is indicated. We shall describe an
installation designed for this purpose, in which
particular attention has been paid to the require-
ments made of the construction in .a tropical climate.

The general design

The ultra short waves below 5 m have only a
limited sphere of action with the output which may
be used in practice: roughly speaking these waves
are not propagated much farther than the distance
of optical visibility. For the cases here under con-
sideration, however, this is no objection, since it is
only a questicM of relatively short distances which,
when the transmitting and receiving aerials are
mounted at great enough altitudes, make the two
stations visible to each other. On, the other hand
the use of waves shorter than 5 m offers' special
advantages. In the first place in this wave -length 
region numerous transmitters may be used without
their, frequency ranges interfering with each other,
an advantage which is further increased by the above -
mentioned limitation of the_ sphere of actina,-since-
this makes it -possible to, use_a given wave length

621.396.5.029.6

several times in the same district. The great freedom
in the frequency range can, also be used to give the
transmitter and receiver a band width such that
a number of conversations can be transmitted
simultaneously in different channels of the side
bands (carrier -wave telephony). In the second place,
with -respect to transmitting energy also, short
waves have advantages over longer waves. While
it is indeed more difficult to generate large trans-
mission outputs on short waves, there is the pos-
sibility of concentrating the energy emitted in a
beam. At a wave length of 4 m with a directional
aerial of reasonable dimensions a tenfold ampli-
fication of the energy radiated in a given direction
can be obtained (of course at the expense of the
energy radiated in other directions). For the case
in question where the radio connections form part
of a 'telephone network, and where, therefore,
several of such radio connections must be connected
in series, a signal intensity at the receiver must be
required which is at least 50 dB above the normal
interference level (noise). By the use of directional
aerials (at the receiving end also) this signal to
interference ratio, at a distance" of 50 km, for
example, and with the use of the best receiving
valves available at the present time, can already
be obtained with a transmission output of 30 to
40 W.

We have already 'mentioned that it is necessary
to mount the aerials of transmitter and receiver
at a great altitude, a mountain top for instance,
in order to obtain the direct "line of vision". Since
the supply line for the aerial must be short, the
transmitter and receiver must be in the immediate
neighbourhood of the aerials, while the telephone

. exchange where the radio connections terminate
- may in general be at some distance, in the valley

for instance. ThiS has two consequences: the trans-
naitte-i and receiver must in general be set up in the

' open and work without attention, and the switching
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on of the apparatus must be able to take place
froni a distance. In the following there will be op-
portunity of discussing the consequences which
these conditions lead to in the construction of the
system.

In fig. I the situation described is sketched
simply. For transmitter and receiver directional
aerials may be used which consist of a number of
parallel rods mounted one behind the other. For
the conversations in the two directions a slightly
different wave length is used in order that the re-
ceiver of each station -will not be affected by the
transmitter of the same station.

achieved via the above -mentioned alternating
magnetic field, see fig. 2. Only those oscillations with
the wave length A are then built up and maintained.

The resonance curve of the long line is sharper,
i.e. the frequency of the transmitter is more con-
stant, the fewer the dielectric and other losses oc-
curring in the long line. The dielectric losses in
our case are practically zero, since the concentric
"cable" is built up entirely without solid insulating
materials: the outer conductor is a strong copper
cylinder 25 cm in diameter, the inner conductor a
.rod of 5 cm diameter and 1 m length inside the for-
mer, and entirely free of it. The losses by radiation

38144

Fig. 1. Sketch of the arrangement for the radiotelephonic connection. In the neighbourhood
of each of the two telephone exchanges to be connected the transmitter and the receiver
with their directional aerials are set up at a high altitude. Each installation is connected
to the corresponding telephone exchange by means of a telephon.F line and a power
cable for the supply.

Connections of: the transmitter
The transmitter proper consists of three stages:

an oscillator stage whichcfurnishes a high -frequency
oscillation of small amplitude but with a constant
frequency in the neighbourhood of 75 Mc/s (4 m
wave length), an intermediate stage and an output
stage in which the oscillation is amplified to an
output of 40*watts. The frequency of the oscillator
stage,. which contains two pentodes PE 06/40 in
push-pull connection, is determined by a so-called
long line. This is a concentric cable short circuited
at one end and open at the other. If the length of
the inner conductor is l, with oscillations of the
wave length 4/, or 41/3 or 41/5 etc. resonance occurs,
i.e. only for these wave lengths, does an appreciable
alternating magnetic field between the two con-
ductors occur. The back -coupling of the anode cir-
cuit, roughly tuned to A = 4l by coils and conden-
sers, on the grid circuit of the oscillator is now

and induction in the surroundings are rendered
very small by making the outer conductor some-
what longer than the inner conductor and shutting
it off completely ( fig. 3).

Due to the coupling with anode and grid circuit
of the oscillator valves, the characteristic frequency
of the long line is to some degree affected by the
rest of the connections. This undesired influence
is kept small by not making the coupling too firm,
and by including only a small anode impedance in
the oscillator. This all means that only a small high -
frequency output can be obtained. The amplifi-
cation of the high -frequency oscillation. in inter- .

.mediate and output stage takes place with triodes
TE 05/10 'and TB 1/60, -respectively, whereby the
undesired reaction, of the anode on the grid circuit
Caused by the anode -grid capacity is eliminated
with neutrodyne condensers.

Modulation' is accomplished by changing the
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+400V -90V +1000V
38147

Fig. 2. Connections of the transmitter (simplified). The backcoupling of anode circuit on .

grid circuit of the oscillator 0 takes place through coils L1, L2, which are within the alter-
nating magnetic field of the "long line" K. V intermediate amplifier stage, E output stage,
N neutrodyne condensers, A aerial, M modulator. Modulation is accomplished by changing
the anode voltage of the output stage. The modulating voltage entering at G is amplified
in three stages; the coil Ls provides a tenfold inverse feed -back.

+250V

anode voltage of the final stage (fig. 2). The micro-
phone voltages coming in over the line from the
telephone exchange are amplified in three stages,
so that it is possible to modulate the transmitter
fully with a low -frequency input power of only 1/4
milliwatt (an ordinary telephone apparatus pro-
vides 1 mW, so that the telephone line to the trans-
mitter may cause an additional attenuation of 6 dB,

25
38145

Fig. 3. Construction of the long line. It consists of a copper
cylinder 25 cm in diameter in which a copper conductor 5 cin
in diameter is fastened concentrically. The length of the inner
conductor determines the wave length of the chaiacteristic :
oscillation of the whole.

ka.

+990V

i.e. by a factor of 4). The frequency region of the
modulator lies betWeen 300 and 50 000 c/s for the
first installation constructed, i.e. in this region the
amplification 'factor remains constant within 2 dB,
while the non-linear distortion with full load
amounts to less than 1 per cent. This latter is ob-
tained by a tenfold inverse feed -back. The broad
frequency band, as was already mentioned at the
beginning, permits telephony on a number of chan-
nels at the same time. If desired the modulator
can be constructed for a still much wider frequency
region having a width oPseveral 100 kc/s' without
great, difficulty.

1

As to thd supply -of the transmitter, it is assumed
that there is a 220 volt A.C. main at the telephone
exchange, to which the transmitter can be connect-
ed. The necessary rectifiers are therefore introduced
into. the, transmitter in order to obtain the anode
voltages, heating currents; etc. from the, main.
If no mains connection is available, as may ,some-
times be the 'case in places far from civilization, a
petrol aggregate ,must be used Jor generating -.the
current.

Construction of the transmitter

A transmitter which must function in a tropical
climate and, moreover, in the open and without
supervision, is exposed to many kinds of dangers.
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It is protected against rain and sand by being en-
closed in a strong tight case which is hung several
metres above the ground on an aerial mast to remove

38146

Fig. 4. The transmitter is enclosed in a strong closed case which
is hung several metres above the ground on one of the 20 m
high aerial poles.

it from the undesired attentions of the uninitiated
and of all kinds of animals (fig. 4). A second danger
ready to attack the transmitter are various kinds
of fungi and the white ants so feared in the tropics.
If it is not possible to seal the case by soldering it
-which is of course the case here, since it must be

a

opened once in a while for inspection and repair -
there is only one sure method of preventing damage
by these insects: in constructing the transmitter
all materials must be avoided which could possibly
stimulate the appetites of white ants and the like.
This means in the first place that no textile or
similar material may occur as insulation for the
wiring; the wiring is thus bare and is supported
by small insulators of high -frequency porcelain.
Where "edible" insulation materials were una-
voidable, as in the windings of the transformers,
and chokes of the supply apparatus, the parts
are housed in sealed oil containers with porcelain
leads soldered in, see fig. 5. At the same time
the temperature increase of the windings is hereby
decreased which is doubly welcome in connection
with the third great difficulty encountered in the
tropics: the high temperature of the surroundings.
This latter is particularly unpleasant, since the
cooling of the transmittter is made difficult by the
closed case which may not even contain any ven-
tilation openings. In order to promote the dissi-
pation of the heat developed in the case - the trans-
mitter consumes 660 W - the walls and doors are
made of double plates between which the outside
air can circulate. In this way a larger surface takes
part in the transmission of heat to the outside.
In the case itself local overheating is avoided by a
forced air circulation by means of fans. This neces-
sitated a favourable arrangement of the different
parts of the transmitter. In fig. 6 the arrangement
may be seen. The long line is placed vertically along
one side, and above it the oscillator stage. In the
middle of the case is a frame, to the front and back

b

Fig. 5. Panel with supply apparatus a) front, b) back. The large container filled with oil
contains the transformers and choking coils. On top of the container is an expansion cham-
ber. Smoothing condensers are mounted in the boxes on either side of the rectifier valves.
The wiring is bare, all leads through are made of high -frequency porcelain. The large holes
in the rear wall of the panel promote the air cooling.
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of which, both accessible by means of doors, a
number of panels are fastened which contain the
other stages of the transmitter, the supply appara-
tus, measuring instruments, switching arrange-
ments, etc. The frame with its panels is separated
from the long line by a partition; the fans which
cause the air to flow upward along the panels and
down along the long line are set into this partition.

increase in temperature. If simply a copper rod
with a coefficient of expansion of 162 x 10-7 were
taken as inner conductor, upon a temperature
change of 20° the length would vary by 0.032 per
cent, which, with a wave length of 4 m would mean
a shift of the carrier -wave frequency by about
24 000 c/s. In order to combat this very undesired
effect the inner conductor is made of a tube of

Ijl
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Fig. 6. Transmitter case with opened doors. At the front (a) may be seen to the right the
partition which shuts off the long line and above the latter the oscillator stage. In addition
a number of panels which contain (from top to bottom): a cathode ray tube, intermediate
and output stage, measuring instruments, relays and switches. On the door are two reserve
units. At the back (b) may be seen three panels (from top to bottom): the modulator, the
supply apparatus for the heating voltages and the anode voltages of the first stages of
transmitter and modulator, and the large supply apparatus for the anode voltage (1 000
volts) of the output stages of transmitter and modulator. Through the ventilation holes
the wiring lying in the franie may be seen.

Thanks to these measures the temperature of all
the parts is limited to a maximum of 70 °C at a
temperature of the surroundings of 45 °C.

We shall now discuss several details of the con-
struction.

The construction of the long line has already been
discussed to some extent in the foregoing, and it was
pointed out that the frequency is determined by
the length of the inner conductor. Now this length
changes due to the expansion of the material upon

quartz over which a thin covering of copper is
slid. The covering consists of two sections which
are fastened to the ends of the quartz tube and
connected with each other by an intermediate
section which is extensible like an accordion, see
fig. 3. The result is a copper rod whose length is as it
were determined by the quartz tube. The coefficient
of expansion of quartz is only 6 x 10-', so that the
same calculation as above now gives a variation
of only 900 c/s.
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Since the grid -anode capacity of the triodes
which are used in the intermediate and output
stages of the transmitter may be somewhat dif-
ferent for different valves, upon changing defective
valves the neutrodyne condensers must be adjusted
anew. In order that this may also be done by un-
skilled personnel, two complete reserve units
are hung on the inside of the door of the transmitter
(see fig. 6a), which units are neutrodyned in ad-
vance, and can simply be slid into the place of the
old units in the corresponding openings of the
panel involved. The necessary connections are
automatically made by a set of contacts. In fig. 7

Fig. 7. Complete reserve units neutrodyned in advance. To
the left for the intermediate stage, to the right for the output
stage. These units can be slid into appropriate openings in
the transmitter panel (fig. 6a second from the top).

the reserve units are shown separately. It may be
seen that the connection between the valves and
the other parts of the circuit have been kept very
short, which is desirable in connection with the
high transmission frequency. The neutrodyne con-
densers, which are clearly visible in the right-hand
unit in fig. 7, consist of two plane parallel metal
discs which are held apart by porcelain rods. The
distances between the condenser plates, as well as
between other points between which high -frequency
voltages act 1), are so chosen that even in moun-
tainous districts, where due to the decreased at-
mospheric pressure and other causes the breakdown
voltage may be considerably lower than at sea level,
no breakdowns can occur.

1) With an anode D.C. voltage of about 800 volts (due to the
high temperature of the surroundings the valves work with
a decreased load, namely only 60 per cent of the permissible
anode voltage, which is 1 200 volts) peak voltages of about
3 200 volts occur at full modulation.

The oil containers in which the transformers, etc.
are housed have an expansion chamber in which
the excess oil is driven when the liquid expands due
to the heat (at 50° temperature difference the
change in volume amounts to about 5 per cent).
In order to prevent the oxidation of the oil as far as
possible the expansion chamber is so constructed
that the surface of contact between air and oil is
small. Upon cooling, the oil runs back, and in doing
so draws in a quantity of fresh air. Since in tropical
climates the air is always very moist, and this is
particularly undesirable for keeping the oil in good
condition, the air as it flows into the container is
made to pass a long distance over a drying agent
(silica gel).

In order to make the necessary connections be-
tween the panels there is a horizontal strip with
porcelain leads behind every panel, at which the
bare wiring lying in the frame terminates and to
which the panel is connected. As far as possible
the connections on the strips are so. arranged that
the bare wires do not cross each other. Where cross-
ings were unavoidable, they are concentrated in
two of the horizontal strips: these strips are con-
structed as closed cans in which the connections
between the leads on one side (toward the panel)
and the other sides (to the frame) may cross each
other as much as is necessary, since the can is later
filled with a so-called tropics compound, a pitchlike
insulation material with a high softening point.
The can is then sealed by soldering. Particular at-
tention must be paid to the earth connection with
the high frequency used here. A very good electrical
contact between the chassis of the panels and the
frame is essential. This is obtained by applying
the Schoop process to the overlapping edges of
panel and frame 2).

The receiver

On the subject of the receiver we may be brief.
It is a superheterodyne apparatus with an inter-
mediate frequency of about 3 Mc/s and a band
width of about 120 c/s (twice the maximum
modulation frequency of the transmitter, increased
by the amount by which the transmitter frequency
may vary due to the abovementioned effects).
The frequency of the auxiliary oscillator is here also
kept constant by means of a long line. The reaction
experienced by the long line from the rest of the
connections is in this case much less than in the
transmitter because of the much smaller powers

2) In this process a firmly adhering layer of metal is deposited
by spraying.
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(smaller amplifier valves). The output of the re-
ceiver is adapted to the impedance of the line to the
telephone exchange (normally 600 ohms) by a
transformer.

The construction of the receiver is quite analogous
to that of the transmitter. With the appurtenant
supply apparatus it is assembled in the same kind
of case as the transmitter, and the same consider-
ations are valid for the wiring, etc. The heat prob-
lem was here much less serious of course, since
the receiver consumes only 110 W.

The operation of the installation

The receivers of the two telephone exchanges in
radiotelephonic connection must remain in action
permanently during business hours, in order that
any calls may be announced. The transmitter on
the other hand will be preferably switched off after
each call on lines which are not too busy. In order
to be able to answer a call immediately, the trans-
mitter must be able to be switched on in the short-
est possible time. For this reason as far as possible
valves with directly heated cathodes are used
which are ready for use several seconds after being
switched on. Where because of their more favour-
able properties (steeper slope, less hum, etc.)
indirectly heated cathodes were specifically de-
sirable, the cathodes are kept permanently heated.
In order not to shorten the life of the cathodes,
the anode voltages are only switched on 3 seconds
later than the directly heated cathodes, and then
at a value 25 per cent lower than the normal, which
is only increased to the normal value after an ad-
ditional 10 seconds. It is thus possible to speak
3 seconds after the transmitter has been switched
on, although with a higher interference level for
the first 10 seconds, since the lowered anode volt-
ages involve a less favourable signal -noise ratio
at the receiving end. The switching on in steps
also limits the magnitude of the commutation
current surges, so that the fuses introduced at
various points can be smaller and the contacts
suffer less wear. ,

The switching on of the transmitter in steps as
mentioned takes place by means of a number of
relays and bimetallic contacts, all of which are
mounted on a panel in the transmitter case (see
fig. 6a). The first relay, which switches on the re-
ceiver and all indirectly heated cathodes, is set
in operation from the telephone exchange when the
service begins by sending a direct current of 10 mA
along the line to the transmitter. When a call is
received the telephone operator switches her tele-
microphone to this line, and the direct current men-

tioned is thereby automatically raised to 40 mA
by an auxiliary contact. This sets in action a second
relay in the transmitter which provides for the
successive switching on of the directly heated cath-
odes, the diminished anode voltages and the nor-
mal anode voltages.

In a telephone network a signal with a frequency
of 50 c/s or lower is usually used for calling, since
the bells of ordinary telephone apparatus are made
for this. According to the above description, how-
ever, the modulator of the transmitter is not suited
to such low frequencies (the frequency characteris-
tic falls off sharply below 300 c/s). Therefore at
the telephone exchange at the beginning of the line
to the transmitter a separate call apparatus is
installed (fig. 8). This contains an auxiliary os-
cillator which is set in action by a relay reacting
to 50 c/s, and which gives a signal on the line of
2 700 c/s. At the receiving end this signal, via
a sharp cut-off filter (also included in the call ap-
paratus), reaches a relay arrangement which now
provides the ordinary call signal for the apparatus
of the operator. At the same time the current
source, switches and milliammeter for the direct
currents with which the whole radio installation is
operated are included in the call apparatus.

In conclusion it may be mentioned that the trans-
mitter case contains a number of measuring in-
struments for testing the action of the whole and
for detecting any defects. These instruments may
be seen in fig. 6a on the middle panel; the upper
row indicates the current in the different stages
of the transmitter, to the left and right below the
mains voltage supply and the heating current of
the output stage are read off, while the centre
meter can be connected at will to a number of

Fig. 8. The auxiliary apparatus in the telephone exchange.
In this apparatus are the arrangements for switching on the
installation from a distance and for calling the station.
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points in the connections by means of the row, of
contacts to be seen below it. In the upper panel;
see fig. 6a, a cathode ray tube is installed, to whose
deflection plates the low -frequency voltage of the
modulator and the high -frequency voltage of the
aerial (taken from the aerial supply line led through

the top of the case) are applied. On the screen of
the tube the modulation characteristic 3) is ob-
tained in this way, which gives visual evidence of
the depth of modulatiOn and any deformation
which may be present.
3) See H. van Suchtelen, Philips techn. Rev. 3, 248, 1938.

ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS OF THE
N.V. PHILIPS' GLOEILAMPENFABRIEKEN

An adequate number of reprints for ;the purpose of distribution is not available of those
publications marked with an, asterisk. Reprints of other publications may be obtained
on application to the Natuurkundig Laboratoriurn, N.V. Philips' Gloeilampenfabriken,
Eindhoven (Holland), Kastanjelaan.'

1520: T h. J. W eij er s : Recente ontwikkelingen
betreffende frequentienaodulatie (Recent
developments in frequency modulation) (T.
Ned. Rad. Genoot. 7, 315-365, Oct. 1940).

A method was proposed by Armstrong in 1936
of obtaining radio reception with less interference
due to noise by means of frequency modulation than
is possible with amplitude modulation. In this
lecture before the Netherlandg Radio Association
a theoretical discussion was given of the frequency
modulation which in its main features follows the
line developed by Cars on and Fry in 1937, but
which is somewhat simpler in various details.
It is found that by making use of frequency modus
lation it is possible to improve the quality of the
reproduction much, more than is otherwise possible
without disadvantage to the selectivity. In order to
achieve these favourable results it is necessary to use
frequency variations, which are large with :respect
to the highest modulation frequency which is to be
transmitted. It is, moreover, necessary td provide
the receiver :With an amplitude limiter. '

1521.: F. A:Kr,oger: ZnS, CdS, MnS en meng-
* kristallen in het ternaire sYsteem ZnS-CdS-

MnS. (ZnS, CdS, MnS and, mixed crystals
in the ternary system ZnS-CdS-MnS).:
(Chem: Wbl. 37, 590-596, Nov. 1940.)..:

In this lecture given before, the sections for
,

Colloid Chemistry and Physical Chemistry, of ,the
Netherlands Chemical Society, the- appearance 'of
mixed crystals in the ternary system of ZnS-CdS:.
MnS was discussed on the basis of the phase theory.
These investigations were carried out in connection

with the fluorescent "properties which such
. .

sub-
stances possess.

1522*: K. de Boer: Stereofonische geluidsweer-
,gave (Stereophonic sound reproduction)
(diss. Delft Dec. 1940).

In this dissertation a survey is given of the in-
vestigationswhich have been carried out on the"
subject of three-dimensional hearing and three-,
dimensional reproduction of sound. 'In addition to
the work of the author himself the results obtained
by others are also discussed. The reader is referred
to the articles which haVe already appeared on this
subject in this 'periodical 4, 316, 1939, 5, '107 and
182, 1940.

1523: A. B ouwer s: Een toestel voor de local-
. seering van projectielen (An apparatus for

the localization of projectiles) (Ned.. T.
Geneesk. 84, 4665-4667, Nov. 1940).

For a detailed description of this "bullet finder"
the reader is referred to: Philips techn. Rev. 5,
309, Nov.' 1940.

1524: J. A. M. van Liempt and J. A. de Vriendi
The fusing time of fuses. III (Z. Phys. 117,
18-19, Dec. 1940) (Original in German).

Earlier investigations by the . authors on the
fusing time of thin fuses as dependent upon the
short-circuit current are continued for the cases
of different metals and "alloys. The measurements
were carried out with direct current (according
to a method already described in this periodical 4,
118, 1939) with wires of different shaped cross sec-
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tions. As was to be expected theoretically the shape
of the cross section of the wire has no effect on the
fusing time.

1525: K. F. Nies s en: Electrical field strength
as a function of the energy consumed by the
aerial II (Physica 7, 897-908, Dec. 1940)
(Original in German).,

In continuation of 1510, the vertical electrical
field is calculated which is excited by a half wave
length aerial at a point above a flat dry earth, for
which a dielectric constant of 4 and a conductivity
of 10-15 may be assumed. As in 1510 the calculations
begin with the simple case where a mathematical
dipole is situated at a distance of a half wave
length above the earth. As in the earlier case a wave
length of 30 m is used; the essential difference from
the first publication consists in the fact that now the

.absolute value of the complex index of refraction
is not large compared with unity, and the argument
becomes practically equal to 45°, since the displace-
ment current is large compared with the conduction
current. The article ends with a comparison of the
results found here with the values which would be ob-
tained with the reflection formula. The striking point
is not so much the improvement which the formula
of S Ommerfeld gives compared with the reflection
form:lila, but particularly the fact that the field
has now been successfully calculated from the
total energy applied to the aerial, in which of
course the energy is also included which is later.
absorbed by the earth.

1526: J. A. M. v,an'Liempt and J. A. de Vriend:
Pupil  measurements with monochromatic
light. (Physica 7, 961-969, Dec. 1940)

(Original in German).

The size of the pupil with monochromatic light
has been measured as a function of the wave length
and biighiness with the help of Br oc a's pupil -
meter 'constructed by Moss. in the form of spec-
tacles. With increasing wave length the pupil
becomes' larger, with a sudden increase at 5 700

to 5 900 A. With mixed light there is, no simple
additivity in the size of the pupil. The sum-
mation law, as given by v. Kr ev eld for the
density of photographic material under mixed
light, and by B oum a for the subjective bright-
ness of a mixed radiation, probably holds for the
contraction of the pupil.

1528: J. D. Fast: Diffusie van gassen door me-
talen (Diffusion of gases through metals).
(Chem. Wbl. 38, 2-8 and 18-23, Jan. 1941).

A survey is given of the different mechanisms
of diffusion which may be present in metals: In
those cases where anything is known about the
mechanism of the diffusion of the gases through
metals, gas atoms (or ions) are found to diffuse
through the interstices of the metal lattice. Upon
the occurrence of a passage of gases through metal
walls, however, it is not exclusively a question
of this diffusion process, but also of two processes
at the entrance surface and two at 'the exit surface.
-Upon transmission -of gases through metals there-
fore there are different processes, each of which
possesses its own activation energy. For different
combinations of gas and metal and upon the use
of not too thick walls, five different cases can also
be realized, in each of which a different process
determines the velocity % of transmission. With
the help of potential curves the different possibili-
ties are represented diagrammatically. The writer
then examines which of these cases occur in practice.
Upon the diffusion of hydrogen through iron the
greates't activation energy is necessary at the en-
trance surface for splitting the molecide into atoms.
In the diffusion of hydrogen through palladium
and of oxygen through nickel, however, the great-
est energy is required at the exit surface for the
recombination of the atoms to molecules,
foi exactly the opposite process. , When hydrogen
penetrates through copper walls it is a case in which
the greatest activation energy is necessary for the
diffusion of the hydrogen atoms (or ions) inside
the metal.
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THE CAUSES  OF VOLTAGE AND CURRENT FLUCTUATIONS

by C. J. BAKKER. 621.396.645.3: 621.396.822

There are in principle only two, causes for the occurrence of spontaneous current and
voltage fluctuations in amplifiers: the thermal agitation of the electric charge in conductors
and the motion of free electrons insamplifier valves. These "sources of noise" in amplifiers,
which have been repeatedly discussed in this periodical, are here dealt with once again
on the basis of new information which has lately been gained. Special emphasis is laid
on the significance of cosmic phenomena in the noise on aerials and on the disturbing
effects of the induced currents which are excited by the fluctuations in the emission of the
cathode on the control grid of an amplifier valve.

The weak spontaneous current arid voltage
fluctuations which occur in every electrical circuit
have repeatedly been discussed in this periodical').
These current and voltage fluctuations may give
rise to undesired phenomena when they occur in
an apparatus or a part of an apparatns in which
extremely small currents and voltages are used,
such as a microphone, a photocell or the aerial
and the input circuit of a radio receiving set. In
the last case the effect of the' spontaneous current
and ' voltage fluctuations is, universally familiar;
they lead to a continuous sound which is usually
called the noise of the receiver.

As causes of the noise in receivers, in the articles
referred to above, the resistances and the amplifier
valves present in the circuit were mentioned. During
the' three years since the publication of these ar-
ticles new information has been gained about the
spontaneous 'Current and voltage fluctuations in
such circuit elements, which information is found
to be of special importance in the 'case of reception
on short waves. Since the combatting of the char-
acteristic noise of the set is found to forth one of
the chief problems in the construction of short wave
receivers, we shall again discuss the voltage and
current fluctuations in resistances and electronic
valves on the basis of the new information, while the
results produced by the fluctuations on the perfor-
mance of the receiving sets will be dealt with in a
following article in this periodidal.

1) M. Ziegler. The causes of noise imaiiiplifiers, Philips techn.
Rev. 2, 136, 1937; Noise in amplifierS)contributed by the
valves, Philips techn. Rev. 2, 329, 1§37; Noise in receiving
sets, Philips techn. Rev. 3, 189, 1938.

Voltage and current fluctuations in resistances

The voltage and current fluctuations which occur
in resistances may be considered as a: thermal phe-
nomenon: the more or less "mobile electrical charge'
which is situated in the interior of a resistance is not
only brought into motion by an applied voltage,
but it also takes part -in the thermal molecular
motion, just as in the case of microscopically small
particles suspended in a liquid (Brownian move-
ment). This motion of the charge is manifested as
an irregularly varying current of which it may
be proved that in intensity and character it is eri-
tirely determined by the Magnitude of the resistance
and the temperature, while the nature, of the re-
sistance (for instance, whether carbon or  wire
resistance) is without effect 2).

If the spontaneous current fluctuations are re-
solved into components with different frequencies,
a continuous spectrum is found in which all fre-
quencies occur in equal intensity, i.e. each fre-
quency band zlf furnishes the same contribution to
the effective current, independent of the" requency
f itself. The mean square value of this current con-
tribution is given by the formula

- 4 kT
fiiR2

(1)

2) The thermodynamic consideration's amount to the fol-
loWing: Two resistances A and B which have the same
temperature are considered to be connected in parallel:
the voltage fluctuations generated by A must then heat
resistance B by the same amount as the fluctuations gener-
ated by B heat'A. Otherwise there woulcl,be a temperature
difference which would be contrary to the fundamental
laws of thermodynamics. See on this subject also the first
article referred to in footnote 1).
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where k = 1.38 X 10-23 watt sec/degree represents
the Boltzmann constant, T the absolute temper-
ature (°K), .R the resistance in ohms an.di the fre-
quency in c/s. The formula determines the fluc-
tuation current in amperes which occurs when the
resistance is short circuited. The fluctuation
voltage vR between the ends of an open resistance
is often desired. This is connected with iR by vR=RiR, ,
and therefore

vR2 = 4 kTR df (la)

In order to give some idea of the order of magnitude
of the fluctuations let us consider a resistance of
105 ohms. At room iemperature and with a fre-
quency band of 104 c/s, equation (1) gives an
effective current of

iR2 = 4.10-14 A,

while from equation (la) the following voltage fluc-
tuations result:

1/vR2 = 4 (..f.V.

Up to this point the fluctuation phenomena were
also discussed in the article referred to above on
the causes of noise in amplifiers. If we now apply
the results to actual connections, various questions
arise whose answers are not immediately obvious.
The first question is the following. One of the resist-
ances which may cause considerable disturbance
by ,their voltage fluctuations is the resistance of
the tuned oscillator circuit which is connected be-
tween control grid and cathode of the amplifier
valve (see fig. 1). When we wish to calculate the
voltage fluctuations on the grid, what value of the
resistance must we, choose, the resistance of the coil
(r), which may be considered as the actual source
of the fluctuations, or the resonance resistance Rix
of the whole LC circuit (L/Cr) which is connected
between control grid and cathode ?

The answer is that this must be a matter of
indifference when the calculation is correctly
performed. Since the voltage fluctuations over a

Fig. 1. Diagram of the connections of a high -frequency am-
plifier stage. Between cathode and control grid a high -fre-
quency oscillator circuit is connected which may be considered
as a resistance .fli,c for the resonance frequency. '

Vol. 6, No. 5

resistance of a given size are independent of the
nature of the resistance, the voltage fluctuations
over the oscillator circuit are determined by the
resonance resistance R.Lc in the neighbourhood of
the resonance frequency. The mean square of the
fluctuation voltage must therefore have the value

Vc2 = 4 kTRLc df (2)

The first mentioned argument is, however, also
correct; the source M the fluctuations is exclusively
the series resistance r of the coil, see fig. 2 (other
sources of damping, such as that of the condenser
and the input damping of the valve will here be
neglected), and when we assume a voltage fluc-
tuation of

j= 4 kT r df

in series with the resistance r, we ,must also
the correct result.

obtain

Fig. 2. a) Voltage fluctuations in series with the resistance
RLC of the oscillator circuit. b) Voltage fluctuations in series
with the resistance r of the coil. If the damping of the oscil-
lator circuit is caused only by the resistance r of the coil,
the two diagrams are equivalent to each other.

The fact that ,the two lines of reasoning are ac-
tually equivalent'is confirmed by simply calculating
the voltage on the oscillator circuit, beginning with
the fluctuation voltage over the resistance r. For
this p'urposewe consider a component of the fluc-
tuations having a given angular frequency, w. The
voltage fluctuations v =then cause a current through
the oscillator circuit which is given by

r + -
Cl

This current causes between control grid and
cathode of the amplifier valve an A.C. voltage:

-zVc -
PDC (1- 2LC) jcorC

and by taking the mean square over the time the
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following result is Obtained:,.

Vc2 = 4 kT df (3)(1 -co2LC)2 co+ 2r2c2

In the special case of the resonance frequency,.
co2LC = 1, and therefore

Ve2 = 4 kT zif (-L)
. Cr ,

The expression in parenthesis is the resonance
resistance Rix of the oscilla'tor circuit, so that
equation (2) is confirmed.

In a frequency region outside the resonance fre-
quency the following formula is valid for: the im-

Tedance in parallel with the oscillator circuit:

Zyc =
r + jcoL (1- co2LC --r2C)

, ; L
(1- co2LC)2 + 20) r2c2 -X -I- jY*

-The real part of this corresponds to the fraction in
equation (3). From this it follows that the voltage
fluctuations on an oscillator. circuit for any given
frequency can be 'described by the general formula:

Vc2 = 4 kT X 4f, (4)

where, X is the real part of the circuit impedance.

In order to be able to use equation (4) the frequency
interval [If must be chosen so small that within 'this interval
the circuit impedance does not change to any extent. If one
is concerned with a finite frequency interval, Xalf must be
replaced by fXdf. The exact expres'sion for the mean square
of the fluctuation voltage then becOmee:

Vc2 = 4kT
r 'Xdf =4kT f.

2n (1- co2LC)2 co2r2C2'

By the introduction of the resonance frequency 1/1/LC wo

and of the symbols i.o/to, = x and cy2r2C2 = a2 this formula
Can be written:

4kT a 7. dxV 2 - (4a)V
C 2n x, (1-.2)2+.2.2

; =

The integration is somewhat complicated, but does not offer
any fundamental difficulties. The general integral

4kT a [ arctgax -1-
1 x2 + x 1 41 ± 1 x'

C 2n za 1-x2 41 nx2 -xirii-.LTC2+1

We shall now consider two special cases more closely. Firstly
the case, which is interesting from a physical point of view,
where the integral extends over all frequencies (x2 = 0,
x2 = ot.), secondly the case which is more important tech-
nically where only a certain region ,on either side ,of the res-
onance frequency furnishes a contribution.
' In, the first case the inverse tangent occurring 'within the
bracket is found to possess a value, n, while the second term
between the brackets furnishes no contribution at the limits
0 and, co. The result therefore is that

dw

4kT a 1 kT= -- 7V - (4b)
C 2a C

The total fluctuation voltage on the condenser is thus indepen;
dent of the self-induction and the resistance in the oscillator
circuit. ,

The result could indeed have been derived directly by a
thermodynamic method. According to the law of equipar-
tition, the following holds for the potential energy of the
charged condenser:

1/2C Vc2 = 1/21sT,

from which (4b) follows directly.
We shall now pass on to the case where only a limited fre-

quency region on either side of the resonance frequency fur-
nishes a contribution to the fluctuation wiltage. The width
of this region is in general determined by the selectivety of
the following stages, and inay for example be chosen such that
the resonance resistance has fallen to one half at the limits
of the region.

From equation (4a) it ,may be seen that for the limiting
frequencies x1 and x2 the absolute value of 1-x2 is then equal
to ax. The argument of the inverse tangent in the general
integral then has the value -1 at the lower limit and the value
+1 at the upper limit. The inverse tangent thus covers a range
of angles of 90° or n/2, namely from: -45° to *-F45°. The second
term between the brackets, in the important case of a sharp
resonance curve (a(l), is again 'found to furnish no contri-
bution. The result is theYefore:

VC-

4kT a kT
(4c)

The fluctuation energy in the frequency region chosen is
therefore one half of the total fluctuation 'energy.

For practical applications it is advantageous to write equa-
tion (4c) in a form which more nearly resembles equation (4),
namely:

Vc2 df, (4d)

where X is the average value, of Ae real part of the circuit
impedance in the frequency region in question. By the use
of the integral given in the foregoing this average value can
easily be calculated and one obtains:

=4 (t.)= 13,78 RLC,

while for the frequency region at whose limits the real part of '
the circuit impedance has fallen to one half, a width of

1 r
='gr

is calculated. By substituting these values of X and zlf in
equation (4d), formula (4c) should be obtained. One actually
finds that:

L1 r)_kT
Vc2 = 41cT Cr'

( _

If the sources. of damping do not lie in the self-in-
duction coil, but in the condenser, fundamentally
the same results are found. For dampings which are
caused. by the amplifier valve, however, different
results may be expected, about which some remarks
will be made later on in this article.
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Current fluctuations in the aerial

An oscillator circuit of special interest ;to us is
the aerial. It has a definite iniPedance depending
upon the frequency, the real part of which is usually
called the radiation resistance of the aerial foor the
frequency in question.

This radiation resistance, according to the general
law (la) will also have to exhibit certain thermal
fluctuations. This involves the question as to what
its temperature is. It is clear that the temperature
of the aerial wire has nothing to do with the' fluc-
tuations' in question. The radiation resistance Rant
of the aerial 'means physically that when 'an A.C.
voltage Vant is applied to the aerial it dissipates an
energy of:

:

pRant

which is radiated into space. Conversely, the ther-
mal voltage fluctuations must have their source
in the fact that space is filled with thermal radiation
(heat radiation) which is taken up by the aerial.
Itit is assumed that there is in space an equilibrium
between the radiation and matter at a given temper-
ature T, then the intensity and special distribution
a -the ;kadiation is known; It is -therefore, possible
to' calculate the voltage fluctuations on the aerial
caused by the radiation, and one finds, as was
to be expected, that between the racliation,resistance
and the -voltage fluctuations of an aerial there is
is.the general relaticin:

Vant2

Vant2 = 4 id' R,;nt df

How high is the effective temperature T of space
for heat radiation of radio frequencies ? The voltage
fluctuations on -an, aerial Make, it pos'sible to, give
an experimentab answer to this question. 'Exper-
iments in this' direction carried out by J an sky
and Reber 3) have led to very remarkable results.
It is, found that the radiation in the region, of the
high radio frequencies (metre waves) is mainly of
cosmic origin and appears to come from the milky
way. Instead of a temperature of several degrees ab-
solute, as might be expected for the universe, a
temperature of about 19400 °K is foi1nd.

3)' K.' G. Jansky, A note -on the source of interstellar inter-
ference, Proc. Inst.-Rad. Eng. 23, 1158, 1935. G. Reber,
Cosmic static, Proc. Inst. Rad. Eng. 28, 68, 1940; As-
trophys. J. 91, 621, 1940.. For theoretical considerations
of this radiation see: H. A. Kramers, Theory 'of the
Continuous X-ray. spectrum, Phil. Mag. 46, 836, 1932;
A. S. Eddington, Diffuse matter in interstellar space,
Proc. Roy. Soc. 111, 424, 1926. J. A. Gaunt, Continuous
absorption, Trans. Roy. Soc. 229, 163, 1930. L. C. Henyey
and P. C. Keenan, Interstellar radiation from free
electrons mid hydrogeiintoms; Astropliys. J. 91;625, 1940.

On the basis of theoretical investigations 3) it
may be accepted as practically certain that the
radiation which causes the noise of the aerial has
its origin in interstellar matter which fills the milky
way system.with a concentration by weightcorre-
Sponding to approximately one hydrogen atom per
cm3. The thickness of the layer is about 50 000 light
years. Under the action of starlight this matter is
ionized for the main part into electrons and posi-
tively charged particles. The irregular motion of the
electrons, as a result of their mutual repulsion and
their attraction of the positive particles, leads to a
radiation which is intense enough to make the
observed phenomena understandable in principle.
A complete explanation will, however, only be pos:
sible when more data are available about interstellar
matter.

Voltage and current fluctuations in amplifier valves

The currents, in an amplifier valve 'have their
source in the.thermal emission of a heated cathode. If
this process is considered fluctuation phenomena
are immediately expected because of the fact that
the  negative charge emitted consists of electrons,
i.e. particles, and is therefore emitted in definite
Multiples of e =' 1.6x 10-13 coulombs.

The number of electrons which is emitted by the
'surface' of the cathode in a time interval'of a given
length will not always be exactly the same, but
will exhibit accidental variations around a definite
average value, just as, when it is raining; the
number of drops which strike a definite spot on the
ground is not always exactly the same for every'
second: When it is assumed that all the electrons
emitted reach the anode the variations experienced
by the anode current due to these fluctuations can
easily be calculated. For the performance of this
calculation we 'may again refer to' the article cited
in footnote 1) on the causes of 'noise in amplifiers.
The calculation leads to the result that the current
variations, like the thermal current fluctuations in
a resistance, cover a continuous spectrum with con-
stant amplitude. The mean square of the current
fluctu'ations'ik is given by the formula:

ik2 = 2eIkAf, . (5)

where Ik represents the' average emission current
. . .

of the cathode 4).
With the practically occurring values of Ik = 30

mA, Llf = 10 000 c/s, for example, one obtains

4) This result is valid only for frequencies at which the time
of oscillation is still several times greater than the transit
time of the electrons between cathode and anode. On the
subject of the current fluctuations at still higher frequen-
cies see S. Ballantine, J. Franklin Inst. 206, 159, 1928,
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Yik2*-=' 10-8 A. This cnrient° fluctuation caused by
the corpuscular nature of the electric charge, is
usually called the shot effect of the amplifier valVes.

By measurements with a diode the formula for
the, shot effect may be tested. If the anode voltage
is chosen sufficiently high, the condition is indeed
fulfilled that each electron which leaves the cathode
reaches the anode. The diode is then said to be in
the saturated state, since upon further increase
of the anode voltage the anode current no longer
increases. In' this state of saturation equation .(5)
is found to be exactly confirmed. The constant e
appearing in the equation can be so accurately
derived from the shot effect that this may be con-
sidered as one of the best methods of determining
the charge on the electron.

Anode current fluctuations in amplifier valves

In the case of the customary amplifier valves
(triodes, and pentodes) the anode and the grid
voltages are chosen so low that there can be no
question of saturation. Otherwise indeed it would
be impossible to ,regulate the anode current by
variation of the control grid voltage. It is now found
that the current fluctuations in the normal state of

.;r working of the amplifier valves are considerably
.1 -smaller than would be expected accordingto.equa-

'--F,
.,twn4" (5).. Qualitatively, this is easily understoodl
The electrons which are situated between cathode
and control grid while the valve is in action ,(space
charge) exert a repulsive effect on all electrons
which are on the point of leaving the cathode. Be-
cause of this, part of the electrons emitted are
driven back to the cathode, so that the anode cur-
rent is much smaller than the emission of the
cathode. When the cathode emission now fluctuates
so that at a' certain moment a larger. numher of
electrons are emitted than the average, the space
charge also becomes stronger and sends a larger per-
centage of the emitted electrons back to the cathode.
The space charge thus smooths the current fluctua-
tions. Experimental data on this smoothing in
amplifier valves in practical use have already been
given in this periodical 5). The smoothing is ex-
pressed by a "noise factor" F, which indicates the
ratio between the current fluctuations actually
occurring and the current fluctuations which would
be expected according to the shot effect. Expressed'
in a formula

F2 - 2elkdf
7

ik2

The value of F2 determined experimentally accord-
ing to this formula is Aways less than unity in
the case of ordinary amplifier valves, and in many
cases it amounts to only a few per cent.

We shall now go somewhat more deeply into the
theoretical basis of the smoothing of the current
fluctuations by the charge.

. .

Theory of thd  suppression of the
fluctuations by the 'space charge.

A simple consideration, which makes it under-
standable tha,t in the presence of a space charge the
current fluctuations disappear in the first approxi-
mation, is' possible on the basis of the theory of
the spaCe charge given by L an gmuir 6). t an g-
muir calculated for a diode with a plane cathode
and a plane anode, the anode current per unit sur-.
face 'which may flow with a given anode voltage,
when it is not the emission of the cathode but
the repulsive action of the spaCe chaige which limits

. , , ..
the current. The result is the well known equation;

. 1 m -
(2e )3/2

Va

.ik -(7)18 n' e d2

anode current

c

where e is again the charge ;and m the, mass of -the
electron. Va is' the anode voltage and d is the dis7
tance between cathode plate and anode plate.

The important feature Of this formula is that the
saturation current ./s of the cathode does not,occur
in the result. The result is of course only valid. hen
IS is much greater than

Since the emission does not occur in the result
it is also immediately -clear that accidental. flue;
tuations of the emission are unable to affect the
magnitude of the current passing. If, L an ginuir's
formula is correct, therefore, a complete suppression -

of the current fluctuations could be expected. As
already mentioned the experimentally found sup-
pression is indeed, very strong. A certain residual
effect remains, however, and indicates that the
conception of the limitation of the current by the
space charge as given here is too general and does
not -exactly correspond to the actual facts.

By means of a simple improvement in the cal-
Culations it is possible to explain the residual effect
,

and to calculate it. In the derivation of equation (7)
an error of neglect has been made by assuming that
the 'electrons leaVe the cathode without initial
-velocity. Because -of the fact that the elections ac:
tually have a certain initial velocity, 'the space
chaige' in the neighboUrhood of the cathode is

5) ' See the second article mentioned in footnote 1). . 6). I. Langinuir,Phys-Rev. 2,.450, 1913;,,21, 419,-1923..

(6)
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slightly lower, so that the limit of the 'current presc- ut-Tu
ribed by the space charge will be slightly greater.

The way in which the space charge limits the
current is shown graphically in fig. 3a. Between cath-
ode and anode a potential minimum occurs due

Fig. 3. Variation of the potential between cathode k and anode
a of a diode, a) for the ordinary state of operation. b) for very
high anode voltages, c) for very low (negative) anode volt-
ages. In the ordinary state of operation the potential between
cathode and anode exhibits a minimum.

to the space charge. Between the cathode and this
minimum there is a retarding field for the electrons,
which can only be overcome by those electrons
whose initial velocity lies above a certain value.
The other eleCtrons return to the cathode. Further-
more, it may be seen from the figure that this
minimum disappears for very high anode voltages
(3b), as well as for sufficiently negative anode volt-
ages (3c). In these limiting cases the regulating
action of the' space charge actually disappears,
and the unimpaired shot effect is again obtained.

The correction of the initial velocity is easily
added to L an gmuir's calculation. One then finds
for the first approximation of the current:

,8111+ (8)
(u = 0) 1/2 e

V m

where it is the average initial velocity' of the elec-
trons in a direction perpendicular to the cathode.

This velocity is determined by thermal factors;
it corresponds approximately to the velocity which
the electrons would possess in a gas at the temper-

.. ature Tk of the cathode. It is known that the
average kinetic energy of an atom or electron in a
gas is eqn11 to 1/2kTk per degree of freedom, so
that u2 ira the order of magnitude of kTk/m.

Like all thermal phenoMena, the initial velocity
exhibits certain fluctuations, and this is why the
anode current is not absolutely constant. If we

- consider a certain time interval r, the average
velocity ur of the electrons emitted in that. time
interval will in general differ from If we set

= du, then according to equation (8) the
current fluctuations are:-ik2 = Ik2 9 due

(2e/m) Va (9)

The fluctuations of the initial velocity of the elec-
trons are of the same order of magnitude as the
initial velocity itself. 'If in each time interval r
one electron should be emitted, (5u2, like u2, would
amount to about kTklin. If it, is the average num-
ber of electrons which is emitted per time interval r,
the fluctuation of the average velocity of these nr
electrons is smaller by a factor nr, so that one may
write:

kTk/m kTk/m
au2 -a - -a , 00)

fl, Ik zle

where a is a numerical factor of the order of mag-
nitude of unity. An exact calculation gives:
a = 2(1-n/4) = 0.429.

The square of tle_ velocity fluctuations of the
electrons is thus proportional to the cathode tem-
perature Tk, and inversely proportional to the spe-
cific time interval T. This is exactly the same relation
as would be found for the thermal current fluc-
tuations in a resistance if they were considered, not
for a given frequency band, but for a given time
interval. Conversely, in:the formula for the velocity
fluctuations we may also pass over from the time
interval r to a frequency interval df. A simple har-
monic analysis shows that it is only necessary to
substitute 2df for l/r 7). For the velocity fluctua-
tions of the emitted electrons one then finds

k Tklm
due = 2 a

Ikle
dJ

and by introducing this. result in (9) one obtains
the anode current fluctuations:

= 9 k Tk/m

(2 elm) Va
2 a

Ikle

Ik
= 9 a kTk (11)

v a

The most striking part of this result is that the prop-
erties of the electron (charge and mass) have dis-
appeared entirely from the final formula. The cur-
rent fluctuations of 'a diode whose anode current
is limited by space,,charge are apparently'a thermal
phenomenon. The relation found for them very

7) The same transition from time intervals "C to frequency
intervals df was carried out foi the shot effect earlier in,
this periodical, and the following formulae were obtained:

ikz = -eIk et ik8 = 2 e /lc Llf

See the first article cited in note 1).
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much resembles the one for the thermal current
fluctuations of a resistance (equation 1), since the
quotient Va//k may be considered as the internal
resistance of.the diode. For practical applications it
is advantageous to introduce the slope S = dIkIdVe
of the diode instead of the quotient Va/Vk. Since
the anode current varies with the 3/2 power of the
anode voltage

3 .1.kS = - - 'and therefore
2 .Va

W= 0,644  4 kTkS df . (12)

Finally we may again express the fluctuations by
the noise factor defined in equation (6). By com-
bining (6) and' (11) we then find:

9 a k Tk

2 e Va

F is thus proportional to 1/fV7i.
The result is only valid for, anode voltages for

which, the approximations introduced during the
calculations are permissible. This is the case only
when Va is not too low, but on the other hand far
enough below the saturation value Vs. If the anode
voltage lies outside this interval the calculation
becomes much more difficult, and can only be car-
ried out numerically 8).

Fig. 4 gives a graphical idea of the result for a
special case. The region in which our approximations
are valid is indicated by dotted lines. Outside this
region the noise factor increases suddenly; for neg-
ative anode voltages and anode voltages greater
than 'V., the noise factor is equal to unity.

F
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Fig. 4. Noise factor F as a function of the anode voltagg.
the sloping part the variation is calculated according to equa-
tion (12), while in the neighbourhood of Va = 0 and Va =,V,
numerical calculations have been applied. '

' The results are well confirmed experimentally.
In carrying out measurements on a diode larger
values are usually found, it is true, than given by

the theory, since electrons are reflected by the
anode and disturb the field distribution and thereby
cause additional fluctuations. If, however, a triode
is used, these difficulties do not occur.

If equations (11) and (12) are applied to a triode
the anode voltage must be replaced by the "effective
control voltage" Veff in the grid plane. This control
voltage may 'be calculated from the anode current
with the help of L an gmuir ' s formula. The quan-
tity S in equation (12) is now defined by d/k/dVeff,
i.e. the change in the anode current with the control
voltage. If the anode voltage remains constant, the
change in the control voltage is smaller than the
change in potential of the grid wires themselves,
since the anode potential also acts in the grid plane.
The value of S to be used in equation (12) is there-
fore greater than the measured slope of the triode,
the difference may amount to a factor 2, for in-
stance.

Other fluctuation phenomena in triodes

The spontaneous fluctuations of the current which
leaves the cathode are important not only because
of their direct effect on the anode circuit, but also
because of the fact that the alternating current
upon passing the negative control grid wires in-
duces an alternating electrical charge on the control
grid. Since in general there is a very high impedance
between control grid and cathode, the control grid
current which corresponds to the fluctuations of
the control grid charge may lead to considerable
voltage yariations. These variations in turn again
cause fluctuations of the anode current. These
fluctuations are found in the case of short waves
to be able to furnish a very considerable contri-
bution to the noise of receiving sets, and therefore
require our attention 9).

The negative charge Q which is present between
the electrodes of an amplifier valve is given by the
product of the current Ik and the transit time Tka
of the electrons between cathode and anode. This
charge leads to' an equally large induced charge
which is distributed over the different electrodes;
a certain part of it q is therefore also present on
the control grid. If the current .1.1, exhibits certain
fluctuations ik,' the space charge Ik-rka fluctuates
by an amount ikrka, and we may therefore write
for the fluctuations of the charge on, the control
grid:

bq = a ik Tka

where a is a factor smaller than unity.

8) E. Spenke, Wiss. Veroff. Siemens Werke 16, 19, 1937. 9) C. J. Bakker, Physica 8, 23, 1841.
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In the case of amplifier valves of ordinary con-
struction it is found that the induced charge on the
control grid comes mainly from the electrons which
are situated between cathode and" control grid.
If these electrons alone are' taken into account,
by substituting, instead of the whole transit time
Ma, the transit time to the control' grid The, one
then calculates as a first *iipproxiination for a the
value 313, and one obtains the relation:

1
c5q = tk Tkg (13)

We shall now imagine the current fluctuations to be
resolved into components of different .frequencies,
as in the foregoing, and shall consider only those
components for which the angular frequency lies
in the neighbourhood of a certain value w. The
variation oq then leads to a control grid current of
the following magnitude:

1
ig =

3
-frarkg ik . (14)

and for the mean square of the current fluctuations
one thus obtains:

ig 2k2 _1 w2 T-
g

2

9 k

If one now substitutes for ik2 in this equation the
value according to equation (12), one obtains:

1
ig

9
2 = - 0,644  4 kTk S.df  CO2Tkg2 . (15)

Finally the result, may be simplified by making use
of the fact that 'the transit time of the electrons
leads not only to the grid current just calculated,
but also to a damping in the grid circuit. The ex-
planantion and calculation of this "electron input
damping" have already been given in this period-.
ical 10). The result found is:

Sco2-ckg2.
Re 20

10) The electron input may be explained as follows. If a grid
A.C. voltage of not too high a frequency is applied between
the control grid and cathode of an amplifier valve, an
alternating charge in the same phase is piesent on the grid,
which is manifested in a catmcitative grid current 90° in
phase itt:Ffrad of the grid voltage. At very high frequencies,
`howaver, it must be taken into account that the charge
on the control grid consists partially of the induced charge
of the electrons between. control grid and cathode. This
induced charge follows the voltage variations with a certain
time lag which is determined by the transit time of the
electrons. The' result is a phase shift of the induced current,
which thus no longer remains purely capacitative, but takes
on a real component in phase with the applied voltage.
The calculation of this component, the electron input
damping; is outlined in Philips techn. Rev. 1, 176, 1936.

The value of Re thus obtained is called the elec-
tron input resistance of the valve. By substituting

-

the electron input resistance in equation (15) one
finds:

20 4 k
R

Tk 4 k Tk
Af . (16)=  0,644 = 1,43

g 9 Re

Thus again a formula which closely resembles the
one for the thermal current fluctuations of a resist-
ance. We are, however, of the opinion that the
numerical difference (in this case the factor 1.43)
is essential, and shows clearly that we are here not
concerned with a phenonenon which could have
been derived by a thermodynamic method.

The grid current fluctuations are determined by
the cathode temperature Tk which is about 4 times
as high as room temperature. Together with the
factor 1.43, therefore, one finds that the electron
input resistance, causes current fluctuations at least
5 times as large as a resistance of the same size
which is connected externally between cathode and
control. grid. At very high frequencies the election
input .damping 1/Re is often greater than the damp-
ing 1/Rm of the oscillator circuit in parallel with
it. The spontaneous current fluctuations in the grid
circuit may then form the most important source of
disturbance of the receiving set.

The result; equation (16), was tested by means of
experiments with an amplifier valve of the type
EF 50. As may be seen in fig. 5, the grid current
fluctuations ig2 are actually proportional to the
electron input damping 1/Re; they both vary pro-
portionally with a)2, as *the theory demands. The
absolute magnitude of the current fluctuations
measured also agrees well with the calculated
values (see table I).

Table 1

Calculated and measured values of the grid current fluctua-
tions i52 for the three working states indicated in fig. 5 of the t

pentode EF 50.

Ia (mA)

(Ainp.2)

measured calculated

1.20
4.15
9.60

1.9  19-41 co2 df
4.8  10-41 (02 df
9.3 . 10741 coa df

1.6  10-41 ca2 df
4.5  10'41 w2df

7.4.10-91w2df

w angular frequency, f frequency, both in sec -1.

Current fluctuations in valves with more than one
positive electrode

a) Distribution fluctuations
In modern receiving sets the first amplifier valve

is almost always a screen grid valve, i.e. a valve
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which contains a screen grid in addition to the con-
trol grid. The screen grid, which is placed between
control grid and anode, is at a constant positive
potential and in this way serves to'prevent (unde-
sired) changes in the potentiai field, in the neigh-
bourhood of the control grid caused by changes

'in the anode voltage.
The electrons which pass from the cathode to

the anode must therefore' pass the screen grid as
well as the control grid. Since the former is also at a
positive potential, part of the electrons are captured
by the grid wires. As a result of this a shot effect
again occurs, i.e. even when the number of electrons
which moves toward the screen grid per time in-
tervalilz is absolutely constant, the number of elec-
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Fig. 5. a) Grid current fluctuations iga,*) b) input damping
1/R of a pentode EF 50 as a function of the frequency, (the
figure does not give the electron input damping, but the total
input damping). The curves were recorded for three different
adjustments of the value with anode currents of 1.20 mA,
4.15 mA and 9.60 mA, respectively. It may be seen that both
ig2 and 1/R are proportional to w2.

trons which impinges on the wires of the grid in-
stead of passing between them will kill exhibit
certain fluctuations. This causes current fluctua-
tions in the screen grid circuit, and at the same
time - with an opposite sign - in the anode -cir-
cuit. For the size of the .fluctuations, the so-called
current distribution fluctuations, one may expect
equation (5) of the shot effect to be approximately
valid:

ig22 = 2 e Ig2 Af.

This result is 'only valid when the cathode current
exhibits no fluctuations, and liThen, moreover, the
screen grid current Ig2 is small compared with the
total cathode current Ik = Ig2 ± Ia. If the cathode
current fluctuations given by -a .noise factor F are
included in the calculation, one finds for the total

1.31

fluctuations in the anode circuit the formula 11):

= 2 e lk (42 F2/a) df, . . (17)

where the first term in parenthesis 'refers to the dis-
tribution fluctuations and the last term to the
cathode current fluctuations.

In valves of ordinary construction the screen grid
current may amount for instance to 20 per cent of
the anode current. The square of the current dis-
tribution fluctuation ig22 then also amounts to about
20 per cent of the current fluctuations which the
anode current would exhibit in the case of unim-
paired shot effect. Now we have seen:that the cath-
ode current fluctuations 'can be weakened by the
space charge to less than 10 per cent of their original
value. The distribution fluctuations then form the
chief source of noise disturbance in the anode cir-
cuit.

b) Fluctuations due to secondary emission

In order to increase the ;slap° dla/dVg, of radio
valves, more and more use is ,being made of the
phenomenon of secondary emission. Fig 6 shows
diagrammatically the arrangement of the electrodes
in such a valve. The current /prim, strikes the auxil-
iary electrode h which is covered= with a secondary
emitting substance. The current of secondary elec-
trons is received by the anade a. This, current has a
value Isec = (5/prim when S is the average number

.38388

Fig. 6. Electrode system of an amplifier valve with secondary
emission.

of secondary electrons liberated per priMary elec-
tron from the auxiliary electrode.

Like the direct current, the slope is increased
by a factor 6. Since the factor 8 may amount for
instance to 4.5, 'this is no inconsiderable improve-
ment.

The fluctuations, of the anode current may be
written in the form:

2 _= zprim22 v T zsec2 (18)

The first term of this equation indicates that the
fluctuations of the primary current are increased by
a factor 6. The second term, isee2, is due to the fact

*) In the figure by error ik2 has been used. 11) C. J. Bakker, Physica 5, 581, 1938.
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that a primary electron which arrives on the auxil-
, iary electrode does not always free the same

number of secondary electrons, but that in this
phenomenon also certain, fluctuations occur.

The number of secondary electrons per primary
electron may be described by a statistical distri-
bution around an average value. Let 130, f3m...

be the chance that 0,1, ... m ... secondary electrons
are freed by a primary electron (- j9 = 1), then

flm 7n.
m 

It is obvious that a primary electron which frees
m secondary electrons will lead to a current fluc-
tuation proportional to m-S. The absolute value
of this current fluctuation im is given by an ex-
pression which closely resembles the familiar for-
mula for the shot effect, namely:

im2 = 2 e Iprim 13 (m-02 df.

The total contribution to the fluctuation isee2
is obtained by a summation of this result over all
values of m. If, further, we write for the fluctuation
of the primary current,

iprim2 = 2 e /prim Fprim2 tif,

we obtain

Vol. 6, No. 5

1a2 = 2 "e /prim [Fpiim2 (52 + 2. Pm (m-(3)21 df . (19)

In order to apply this formula, for a given material
and a given velocity of the primary electrons, one
would have to know the probabilities f3m for each
value of m. An experimental determination of these
probabilities is impossible at present. From meas-
urements on actual valves it is found that the sec-
ond term of equation (19) may be of the same order
of magnitude as the first term, so that the extra
current fluctuations caused by the secondary emis-
sion furnish no unimportant contribution to the
total fluctuations of the anode current.

The last relation is very much simplified if the
primary current exhibits the true shot effect 12), so
that Fprim = 1. Then according to equation (19):

ia2 = 2 e /prim (2' f3m m2) df, . . . (20)

.an equation which can also be directly understood
by considering that every term of the sum in paren-
thesis represents an anode current /prim  13m  m,
which consists in each case of portions of m electrons,
so that it will furnish a contribution to the shot
effect, corresponding to an elementary charge m.e.

.'2) M. Ziegler, Physica 3, 1, 1936.
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NEW PRINCIPLES OF CONSTRUCTION FOR THE ELECTRO-ACOUSTIC
INSTALLATION OF STUDIOS 621.396.712.3 : 534 : 86

by F. DE FREMERY and J. W. G. WENKE.

The studio building which was put into use as an annex of the old A.V.R.O.-studio building
in 1940 possesses an installation which differs from the customary one in various important
features. The contact between the performing artists and the technical personnel has been
made closer than was previously the case. The amplifiers occurring in the installation are
not fed from a central battery, but each one is fed from its own built-in supply apparatus.
By the standardization of levels and impedances of the connection lines, the number of
different types of amplifiers could be reduced to three. Inputs and outputs of the amplifiers
can be connected by means of cross connection panels to the different microphones, regu-
lators, lines, etc., whereby with a relatively small number of amplifiers all the possibilities
of connection occurring during use can be realized.

A description has already been given in this
periodical 1) of the large studio building of the
A.V.R.O. which was inaugurated in 1936. After
only a few years, however, the building was already
found inadequate for the ever increasing activ-
ities connected with broadcasting, so that a start
was made on the construction of a new annex
studio building. This building which contains two
concert studios, and which was finished last year,
deviates considerably in arrangement from the
old building. In particular a number of important
new principles have been employed in the electro-
acoustic system, which, like that in the older build-
ing, was installed by N.S.F.-Philips. The most
important points will be discussed in the following.

The connection of the control tables

There is a certain two-sidedness in the activities
of a broadcasting studio: at least in the main pro-
grammes the object is the achievement of artistic
performances, while on the other hand purely
technical questions are always in the foreground.
If, for example, we consider the broadcasting of a
concert where the sound of different parts of the
orchestra and possible soloists is taken up by
different microphones, the different microphone
contributions must then be regulated separately
and mixed in the correct proportions, and at the
same time the dynamics of the sound must be
adapted to the difficulties of the broadcast, i.e.
the amplification of the whole must continually be
regulated during the performance in order to bring
out the pianissimos sufficiently strongly above the
natural interference level (noise) and in order not
to exceed the maximum permissible depth of modu-

1) The equipment of broadcasting studios, Philips techn. Rev.
4, 136, 1939.

lation in the fortissimos 2). While the artistic
control is in the hands of the conductor, there is a
very real danger that his intentions will be nullified
by these technical processes, for instance, that the
balance of orchestra and soloists will be disturbed
or dynamic finesses regulated out of existence.

In order to avoid this, in addition of course to a
good training of the mixing and regulating techni-
cians, a visual contact I: e tween the latter and the
conductor is also desired. In the old A.V.R.O.-build-
ing the necessity was met by glass cabins in the
studios, in which the person is seated who mixes
the contributions of the different microphones in
the studio in question. The regulation of the whole
broadcast then takes place at a control table, which
is placed in a separate room (fig. 1), and on which,
in addition to the control instruments (modulation
meter and monitor loud speaker), the regulating

Fig. 1. A central control table in the old A.V.R.O. studio
building. The person at this table had no visual contact with
the studio. In addition to regulators and control instruments
various auxiliary apparatus are installed on the table (gramo-
phones, amplifiers, etc.).

2) See for example R. Vermeule n. The relationship be-
tween fortissimo and pianissimo, Philips techn. Rev. 2,
266, 1937.
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elements and the necessary signalling systems, there
is also a series ' of auxiliary apparatus,- such as
gramophone turntables, amplifiers, a switchboard
for making the :necessary connections between
microphones, regulators, line to the transmitter,
etc. This arrangement and the division of functions
thereby involved -between the collaborating tech-
nicians was chosen in order to permit as manysided
use as possible of the control tables, for instance, for
the broadcasting of radio plays in which, different
studios sometimes work together.

In the new studio .building, .which is intended 
only for the' broadcasting of Concerts;more empha-.
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elements are' included, while the above -mentioned
auxiliary apparatus of both tables  are housed
together in a separate room (the technical ser-
vice", see fig. 2). A more detailed description of the
arrangement of the control tables is given in the
text under fig. 3.

The supply of the installation

Roughly speaking, the electro-acoustic installa-
tion of a studio building is nothing but a combi-
nation of a large.number,.of amplifiers which must
supply all kinds of low -frequency voltages at dif-
ferent levels to regulators, lines and loud speakers.

J8J8.5

Fig. 2. Ground plan of the new A.V.R.O. studio building containing two studios: a large
concert hall (1) and a smaller studio for dance music (2). Each studio has a control table.
The.two control tables are housed in cabins (3, 4) between the two studios and have a free
view -of the studios via triple glass windows which furnish adequate acoustic insulation.
5 technical service room, 6 hall, 7 conductor's room. The unusual floor plan. of the large
concert hall, which recalls somewhat the sound box of a violin, has been chosen for
acoustic reasons. As may be seen the two studios are constructed as entirely free-standing
boxes inside the building proper, with their own walls and a separate foundation. This
separation between studio and outside world, which was also applied in the old A.V.R.O.
building, and which has been carried through as far as possible, insures a very good acoustic
insulation. (The figure is borrowed from "De 8 en Opbouw" 11, 173, 1940).

sis could be laid on the collaboration between con-
ductsor and technicians. For each of the two studios
(alarge concert hall and a smaller studio for dance
music) the mixing cabin and the control table are
as it were combined, by bringing the control table
itself into visual contact with 'Hip studio. At -the
same time the mixing and regulation and the whole
direction of the broadcast are in' the hands of a
single person, who, by means of direct contact with
conductor' and orchestra, can follow the perfor-
mance in all its details: The way in which the con-
trol tables for' the two studios are arranged is
shown in the floor plan of fig. 2, while fig. 3 shows
the control table which gives upon the large concert
hall (fig. 4). 'In° order to keep the view of the' hall
entirely free the table is low and only the operating

For the general arrangement of a studio installation
the article cited may be referred to 1). Without
entering into details we shall here consider a few
essential points, the first of which is the supply.

The feeding of the many amplifiers, both with
heating currents and anode voltages, usually took
place from a central accumulator battery; this was
the case in the old A.V.R.O. building. The battery
there set up' was, however, not large enough to
supply the installation of the new building as well,
so that the problem of supply had to be considered
anew.

Now battery feeding of itself has, several objec-
jections. Apart from the high' cost of installation
and the complicated maintenance, it is particularly
the mutual coupling of the amplifiers connected
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Fig. 3. Control table for the large concert hall. Due to the fact that all auxiliary arrange-
ments not directly needed during the performance are housed elsewhere (in the Technical
Service room, 5 in fig. 2), the table could be so arranged that an uninterrupted
view of the hall is possible. On the five sloping panels are to be found from left to right: 1)
switches and signal lamps for connections to the old building, a switch and a
regulator for connecting the monitor loud speaker (upper right) to different studios,
a microphone, for giving directions to the studios, a set of knobs by means of which indi-
cations on a light screen can still be given to the conductor after the beginning of the broad-
cast. 2) A group of four microphone regulators for mixing four microphone contributions
and a main regulator for regulating the whole. 3) Switches and signal lamps for signalling
in the two studios and the corresponding announcer's cabins, and the indicating instru-
ment of the modulation meter, with which the peak voltages in the programme are con-
trolled. 4) Four more microphone regulators and a main regulator. 5) Telephone apparatus,
switches for programme contributions from outside the studio, for instance for mixing
sound effects (which can here be furnished from a separate studio of the old building), as
well as keys and knobs for signalling to the second control table.

to the central battery which forms an objection.
It is difficult to make the internal resistance of the
battery so small that the coupling is sufficiently
restricted, and recourse must therefore be taken to
the introduction of decoupling circuits. Considering
the very low frequencies (30 c/s) which must be
dealt which in the amplifiers, the decoupling circuits
must contain very large self -inductances 3), which
in turn involves considerable current surges upon
switching on and off of an amplifier. These current
surges lead to click disturbances in all the amplifiers
connected.

In addition to these "natural" disadvantages of
battery supply, in our case there was also the fact

3) In telephone networks where the same problem occurs
- cross talk between the microphone connected in parallel
on a battery - the problem is much simpler, since practi-
cally only frequencies above 300 c/s are encountered.

that it was a very uneconomical solution for the
relatively limited installation of the new building
to set up a second separate central battery. This
was the reason why a different solution of the prob-
lem was applied, namely the supply of each ampli-
fier separately by a built-in supply apparatus.

The fact that this solution, in which practically
all coupling between the amplifiers is eliminated,
has been applied until now only very seldom, is due
mainly to the fear of the hum caused by the 50
c/s of the A.C. mains. This is indeed a difficulty
which must not be underestimated, especially in a
studio where all the amplifiers must be able to
pass the frequency of 50 c/s in full strength, and
where partially very weak signals occur which are
therefore sensitive to disturbances. The problem
could, however, be solved satisfactorily in the
following way.
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Fig. 4. View of the large concert hall. Two hanging microphones on rails may be seen. Next
to the position of the conductor is a movable signal box with a light screen on which the
director of the broadcast, seated at the control table, can give several commonly occurring
indications to the conductor. Right, sound effect loud speaker for the mixing of back-
ground noises. The numerous panels of the walls can be set at different angles in order to
influence the acoustics of the hall (sound distribution, reverberation).

In order to limit the hum to the required degree
the windings of input and output transformers of
each amplifier must be especially protected against
induction by spread lines of force from the supply
transformer. Various means of doing this have been
applied. In the first place the supply transformer
works with a lower iron induction, i.e. not so close
to saturation as is usually the case. This gives a
higher permeability of the iron and therefore less
spreading. Moreover, the supply transformer is
placed in a heavy cast-iron pot which tends to
absorb the spread lines of force and thus diminishes

still more the field observable toward the outside.
Furthermore the input and output transformer are
placed in the amplifier panel as far as possible out-
side the sphere of the field of the supply transfor-
mer. This may clearly be seen in fig. 5: the supply
transformer is at the upper left hand, the input
transformer at the extreme right, the input trans-
former about in the middle at the bottom (because
it is somewhat less sensitive to hum than the input
transformer due to the greater signal intensity
at that point). The input and output transformers
are also housed in pots for shielding. Since it is
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here a question of shielding fields which are them-
selves quite weak, an alloy has been used for these
pots which has a high permeability especially at
low induction. Moreover, for the very sensitive

the earth currents to follow all kinds of complex
routes, but on the contrary they are insulated from
the panel and connected to a common earth point of
the amplifier by the straightest possible connections.

Fig. 5. Arrangement of the components in the panel of an amplifier.
on the one hand (left) and the input and output transformer on the other hand (right and
below) are kept as far as possible away from each other. Above the supply transformer may
be seen a "Starto" valve (automatic starting resistance 4), which limits the initial surge and
thereby helps to prevent clicking in neighbouring amplifiers.

input transformer an additional shielding inside
the pot of a special kind of sheet metal is used, while
its winding is "astatic", see fig. 6. By this means the
sensitivity for external fields is made very small.
An external field gives in general lines of force of the
same direction in the two arms of the transformer
core, in the two halves of the secondary winding
therefore electromotive forces in the same direction
are induced, and since the two halves are connected
in opposition, the resulting voltage is zero. Never-
theless the transformer works quite normally for
a primary current, because the latter causes a mag-
netic field whose lines of force run in opposite
directions in the two arms of the core, so that the
induced electromotive forces in the two halves of
the secondary winding are added together.

Special attention is also paid to the earth con-
nection in order to decrease the hum. The transfor-
mer pots, which are to a certain degree coupled
capacitatively with the windings, are not connected
electrically to the panel, since this would enable

°) See P. C. van der Willi g en, Philips techn. Rev. 1, 205,
1936.

The cathodes of the amplifier valves are indirectly
heated.

By these and other measures the hum could be
sufficiently suppressed. A measurement of the hum
and noise voltage 5) in the case of the amplifier

38304

Fig. 6. Astatically wound transformer. P1, P, halves of the
primary, S1, S, halves of the secondary winding. The primary
current causes in the two arms of the core opposite lines of
force, an external field, on the other hand, causes lines of force
in the same direction (broken lines).

4) The measurements were carried out with a so-called
psophometer which takes into account the dependence
on frequency of the sensitivity of the ear.
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type I gave a value of 0.5 mV at the output, i.e.
about 75 dB below the normal line level.

Standardization of the amplifiers

In older studio installations, including that of the
old A.V.R.O. building, amplifiers of a different type
were used for each function; thus there are micro-
phone pre -amplifiers, gramophone amplifiers, pro-
gramme amplifiers, coupling amplifiers, monitor
amplifiers, etc. The differences between these types
lie in the amplification produced, the input imped-
ance, the output, etc.

This specialization and close adaptation of each
amplifier to a certain purpose has disadvantages
in manufacture as well as in use. In manufacture,
because so many types of amplifiers must be made;
in use, because so many amplifiers are needed, only
a few of which are usually in action at one line,
and for which the necessary reserves must be at
hand. In our case, where each amplifier must also
have a separate supply apparatus, these disadvan-
tages were doubly felt.

Therefore a standardization of the amplifiers
was undertaken for the new installation. All micro-
phone connections, gramophone pick-ups, regulators
are adapted to an input impedance of 200 ohms of
the amplifier to be connected; by giving this an
amplification sufficient for all purposes (60 dB),
a single type of amplifier (I) proved sufficient. Only
two other types of amplifier are then still needed
for the listening to the broadcast at various
spots with monitor loud speakers. The first is a
coupling amplifier (II), which taps off the listening
lines from the programme line (line to the transmitter)
in such a way that commutations in the listening
line have no reaction on the programme line, and
which has a sufficiently high input impedance (5 000
ohms) not to affect the level of the programme line.
The last is a power amplifier (III) which delivers
the necessary power to supply a loud speaker
(7 W). In fig. 10 at the end of this communication
the way in which the three types of amplifiers are
used may be seen.

All three types of amplifiers are two -stage push-
pull amplifiers. By the Push-pull connection all the
connections can be kept symmetrical with respect
to earth, which restricts the possible disturbances.
Furthermore, due to the push-pull connection, the
non-linear distortion is slight: the maximum dis-
tortion factor of the amplifiers of type I is 1 per cent
above 100 c/s and 2 per cent below 100 c/s. In
order to control the balance each amplifier stage
contains a differential meter which indicates the
difference current of the two valves.

Cable installation and cross connection panels

For the manufacture the desired simplification
is simply obtained with the standardization of the
amplifiers. In order to be able to take advantage
of this in use also, amplifiers I, which can be used
in various branches, are not included rigidly in
certain lines, but the inputs -and outputs of all these
amplifiers are brought together on switchboards
where all the desired connections can be made. The
number of amplifiers of type I could thereby be
limited to the relatively small number of 14,
whereby each amplifier may act as a reserve for
every other amplifier in case of defect. In fig. 7
may be seen the racks in which these 14 amplifiers
are placed.

An important consequence of this centralization
of the amplifiers is that the microphones in the
studios now possess no pre -amplifiers situated in the
immediate neighbourhood, but are connected by a
relatively long connection to the amplifiers.
This made it necessary to pay special attention to
the combination of interferences with the weak
microphone voltages. In the first place in designing
the studio building more care had to be taken
than in previous buildings that the routes of the
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Fig. 7. Rack in the technical service room in which the 14
amplifiers I are placed. On the panel of each amplifier may
be seen the two differential meters for controlling the balance,
and a small door giving access to the valves.
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Fig. 8. a) Panel of cross connection units, with signal lamps at
the ends of the horizontal and vertical rows.

b) Method of connecting the contact sockets of the cross
connection units. M1, M2, M3, etc., go to microphones and the
like, V1, V2 etc. to amplifier inputs. A plug inserted for in-
stance at the crossing point of V2 and M2 makes the connection
there indicated.

"sensitive" microphone cables were kept away from
those of the connections for the lights, the house
telephones, the signalling, the electric clocks, etc.
A plane at the height of the floor of the studios
is therefore reserved exclusively for the microphone
lines; the microphone connections are also at this
height in the base boards of the studios. At places
where the microphone lines must depart from this
height, for instance for the connection with the
points of suspension of the two hanging micro-
phones in the large concert hall (fig. 4) a wide space
is left free around the lines. All the connection lines
are in continuous carefully earthed lead coverings
for the sake of good shielding.

In the second place, the switching of the different
microphone connections (14 in all) to the various
amplifier inputs requires attention. The commonest
method used in such cases is the switchboard, where
each of the m outgoing connections is represented
by a socket and each of the n incoming connections
ends in a cord and a jack which can be plugged
into any of the m sockets. This method could not
be used here because of the very low level of the
signals occurring at the amplifier inputs: the free

hanging cords might here too easily lead to move-
ments in the contacts and thus to crackle disturb-
ances. A different system was therefore used, the
cross connection panel. This can be pictured most
simply as a set of m horizontal and n vertical rails
crossing each other. Each horizontal rail is con-
neaed with an amplifier input, each vertical rail
with a microphone line. By means of a jack a con-
nection between two rails can be made at every
crossing point.

Actually the two sets of rails are replaced by a
panel of so-called "cross connection units", see
fig. 8. Each connection unit contains two "hori-
zontal" and two "vertical" contact sockets which
are connected in the way shown in fig. 8b. The plugs
which are inserted in these cross connection units
( fig. 9) contain four very flexible contact pins of
a special construction, which are connected in
twos. In this way very good connections are obtained
free of interference. In order to avoid mutual in-
fluences of microphones lines and amplifier inputs
which are not connected with each other, there is a
shielding in each cross connection unit between the
"horizontal" and the "vertical" contact sockets.
Furthermore the cross connection units also con-
tain a number of auxiliary contacts (see fig. 9)
which can be worked by two long auxiliary pins
of the plugs and which may be used for signalling
and locking. For instance, a series of signal lamps
are operated by this means. These lamps are mount-
ed around the cross connection panel (see fig. 8),
when a plug is inserted at a crossing point the lamps
at the ends of the horizontal and vertical rows in-
volved are lighted to indicate the connection made
and as a warning that these rows may no longer
be used for other purposes.

Fig. 9. Cross connection unit (right) and plug (left). On the
body of the cross connection unit which contains two pairs
of mutually shielded contact sockets may be seen the groups
of springs of the auxiliary contacts which are operated by the
two long auxiliary pins of the plug. The four short main pins
of the plug are of a special very springy construction.
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The outputs of the 14 amplifiers I also, with
the lines to the regulators, the control instruments,
the. transmitter, etc. which must be connected
to them are brought together on a cross con-
nection panel. In fig. 7 it may be seen how the
input and the output cross connection panels are
placed to the left and right of the racks with the
14 amplifiers. The signalling system just described
is, so constructed ,that upon inserting a plug in the
input cross connection panel the lamp at the corre-
sponding horizontal row of the output cross con-
nection panel also lights up faintly in order to
facilitate the finding of the correct spot for plug-
ging in on that panel, and at the same time to
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indicateagain that the amplifier in question is in use.
In Conclusion in fig. 10 a view of the complete

installation is given. On the cross connection panels
.as an example the connections are made for 'a
broadcast 'in which three microphones in the studio
collaborate (main regulator H1), while an acoustic
background (sound effect) is provided by the gram-
ophone turntable which can be added to the
programme via the main regulator .112. At the same
time this background can be 'sent to the studio
itself via the regulator R. The communications of
the announcer can also pass over the main regulator
H2. Several details are further explained in the text
under fig. 10.

H1

0 O

0

O

r
,

is
L...2...?===== -71]

Fig. 10. View of the electro-acoustic installation of the new studio balding. Ki input cross
connection panel, Ku output cross, connection panel, S studio with six microphones
M1-.11/4 and sound effect loud speaker (at the same time loud speaker for giving directions); ,

0 microphone in the' announcer's cabin, G gramophone turntable with correction filter
F, H1 and H2 main regulators, P programme line, A monitor lines, I universal amplifier, II
coupling amplifier, III power amplifier, M modulation meter with indicating instrument
R; B cabin with microphone for giving directions C, regulator R for sound effect which
can be supplied over line D from the old building, U telephone apparatus connected to
the telephone line T, over which contributions to the programme may also be brought in.

A
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THE CALCULATION OF LIGHTING INSTALLATIONS WITH LINEAR
SOURCES OF LIGHT

by H. ZIJL. 535.241;628.93

' Several diaiiams are deiived which make it possible to determine hi a simple way the il-
lumination, and from it the hIminous efficiency for installations equipped with- linear

. light sources.

Introduction

In designing a lighting system with ordinary
electric lanips and normal fittings one can make use
of extensive factual material, 9f a theoretical as
w(11 as of an empirical nature, about the distribution
of the illumination with :the customary arrangement
of the light sources. In the literature more or
less detailed information can be' found, which
is usuallly arranged in the form of tables1) and in
general is sufficiently accurate for prctical use. The
modern linear sources of light, however, such as
the "Philora" TL lamps. are entirely different from
the lamps generally used until now with respect
not only to the distribution of their luminous flux
but also to the way in which they are installed in
the rooms to be illuminated, so that the experience
which has been gained with earlier lighting systeins
cannot be directly applied to them. The number of
systems already installed with such linear light
sources is still too small to make it possible to col-
lect adequate experimental data from them. It is
therefore necessary for the present to calculate the
distribution of the luminous flux for linear light
sources theoretically, as was also formerly the
case for ordinary systemswith ordinary electric
lamps. From this the so-called luminous efficiency
of the system can easily be found. This ris of
course a more elaborate method than consulting
a table, but it is unavoidable until such practical
tables have been crystallized out of many calcula-
tions confirmed by illumination measurements.
Moreover, it offers the opportunity of attaining a
clearer insight into the problems in question than
is usually obtained by the mechanical calculation
with tables.

Illumination systems with linear light sources
usually consist of tubes which are mounted horizo4
tally close under the ceiling with or without re-
flectors. Such a system must then provide the great-
est possible illumination on the tables present in
the room; which generally have their working

' .1) Such tables are as a rule based upon the original inves-
tigations of W. Harrison and E. A. Anderson, Trans.
I.E.S., 11, 67, 1916.

surface about .1 m above the floor. The luminons
flux from the lamps May, be divided into three parts.
(fig. 1) which are incident:
a), directly on the working surface,
b) directly on the ceiling or the inner surface,of the

reflector and
c) on the walls .of the room:

38223

Fig. 1. The linear light source L is placed against the ceiling.
The radiation a strikes the working surface V directly, while b
is directed toward the ceiling and c toward the walls.

On the working surface, in addition to the direct
radiation a), is also incident
1) part of the flux which' hag been reflected once

by the ceiling or by the reflectors in which the
lamps are placed,

2) part of the flux which has been reflected once
by the walls of the room and

3) part of the flux which ha's been reflected re-
peatedly between the walls and the ceiling or
between the- various walls. -

It is in general therefore permissible in such con-
siderations to assume that only the part of the room
which is higher than the working plane takes part

,  in the 'repeated reflections, while the contribution
frbm surfaces which .are in or below the working
surface may be neglected.

Of the four different contributions to the total
illumination of the working plane which have
been mentioned in the foregoing, the direct illumi-
nation will in general be by far the most important.
This contribution should therefore be 'calculated
accurately within reasonable limits. The other
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contributions are usually successively smaller in
the order in which they are mentioned, and may
therefore be calculated less accurately without
causing important errors in the final result.
Since, moreover, the calculation of these smaller
contributions is fundamentally the same as in the
case of ordinary lighting systems, or otherwise
the same as that which will be given in this article
for the direct illumination produced by the linear
light sources, we shall here concern ourselves
chiefly with the calculation of the direct illumi-
nation intensity.

The calculation of the direct illumination with
linear sources of light

In this calculation of illumination provided by
linear light sources we shall begin with the simple
considerations which have already been given in
this periodical 2) about the light distribution of
these sources. We assume that the surface of the
TL lamp (fig. 2) radiates diffusely according to

C
di

-1 r
ii

11

1

3 5cm
j

100..CM

-8

J82.26.

Fig. 2. Linear light source TL 100 with a length of 100 cm and
a cross section of 3.5 cm. AB is the axis of the lamp and CD
a perpendicular plane through the middle of the lamp, while
a linear element of the lamp is indicated by dl.

L a mb ert's law. Observed from a sufficiently great
distance the linear lamp then behaves as a point
source would do which had a luminous flux distri-
bution_ of the form indicated in fig. 3. Perpendicular
to the axis of the lamp the maximum luminous flux
of ./M c.p. is radiated, and in the direction of the
axis of the lamp the light flux is zero, while in
directions which make an angle of 90-a with the
axis of the lamp the flux is given by:

Ia = /m cos a (1)

As May be seen in fig. 3, the distribution of the
luminous flux is now represented by a circle with a
diameter 7m which is tangent to the axis of the lamp
AB and revolved around it; i.e. the light intensity
is a torus with no hole.

The light flux F (lumens) which, s emitted by a
point source of light with an isotropic (spherical)
luminous flux distribution of I c.p. is given by:

F=4ar1.

2) N. A. Halb ertsma and G. P. I t tmann, Philips techn.
Rev., 4, 181, 1939.

The total luminous flux F which is emitted from a
light source with a torus -shaped light intensity
distribution according to fig. 3, becomes, however,

F = 7c2 Im.

For a linear light source with a length 1 one

38227

Fig. 3. Distribution of illumination from the linear light source
AB in a plane through the axis of the lamp and in the perpen-
dicular bisecting plane, respectively. In, is the maximum
luminous flux and .I0 is the luminous flux at an angle 90°-a
with the axis of the lamp AB. The spatial distribution of the
luminous flux is obtained by revolving the lefthand figure
around AB; it is thus a torus with no hole.

may speak of the luminous flux F0 which is radiated
per unit length, so that:

F = Fol
The linear lamp may thus be considered as a row
of elements of unit length each having a maximum
luminous intensity of

Im
Io = T (2)

The luminous flux per unit length is then

Fo = n2/0 . (3)

while the total luminous flux radiated by a linear
light source is given by

F = Iol.

On the basis of equations (1) and (2) it is now
immediately clear that 'the contribution di, fur
nished by a cylindrical element of surface dl at
the point P of a linear light source (fig. 4) to the
luminous intensity in the direction PO making an
angle of 90°-a with the ,axis of the lamp will be:

di, =1-0d/ cos a (4)

The contribution dEa of this to the illumination
(expressed in 104 lux, since we calculate with cm
instead of m) at point 0 on the plane,ABCD situated
at a distance h cm from the linear light source is
given by:
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dEa = -2aa cos y = - dl cosa cosy,r2

where r represents the 'distance OP in cm: and y
the angle between the direction of radiation PO
and the vertical to the irradiated plane ABCD.
If we call the perpendicular distance from the point

'0 to the linear light source a (cm), then the contri-

J8228

Fig. 4. Sketch showing the contribution to the illumination
at the point 0 of the line QR on the working surface ABCD
which is furnished by the linear element dl at point P of ;the
linear source.

bution to the illumination at 0 on the plane
ABCD, furnished by a cylindrical element of the
linear light source which is observed from 0 at
an angle da, may be written as follows:

dEa = /0 cos2 a da . (5)

The total illumination E which the linear light
source produces at 0 on the plane ABCD may
now be found by integrating this expression (5)
between the limits al and a2 keeping in mind that
in fig. 4 the angle a2 is positive and we must there-
fore take al negative, because for the perpendicular
a from 0 on the linear light source the angle a = 0.
We then obtain the formula:

E = Io -h -1 2a + sin. 2a
a,

 104 lux, . (6)
a2 4 a1

where a must be expressed in radians,  and h in
cm, and /0 represents the luininous intensity in c.p.
per cm.

We shall consider this general formula (6) somewhat more
closely for a s'imple case in which it will be found that it ac-
tually does give the familiar formula. If we consider the il-
lumination E at distances a which are small compared with
the total length 1 of the linear source, then

a1 = -
2
-7z et a2 = -a

2
so that we obtain

n IE = /0 h2 2  104 lux = -J-la cos fl  104 lux,
...

where /3 represents the angle y for a = 0. For a surface element
which is perpendicular to the shortest line joining it with the

linear source, 13 = 0, .so that 3.ve then obtain simply that
the illumination varies inversely proportionally
with the distance:

nE =  °  104 lux = 1,57 -2  104=lux,
a a

which is even more easily understood on the basis of simple
considerations of symmetry, as given earlier in this period-
ical 3).

Diagrams for the determination of the direct il-
lumination

In practical cases in order to be able to find the
direct illumination with linear light sources easily
and rapidly, the most obvious method is to attempt
to reduce the general formula (6) to a simple
diagram.

In fig. 5 the plane is drawn through the linear
source and the point 0 at which the illumination
on the working surface is desired. It may imme-
diately be seen that the total illumination E pro-
duced at 0 by the source of length 1 can be made
up of the contribution E2 -of the light source /2 and

J0229

Fig. 5. The plane through the linear light source 1 and point 0, at
which the illumination on the working surface is, to be determin-
ed, is here drawn to scale. The parts 4, 12 and /1 of the linear
source, which are seen from 0 at the angles a1, a2 and a1', resp-
ectively, furnish the contributions E1, E2 and EZ, respectively,
to the total illumination at point 0 on the working plane.

the contribution El of ll, while the illumination
given by a light source l', on whose extension the
base of the perpendicular from 0 lies, is of course
the difference between the illuminations E2 arid
El', -Which would 'be 'produced at 0 by the' light
sources /2 and /j: respectively.

This is all expressed (with correct sign) in for-
mula (6) when we take a2 and al' positive and al
negative, because the -expression 1/4 (2a -I- sin 2a)
becomes zero for a = 0, so that, for example, the
illumination E2 given by the lamp /2 at 0 is
given by:

3) Philips techn. Rev. 4, 181, 1939.
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h 2a2 + sin 2a2
E2 = 104 lux. . (7)

This illumination E2 at a point 0 of the line QR
on the working surface ABCD in fig. 4 can now
be plotted in polar coordinates from 0 at an angle
a2 with the perpendicular to QR, as has been done
in principle in fig. 6. In this diagram we have plotted

2a+ sin 2ae - 104
4

In order to obtain the required illumination E2,
therefore, it is. only necessary to multiply the value
of e2 at an angle of ao'read off in fig. 6 by Iolha2 4).

(8)

Fig. 6. The illumination E which a part of a linear light
source with a luminous flux of I3 c.p./cm produces at a point
0 which' makes an angle a with the perpendiCular distanCe a
to the lamp amounts to .1.3h/a2 times the quantity e plotted
in this polar diagram, when h is the distance from lamp
to working surface in cm:

For the "Philora7" lamps TL 100 which have a
luminous flux Fo of 10 lumens per cm, according
to formula (3) we may assume about 1 for the candle
power 10 per cm. For "Philinea" lamps /0 amounts
to about 0.6.

R

Fig. 7. In this polar diagram sectors are plotted each of which
furnishes a contribution of 0.05 to the expression

-1 2a + sin 2a
4 a,

A part of the lamp which, as seen from 0, extends over n -

sectors furnishes a contribution to the illumination at 0 of
500 n Ioh/a2 lux.

4) In illuminating engineering the distances a and h are
usually expressed in metres. The value of e in this polar
diagram must then of course be decreased by a factor 100.

Vol. 6, No. 5

Usually the angles al and a2 will be so large
that the corresponding values of el and e2 are easily
read off' if fig. 6 is simply laid over fig. 5 which is
drawn to scale. For rays which pass through 0 at
a small angle a to the perpendicular to QR, however,
their point of intersection with the illumination
diagram in fig. 6 is difficult to determine sufficiently
accurately, and for these cases it is therefore
advisable to use the diagram of fig. 7. This diagram
is obtained by  plotting sectors polarly from 0
each of which contributes the same amount to
the direct illumination intensity on the working
surface in the neigbourhood of 0. For each sector
of fig. 7.

2a + sin 2a
4

a2
= 0,05 . .

a,
(9)

so that between a = 0 and n/2, for which ex-
pression (9) becomes 0 and n/4 = 0.7854, respec-
tively, lie fifteen complete sectors, while for the
sixteenth and last sector expression (9) amounts
to only 0.0354. If fig. 7 is sufficiently carefully
drawn, the illumination at 0 can then be -derived
from it with a certain degree of accuracy, especially
for fairly small angles a, in which region the
successive sectors are almo'st equal in size, by
laying fig. 5 drawn to scale over it. If, for example,
the number of sectors in the diagram of fig. 7 com-
passed by the linear light source of fig. 5 seen from 0
is n, then according to formula (6) the direct il-
lumination which it produces at 0 will be repre-
sented by:

E 500 n -2 lux . .

ah
(10)

Practical calculation of the distribution of the il-
lumination intensity over the working. surface

On the basis of a simple example we shall now
explain somewhat more precisely how with the
help of figs. 6 and 7 the direct illumination intensity
can be deterinined at a sufficient number of points
on the working surface to furnish data for a rough
estimation of the illumination efficiency of a system
of linear sources of light. We consider a room of
13 by 12 m with a height of 4 m. In this room 64
TL 100 lamps 1 m in length are placed against the
ceiling in 8 parallel rows of 8 lamps each. These
lamps are about- 3 m above the working plane
and at distances of 1.5 m from each other. On
the working surface (fig. 8) we now draw the
straight lines II, etc. up to IX vertically beneath
the rows of lamps. It is_ along these lines that we
wish to know .the illumination intensity. At 1.5 m
outside the lines II and IX, respectively, there are
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also drawn" the lines I and X, both of which thus lie
25 cm outside the room. By allowing the distances
between the lines to depend in a simple way upon
those between the rows of lamps, provision may be
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Fig. 8. In a room of 12 by 13 m and 4 m high there is a total
of 8 times 8 linear lamps type TL 100 installed as indicated
for the upper left-hand quadrant. In the lower half of the
figure the contribUtion to the illumination of the row of
lamps II is given for the intersection points of the working
lines. In the upper right-hand quadrant the total illumination
intensity is given for each of the points of intersection.

made that the successive lamps always give the same
contribution to the illumination intensity at corre-
sponding points on the successive lines. By a suitable
choice of the, working lines we thus simplify the
calculation considerably.

We also draW several, working lines in a direction
perpendicular to the rows of lamps, and we have
drawn them here 2 m 'apart so that there are seven
of them' (numbered from 1 to 7) including the
walls of the room. With the help of the diagrams
of figs. 6 and 7,we now calculate for the points of
intersection of these two system's of lines,. the con-
tribution to the direct illumination furnished by
every lamp. In the upper left-hand corner, of fig. 8
the position of. the lamps is indicated and in the
lower half the contribution for every intersection
is given which the row of lamps II furnishes to the
total direct illumination of the working surface
at that point. In the upper rightliand corner of
fig. 8 the direct illumination is noted for each of
the intersections, rounded off to 1/3, as furnished by
the whole systein at that point. The variation of
this direct illumination in the other three quadrants
is of course a mirror image of that in the quadrant
calculated.

Along two mutually perpendicular lines 2 and

IX in the upper right-hand quadrant we have now
in fig.. 9 indicated the variation of the direct il-
lumination. From this variation . the points can'
immediately be found at which the direct illumi-
nation amounts to a whole number multiple of
10 lux. The mirror images of these points in the
quadrant of the working surface lying to the left
above in fig. 9 can thus be indicated without
difficulty, and the lines may ,be drawn through
them indicating equal direct illuminations, which
give us the so-called is olux diagram for the
upper left-hand quadrant of the working surface.
Altho'ugh the direct illumination in the middle of
the room does not  vary rapidly, even when the
lamps are regularly spaced it falls off rapidly near
the walls, and in the direction of the axes of the
lamps it even falls to less than 1/3 of its value in'
the middle of the room, as will be clear from fig. 9.
If the greatest possible uniformity in light dis-
tibrution over the whole working surface is desired,
therefore, the, light sources should be more closely
spaced along the edges of the ceiling than has
been done in *this example.

If the luminous efficiency of a system is desired
the total light flux which strikes the working
surface should be determined, because the luminous
efficiency is equal to this quantity divided by
the luminous flux installed. From the illumination
figures of fig. 8 by multiplication by the correspond:
ing surface elements' the total direct luminous flux
which' strikes the working surface can be relatively
easily determined. For the quadrant under con-
sideration with a surface of 39 Cin2 the direct lumi-
nous flux is 4 100 lumens, so that the average
direct illumination will be about 105 lux. The
ceiling and walls of the room to be illuminated have
a reflectivity of 35 per. cent. On the basis of the
tables mention ed in the introduction (cf. footnote 1) ),
it can now be calculated that about 20 per cent of
the light flux directed toward the ceiling finally
reaches the working surface, while of the luminous
flux directed toward the walls about 12 per cent also.
becomes effective. The total installed luminous flux
is 64 900 lumens; of this nearly half is directed toward
the ceiling, namely about 31 000 lumens. Of this
half therefore 20 per cent finally reaches the working
surface, i.e. about  6 200 lumens. Since the direct
luminous flux to the whole working surface of 156 m2
is 4 X 4 100 = 16.400 lumens and 31 000 lumens
go to the ceiling,,16 600 lumens are directed toward
the walls. Of this, 12 per cent finally, reaches the
working surface, i.e. 2 000 lumens. Due to the re-
flections at ceiling and walls, therefore, a luminous
flux of 6 200 + 2 000 =, 8 200 lumens reaches the

- ,
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working surface of 156 m2 and provides on it an
increase of the average illumination of about 55 lux.
This makes the average of the total illumination
over the working surface 105 + 55 = 160 lux.
It must, however, betaken into account that after
the passage of . time the_ reflectivity of ,ceiling and
walls will decrease, as well. Us the light flux.given

Luxt

by the lamps. It is therefore advisable to count
only on a value of 140 lux for the average illu-
mination intensity. The total "effective" -luminous
flux which then strikes the working surface of
156 n3.2 will now be about 22 000 lumens. Since the
total light flux installed is 64 000 lumens, this means
a luminous efficiency of nearly 35 per cent.
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Fig:' 9. For the working jines 2 and' IX in the upper right-hand quadrant of fig. 8 the
` variation of the illumination is herd drawn. The points along these working bins m which

the illumination amounts to a whole nuMber multiple of 10 -lux are found graphically,
and their mirror images can thus be drawn in the upper left-hand quadrant, for which we
can in this way determine the isolux diagram of the direcvillumination. In'o'r.der to
obtain a more uniform distribution of the illumination over the working surface it isjqinid
desirable to concentrate the lamps somewhat more toward the edges of the ceiling than
Was done in this example. '
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PREPARATION OF VITAMINE D

In the works of N.V. Philips -van Houten at Weesp the vitamine D is
obtained from provitamine in this irradiating apparatus, which contains
four high-pressure mercury lamps each consuming 1.5 kW.

l53
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A SIMPLE HIGH-FREQUENCY OSCILLATOR FOR THE TESTING
OF RADIO RECEIVING; SETS

by -J. D. VEEGENS and M.K. DE VRIES. 621.396.615.1 : 621.317.7

For the testing and adjustment of radio receiving sets after manufacture, as well as for

purposes of service, a measuring oscillator has been designed which gives a high -frequency
voltage whose amplitude is adjustable continuously between I and 0.1 V, while the
frequency can be varied continuously between 100 000 c/s and 60 Mc/s (wave length
5 m). By means of a built-in low -frequency oscillator the amplitude of the oscillator signai

can be modulated by 400 c/s. In this article the fundamental Problems are discussed
which are' encountered in the construction of the measuring oscillator, particularly that
of keeping the frequency stable, regulating the amplitude and preventing frequency
modulation upon modulation of.the amplitude of the oscillator signal. In conclusion several
details of the construction of the apparatus are discussed.

For the testing and adjustment of radio sets an
oscillator is needed which can deliver to the receiv-
ing set voltages, which have the same frequency
and amplitude as the aerial voltages when the
set is in use. In some cases' a sinusoidal signal of
constant amplitude will be enough, while in other
cases the signal should be, modulated.in amplitude

- like the aerial voltages.
Upon closer examination of the possibilities of

application of such an oscillator, it is found that
the requirements which must be made of the 'Appa-
ratus may vary very much according to the nature
of the application. For special measurements in
laboratories and factories it may be necessary
to know the frequency or the amplitude of the oscil-
lator signal very accurately, or the form of the
signal must be exactly that of a sine. In by far the
majority of applications, however, less severe require-
ments suffice. In practice, precision measurements
are not usually carried out with the oscillator,

- but only more .or less qualitative tests.. This is
particularly the case for all tests which are carried
out in service stations for detecting defects in radio
sets. For such tests an oscillator signal of reasonably
constant amplitude and frequency is also needed.
The value of the frequency need not, hdwever, be
able to be adjusted with greater accuracy than
abdut 1 per cent, while as to the amplitude, it
is only necessary to know its order of magnitude.

In the. ollowing we shall describe a simple meas-
uring oscillator (type GM 2 882) which is suitable
for all, applications where the highest requirements
are not made. In order to lend the apparatus uni-
versal utility special care was taken that the fre-
quency and the amplitude ,of the oscillator signal
could be varied within very, wide limits. Further-
more, emphasis was laid on practical features; such
as easy operation. and a strong and light construction
of -the apparatus. The -measuring oscillator can

easily be carried, which is of special importance for
service purposes in order to be able to study faults
in receiving installations on the spot.

Several fundamental problems

The problems which were encountered in the
development of this apparatus May, be divided
into three groups:
1) Securing an oscillator. frequency which can be

varied within wide limits and' which remains
absolutely constant upon each adjustment of
the measuring oscillator.

2) Securing an output voltage whos'e amplitude can
be adjusted in a reproducible manner in a region -
with a lower limit of about 1µV:

3) Securing the desired amplitude modulation of
the signal.

The solutions of these three problems attained
in our apparatus will now be dealt with successively.

Adjusting the frequency and keeping it constant

The frequency region of the measuring oscillator
extends from 100 000 to 60 Mc/s, corresponding
to wave lengths of 3 000 to 5 m. The lowest fre-
quencies are intended for the investigation of the
intermediate -frequency part of receiving sets, while
the highest frequencies may be used for. the inves-
tigation of the ultra short wave part , of radio .

receivers. The adjustment of the frequency, takes
place in the usual manner by continuous regulation
of a condensei and commutation of a self-induction
coil. Six frequency regions may, be, chosen in this.
way, which are distributed as follows:

10- 30 kc/s
30-100 kc/s

100-300 kc/s
3- 10 mc/s

10- 30 mc/s
30- 60 me/s
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The principles of the connections of the oscillator
are given in fig. l. The frequency of the oscillations

Fig. 1. Principle of the connection of the measuring oscillator.
The oscillation circuit is not connected in the grid circuit, but
in the anode circuit, since in .this way a more nearly constant
oscillator frequency is obtained.

excited is determined by, the' oscillation circuit LC
according to the familiar equation:

1
f -

22r LC

Equation (1) is actually only an approximation.
There are numerous causes which result in a small
displacement of the frequency, since. the exact value
of the frequency depends upon the resistances,
capacities and self -inductions of all components
which are coupled with' the oscillation circuit, as
well as upon the slope of the oscillator. These fre-
quency shifts would of themselves be no objection
if they could be taken into account upon calibrating
the. apparatus. Several of the quantities which
affect the .oscillator frequency, especially the load-
ing resistance and 'certain capacities, exhibit,
however, the undesired property that 'they may
change with the conditions of performance. In
order to prevent. the occurrence of unallowable
fluctuations in the oscillator frequency from these
causes, very great attention had to be paid to
these phenomena in the construction of the appa-
ratus.

The influence of variations in the external loading
was practically completely eliminated by not con-
necting the oscillator stage directly to the appa,
ratus to be ,tested, but including an amplifier stage
behind the oscillator stage. Variations in the working
state of the amplifier stage will not react appreciably
on the oscillator stage, since the two are only very
loosely coupled. This will be dealt with later on.

We shall now go somewhat more deeply into the
causes of capacity ,variations. The chief working

' conditions which may effect the capacities are the
temperature of the surroundings and the supply
voltage. The temperature of the surroundings
affects mainly the dielectric constants of the insu-
lation materials, whereby the capacities also

(1)

experience a certain change. The thermal expansion
of the tuning elements also results in a certain
change in capacity, and, moreover, a change in the
self-induction. It was, however, possible to make the
temperature coefficients of the tuning elements
so small that the temperature variations occurring

 in practice cause no unallowable fluctuations of the
frequency. By suitable placing of the components,
moreover, provision was made that the internal
heating of the LC circuit during use is not too great.
The result of these measures is that the frequency
changes about 1 0/00 at _the most due to the heating
of the apparatus during 'use.

The influence of the supply voltage' on the
capacities is more serious. The valve capacities
are not only dependent_ on the position of the 'elec-
trodes in the valve, but also on the space charge
between the electrodes. This space charge is in turn
dependent on the anode current, which 'changes
upon a variation of the supply -voltage. Especially
the capacity between cathode and control grid may
hereby , undergo considerable  fluctuations which,'
without special precautions, would result in fre:
quency variations.

The measures which may be taken to combat
this phenomenon are of different kinds. The most
conclusive means would be'-to'stabilize ,the supply
voltage. A suitable choice of connections _for the
oscillator valve may, however, help very much to
keep the frequency variations mentioned small.
We have used the following methods.

In the first place the influence of the valve capac-
ity was in general limited by making, the charac-
teristic capacity C of the oscillation circuit as large
as was possible in connection with the require-
ment that the oscillator must also be able to generate
at short waves. r

In order to make an oscillator generate it is necessary that
the oscillation circuit should have a sufficiently high resonance
resistance. The resonance resistance which can be obtained
with an oscillation generally decreases with increasing capacity
of the circuit. If therefore it is desired to obtain a sufficiently
high resonance resistance at very high values of the resonanCe,
frequency, the capacity may not exceed a certain value: In
,order to make the value of -the, capacity at which oscillations
can still be generated as high. as possible, an oscillator valve
with steep slope was used, namely the pentode EF 501).

In the second place, as may be seen in fig. 1,

the 'oscillation circuit was not placed in the' grid
circuit but in the anode circuit. Since the valve
capacity between cathode ' and anode 'changes
much' less with the supply voltage than the capac-

1) The slope of the valve EF 50 is 6.5 mA/V. On the construc-
tion of this modern pentode seer A new principle of con-

- structionlor radio valves, Philips techn. Rev. 4, 162, 1939.
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ity betWeen cathode and 'control 'grid, the frequen-
Cy of the oscillation excited remains more con-
stant with this arrangement. The influence of the
changes of the grid -cathode capacity is not entirely
eliminated in this way, since the capacity between
control grid and cathode via the coupling coil M is
transformed in the oscillation circuit in any case.'
In order to combat this effect the coupling be-
tween grid circuit and anode circuit is kept as
loose as possible. Finally another simple measure
is taken to combat the cause itself of the capacity
variations, namely the fluctuations of the supply
voltage. The rectifier for the supply is constructed
for this purpose with a relatiiiely, high internal
resistance. An increase in the supply voltage causes
in general a fairly large increase in the plate current,
and the internal voltage loss of the rectifier increa-
ses, so that a certain compensation of the voltage
fluctuations is obtained. The result of all these
measures is that the frequency variation with an -
oscillator frequency of 30 Mc/s for 10 per cent
mains voltage change is not greater than about
6 000 c/s, i.e. 0.2 8/00. In the applications for which
the apparatus is intended this variation' may be
entirely neglected. Any deviations between the
frequency adjusted and that desired may then be
ascribed more 'to the liMitation of the accuracy
of the scale than to frequency variations due to
changes in the external conditions.

The regulation of the amplitude

In testing the sensitivity of a receiving set it is
customary to apply to the aerial connections a
high -frequency A.C. voltage such that a' certain
energy, 50 mW for instance, is fed 'to the loud
speaker. The amplitude of the high -frequency signal
then usually amounts to 1-50 p.V in modern radio
sets. The amplitude of the measuring oscillator
must therefore also be able to be varied within
this range. In the case of the apparatus under dis-
cussion, however, the voltage can be still further
increased to 0.1"V. This is desirable when it is not
a question of testing the set as a whole with the
oscillator, but for instance only the intermediate- .

frequency  stages which are designed for a consid-
erably higher signal voltage.

The signal voltage given by the oscillator valve
itself is of the order of magnitude of 10-100 V.
If it is desired to make the oscillator generate
stably, it is impossible to make the voltage much
lower. In order to obtain the 'smallest desired signal,
therefore, it is .necessary to attenuate 'the voltage
107 to 108 times. An attenuation to 0.1 V is accom-
plished by coupling the "amplifier" stage following

the oscillator stage only -very loosely with' the os-
cillator. By making this coupling loose enough
not only' is the desired reduction of the oscillat'Or
signal obtained, but at the same time, as already
stated, there is the advantage that the influence of
any changes in this amplifier stage or in the ex-
ternal' loading is very much reduced.

Following the amplifier stage is an adjustable
attenuator with which the signal voltage can be
lowered continuously from 0.1 V to 1µV (see fig. 2).

3932! 

Fig. 2. Regulation of the amplitude of the oscillator voltage.
The output voltage of the oscillator is applied to an amplifier
stage via a very loose coupling. Following this is an attenuator
which can regulate the voltage over a range 1 100-000.

In principle the attenuation of voltages is not
difficult. An attenuator may be built up as a net-
work of impedances, for which capacities, self -induc-
tions or resistances may be chosen. In fig. 3 an
example is given of such an attenuator consisting
of five cells, each of which attenuates the signal
to l lk of its original value. With k = 10, therefore,
the desired attenuation by, a factor of ipo 000 will
be obtained.

0
J8322

Fig. 3. Principle of an attenuator. In the network given each
cell gives an attenuation of the input voltage by a factor k:

Since the attenuator must be able to function in a
large frequency region, it is advantageous to use
resistances as impedances, since resistances are in
principle independent of the frequency. Practically,
however, the branches of the attenuator will no
longer behave exactly as resistances' at the fre-
quencies of short waves; the deviations becorhe
greater the higher the resistances. It is therefore
advisable to choose small resistances. They must
not, however, be so small that the self-induction
of the necessary connection lines to the resistances
becomes disturbing. A satisfactory compromise fcir
the frequency region ..in question is formed by
resistances between 10 and 300 ohms. '
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If the output signal must be very much atten-,
uated by more than U. factor 104 for, example,
all kinds of difficulties ' occur at high frequencies.
In that case various components are situated in the
neighbourhood of the output terminals whose
potential fluctuates many thousand times as much
as that of the output terminals themselves. If by
means of capacitative or inductive effects a small
part of thege potential fluctuations is transmitted
to the output terminals, an interference voltage
is obtained at the output of the measuring oscillator
which may easily be much greater than the desired
signal.

In order to avoid the capacitative- and inductive
effects mentioned it is necessary to keep the con-
nections short, to shield very carefully the compo-
nents which generate high -frequency electric fields
and to take care that the shielding .is properly
e'ar'thed. For some other parts of the connections
also, particularly for the attenuator itself and for
the supply part, proper earthing is of the greatest
importance for the avoidance of interferences. To
illustrate this fact we shall consider in more detail
onl.y a detail of, the attenuator. As may be seen
in fig. 3 the lowest connection line of all the
transverse resistances, which is earthed, also serves
as common connection terminal of the input and
output voltage. Let us now assume that the
earthing of the connection line between the trans-.
verse= resistances takes place at some other spot
than that of the common connection terminal,
that between the connection line and the connection
terminal there is an impedance z, although very
small. In fig: 4 this case is required, the electrical
diagram shows' what happens in this case.

It may be seen from the diagram that an inter-
ference voltage Es acts on the output terminals in
parallel with the desired output voltage. Es is
given by the following:

Es Ei z1Ri,

wliere Ri is the input resistance of the attenuator,
which has a value of about 300 ohms.

.3832.5

Fig. 4. Equivalent connections for the attenuator. Deviating
from fig. 3., this diagram shows a certain impedance z between
the, connected transverse resistances of the attenuator and
the corresponding connection terminal of the input and output
voltage. This causes an interference voltage E, which makes
it difficult to obtain large attenuations.
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If the input voltage must be able to be attenuat-
ed by a factor 105 without hindrance from .this.
interference voltage, z/Ri must only be of the order
of magnitude of 10-5. z must therefore be smaller
than 10-4 ohm. For a wave length of 5 m this ?means
that the self-induction of the connection line must
be smaller than 10.12 henry. A contact screw of 1 mm
length may easily have a self-induction one hundred
times as large. From this it will be sufficiently 'clear
that in the construction of the attenuator very much
care must be taken.

The impedane z ,in the attenuator, as already
mentioned, is by no means the _only source of
interference voltages. Other interference voltages
may. be given, mainly by a capacitative coupling
between different parts of the attenuator, further -

More by a capacitative coupling between the
measuring oscillator and the apparatus to be tested,
or by a coupling of these two apparatus via the
power mains. Although all these effects can be com-
batted by the measures mentioned, their influence
remains so strong that the attenuator may knot be
considered a precision instrument 2). Since for°
certain applications, especially for selectivity meas-
urement, it is advantageous to have at least one
accurately known attenuation, a second attenuator
which gives a fixed lowering of the amplitude in the
ratio 1: 10 is introduced at the end of the connection
cable which connects the measuring oscillator with
the set being tested. This latter  attenuator also
serves as a socalled artificial aerial, i.e. it is built
up of circuit elements of such kinds that the meas-
uring oscillator seen from the output of the con7
nection cable has about the same impedance ,as,an
ordinary aerial.

Securing the desird modulation

In sensitivity measurements on receiving sets the
electrical energy which is delivered to the loud
speaker is, brought to a given value by regulation
of the high -frequency voltage. Actually this energy
is not determined by the amplitude, but by the
modulation of the high -frequency, signal, wand
therefore for a determination of the sensitivity it is,
necessary that the depth of modulation of the high -
frequency signal should be known, while, moreover,
it is desirable that the modulation should have
a sinusoidal variation.

As to the frequency of the modulation, it is a

2) On the scale of the regulating knob of the attenuator volt-
age values are indicated. The actual output voltage may
deviate from the voltage chosen as a result of the disturbing
effects mentioned; the difference, however, amounts at the
most to a factor 2. In this factor is included the drift of
the output voltage with the frequency.
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general custom to test the sets at a modulation fre-
quency of 400 c/s. The reason for this is that this
frequency is reproduced in full intensity by prac-
tically all sets, which is not the case for lower fre-
quencies, while at higher frequencies some appa-
ratus exhibit an irregular behaviour due to the
occurrence of resonances. The modulation fre-
quency of 400 c/s is generated by a separate
oscillator included in the apparatus. Just as in the
high -frequency oscillator, the resonance circuit is
connected in the anode circuit. In order to obtain a
truely sinusoidal signal inverse feedback is applied
by means of a resistance in the cathode connection.

The A.C. voltage obtained in this way is now
used to modulate the high -frequency signal, i.e.
to influence it in such a way that there is a linear
relation between the modulating voltage and the
amplitude of the high -frequency signal. The method
used here to accomplish this is so-called supressor
grid modulation, whereby a negative bias voltage
and in addition the modulating voltage are applied
to the suppressor grid of a pentode. If there is

'a high -frequency A.C. voltage of constant amplitude
on the control grid of a pentode, the amplitude
of the anode A.C. is found to vary linearly with
the modulating voltage within wide limits with a
suitably chosen value of the suppressor grid bias
voltage.

One of the problems which is encountered in the
modulation of the oscillator signal is the occur-
rence of undesired frequency modulation. Suppres-
sor grid modulation is accompanied by a periodic
variation of the distribution of the space charge in
the modulator valve (this is also true of every
other method of modulation), and from this, as
has already been mentioned, result periodic changes
in the capacities between the electrodes. If the
modulation were allowed to take place directly
in the oscillator valve, which of itself is possible
(see fig. 5), these capacity variations would lead
to fluctuations of the oscillator frequency in the
rhythm of the amplitude variations.

If such a signal which exhibits amplitude modu-
lation as well as frequency modulation is now ap-
plied to the input of a selective high -frequency
amplifier, the variation. of the amplitude of the
output signal may deviate very much from that
of the input signal. The fluctuations of the frequency
cause fluctuations in the output amplitude, espe-
cially when the frequency lies in the sloping part of
the resonance curve. These amplitude variations
are superposed on those which are caused by the
amplitude modulation of the oscillator signal.
The result may be a change in the depth of modu-
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lation, and at the same time a considerable distor-
tion of the image of the modulation. Fig. 6 gives
two examples of this phenomenon: in case a) the

J8J.24

Fig. 5. Diagram for the modulation of the oscillator voltage
with a signal of low frequency. These connections have the
disadvantage that frequency modulation occurs.

average oscillator frequency corresponds to the
resonance frequency of the receiving set, while in
case b) the oscillator frequency lies on the sloping
part of the resonance curve.

On the basis of the tuning curves of a large num-
ber of modern superheterodyne receivers a study
was made of the degree of frequency modulation
permissible when it is desired to be able to deter-
mine thelsensitivity or the resonancefcurve of a

a

vvvVv"\"0

t
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b

Fig. 6. Examples of modulation distortion due to frequency
modulation. A signal voltage which possesses amplitude modu-
lation as well as frequency modulation is applied to an ampli-
fier with a sharp resonance curve. In case a) the average fre-
quency of the signal is equal to the resonance frequency, in
case b) the signal frequency lies in the sloping part of the
resonance curve. Above may be seen the input voltage,
below the output voltage of the amplifier.
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set with an accuracy of 10 per cent. It is found that
for sensitivity measurements a frequency modu-
lation greater than 200 c/s is not permissible,
while for the measurement of the resonance curves
of superheterodyne receivers this limit is only
30 c/s. But considering the fact that the selectivity
of the receivers is determined practically only by the
intermediate -frequency part, this last requirement
only holds for relatively low frequencies.

How can the undesired frequency modulation
be avoided? The modulation is made to take place
not in the oscillator valve itself, but in the ampli-
fier stage connected to it. Now the valve capa-
cities of the amplifier valve do indeed change under
the influence of the modulation, but since the am-
plifier stage, as already mentioned, is coupled only
very loosely with the preceding oscillator stage,
these variations have practically no influence on
the resonance frequency of the oscillator circuit.
In this way it is accomplished that the frequency
modulation of 200 c/s permissible for sensitivity
measurements is not exceeded in the whole range of
oscillator frequencies up to 30 Mc/s. For frequencies
up to 1.5 Mc/s (200 m) the frequency modulation
even remains well within the limit of 30 c/s pres-
cribed for selectivity measurements.

Construction of the apparatus

The larger the series in which an apparatus
is manufactured, the greater the emphasis on easy
methods of construction, while on the other hand
the higher the permissible cost of the necessary
tools. In this way in the manufacture of radio sets
an extensive use of moulded parts has become
prevalent. These parts necessitate expensive mat-
rices, it is true, but they further simplify the manu-
facture very much.

Since the measuring oscillator is not manufac-
tured in series of ten thousands, it was undesirable
to make expensive matrices for the apparatus.
For this reason no specially moulded parts were used.
The chassis was built up as a closed body of sheet iron.

In the construction an attempt was made to
collect the components as far as possible into small
independent groups (units), which can be made and
tested independently of each other. The wiring
of the oscillator part was kept as short as possible,
since the connection wires are always a source of
individual differences between apparatus of a
series, so that they might lead to difficulties in the
calibration of the instruments.

A considerable shortening of the wiring of the
oscillator circuit was obtained by a somewhat
unusual construction of the wave length switch.

The wave length switch is generally so constructed
that it switches the connection terminals of the
rotating condenser over to the different self-induc-
tion coils. For this purpose every coil must be
connected to the wave length switch by means
of a number of wires. In the measuring oscillator
these connecting wires are avoided by using a
rotating set of coils as wave length switch (see
fig. 7). When the switch is given another turn, the

Fig. 7. The sets of coils of the measuring oscillator are mounted
on the wave length switch so that upon switching over of the
frequency region one set of coils (tuning coil and two coupling
coils) is replaced by another set, while all connecting wires of
the circuit remain in their places. For the region of shortest
wave lengths an oscillator coil of one winding is used, which
may clearly be seen in the figure; the remaining coils are wound
on coil bobbins placed on the base plate.

self-induction coil and the corresponding back -
coupling coil are replaced by another combination
of coils, while otherwise all the connections and
wiring remain unchanged. The capacities and self -
inductions of the wiring thus also remain unchanged
and may be kept very small, so that at every
position of the rotating condenser one is certain
that the wave lengths of the oscillator signals which
are successively excited upon rotating the wave
length switch have exactly the same relation as the
square roots of the self -inductions of the coils.
This has the advantage that for different frequency
regions, such as

0.1- 0.3 Mc/s
1.0- 3.0 Mc/s

10 -30 Mc/s

the same scale can be used.
Fig. 8 shows the rear side of the apparatus opened,

from which the arrangement of the main compo-
nents may be seen. In order to avoid a heating up
of the oscillator circuit as far as possible, the supply
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part and all the valves are  shielded with respect
to the rotating condenser and the set of coils. More-
over, the latter are placed at the bottom, while the

30327

Fig. 8. Rear view of the opened measuring oscillator GM 2 882.
B1 oscillator valve shielded by a can, B2 the valve directly
behind B1 of the "amplifier" stage, B3 oscillator valve for
the modulation frequency, B4 rectifier valve of the supply
apparatus; T1 supply transformer, T2 transformer of the modu-
lator stage, C tuning condenser, S rotating set of coils. In the
arrangement of the components the principle was followed
that the components which develop the most heat should be
placed at the top and separated from the condenser and set of
coils by partitions.

sources of heat are at the top and can give off their
heat by means of air circulation.

The rotating condenser is driven by means of a

friction coupling via a second coupling which is
flexible in an axial direction, so that external forces
on the tuning knob can have no effect on the dis-
tance between the plates of the two sets. The
pointer of the scale is driven by means of a string
transmission by the condenser axis. By adjust-
ment of the rotating condenser provision is made in
every apparatus that the scale gives exactly the
correct value at seven points: the Possible errors
at other points on the scale then remain within
the limits of error in reading off. Scale and pointer
are behind a glass window, so that damage during
transportation is impossible. Together with the
flexible transmission between the tuning knob and
the condenser this offers the greatest guarantee
that the calibration will remain accurate for a long
time.
Fig. 9 finally gives a view of the outside of the
measuring oscillator. In addition to the possibilities
of adjustment already discussed, namely the switch
for the wave ranges, the rotating condenser and the
attenuator, there is only one other operating knob.
This is a combination switch for switching the
apparatus on and off and for passing from internal
modulation to external modulation. In the latter
case the desired modulation voltage can beapplied
from the outside; the valve of the low -frequency
oscillator then serves as an amplifier valve.

Fig. 9. View of the outside of the measuring oscillator GM 2 882. The apparatus has
only four operating knobs, namely the tuning knob, the wave switch, the attenuator
and a combination switch for switching the apparatus on and off and for choosing
internal or external modulation.
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THE CONCEPT OF BRIGHTNESS IN CONNECTION WITH BLACKOUT PROBLEMS

by P. J. BOUMA. 535.241.44 : 628:978.7

The classical concept of brightness determined with the help of the standard eye -sensitivity
curve leads to difficulties in cases where one is concerned simultaneously with low levels
of brightness and different coloured light sources (road lighting, blackout problems). The
different possibilities to be considered in introducing a more suitable concept of brightness
are discussed, and the determination of the quantity concerned is divided into a definition
of equality (when may two brightnesses be considered equal?) and a definition of degree
(what value must be assigned t6 a given brightness?). The mathematical formulatio'n'
only becomes simple when we assume the validity of the summation law for estimating
the brightness: the brightness then becomes an arbitrary function of S (A) V (A) dA, where
S'(A) represents the spectral distribution of energy and V (A) the eye -sensitivity curve
under the given conditions of observation. By the choice of different values of this func-
tion the definitions *of degree of different concepts of brightness are obtained, such as
Purkyne brightness, "Dunkelleuchtdichte", etc. The validity or non -validity of the sum-
mation law under various conditions of observation is discussed in detail. In conclusion
observability of coloured_ point sources of light is discussed. For the calculation of the
threshold value of visibility it is found that it is not permissible to start with the eye -
sensitivity curve for rod vision, and that no summation law holds. From this it follows
that the so-called "Dunkelbeleuchtungsstarke" which occurs at the eye is not a measure
independant of colour for the observability of a light point.

In a previous article publighed in this periodical.'),
it was explained how it was desirable in the study,
of the problems: of modern road lighting, where it is
a question 'of relatively: low -levels of -brightn.ess-
and very different colours, to introduce in 'addition
to the customary concept of brightness a' new con-
cept which is more closely 'related 'with our intuitive
concept of "brightnes under the given conditions. -

In connection: with the problems Of blackout,
where still much lower ---brightriesses occur; and
where . the unsuitability of the ordinary idea; of.
brightnesi' is particularly striking, this .problein
has recently attracted considerable attention.

In the following we shall therefore consider ,the
problem of the determination of the concept of
brightness again, ' and 'this time from a general
point of view. After having explained. the require-
ments which every definition of :brightness must
satisfy,: we shall study more, closely the different
possibilities of arriving at a practically usefuldeter-

' minition.

The, definition of eqtiahty

When the eye -observes two luminous planes ad-
jacent to each other, it is very difficult to estimate

1) Philips techn. Rev. 1, 142, .1936.

the brightness relation between the two planes;
on the other hand the eye can indeed judge which
plane is the brighter, and we Can,adjust,the-blight-
negs of one of the planes with'eongideiable -aCehracY
so that the two planes give the iinpression, of -being
"equally bright": -

In setting aip a definition ,of brightnfts,w,,e: mnst
 keep this property of,the eye in mind, so thatthe
first condition which .the definition. must satisfy
is the following- ; - : r!' , . _

When two planes give to_the. eye the:impression
of being "equally bright". the .newly- defined Iiight-
ness must have the ,sime value for both page 2).

This requirement may.be considered,as,the,"def-
inition of -equality": -by 'definition we have', deter-
mined_under, what circumstances we shall consider
two brightnesses equal. This definition"Will of course
only, have a practical value :when by means- of an'
extensive. experimental. .investigation, we have as-
certained the quantities Of -light of -different, Colour
which must be emitted qindet ;various conditions

2)'' It is -Clear that this requirement can.only be satisfied when
there is transitivity of the impressions of brightness,
in other words: when two planes A and B give the im-
pression of being "equally bright" and the same is true
of B and C, then A and C upon direct comparison also
give the impression of being equally bright. This transitive
law is found to be valid under all conditions.
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to give the average observer the impression of equal
brightness. This investigation has by no means
been completed for all conditions occurring in
practice.

The definition of equality is already sufficient
for the treatment of many problems. For certain
problems, however, it will be a great advantage to
add a "definition of degree" . which, enables us to
assign to a brightness a definite value. The definition
of equality answers the question "When are two
brightnesses ,equal?", the definition of degree the
question "How great is the brightness ?"

The definition of degree in general

When we consider how to introduce 'a definithin
of degree it is immediately clear that we may do
this arbitrarily to a certain extent. This fact is 
connected with the fact that the eye is not able
to estimate directly the ratio of the brightnesses
of two planes. In the choice of the definition of
degree we are, however, bound by two conditions:
1) Care must be taken not to come into conflict

with the definition of equality..
2) When one of two planes ,is found to be brighter

that the other, the brightness of the first must
be assigned a higher ,value.

. The most obvious method,' and therefore the one
appearing earliest in the literature (K onig 1891),
is the following: an arbitrary kind of comparison
light is chosen, and by definition it is established
that for.that kind of light the brightness increases
proportionnally with the energy radiated per unit
of surface. This establishes for this one kind of
light a complete scale of hrightnesses, while for
all other kinds of light the value of the brightness
can be determined by means of the definition of
equality 3). It is clear that in this way the two con-.,
ditions mentioned above are automatically fulfilled.

' The kind of comparison light spoken of may be'
chosen quite arbitrarily, and different, formulations
of the concept of brightness occurring in the lit-
erature are distinguished from each other only
in the choice of the' comparison light. We shall give
a few examples.

K onig used as comparison light a spectral colour
with the wave length 5 350.A. This colour was al0
used by the present author in defining the con-
cept of "subjective brightness". , . .

The concept of "Dunkelleuchtdichte" which has
been introduced in Germany is determined in quite
the same way, but as Comparison light the radiation

3) In the corresponding acoustic case (the determination of
the concept of loudness) the same method is used: as com-
parison sound a tone is choSen of 1 000 c/s.

of a black body with a temperauter of 2 360° K 5)
has been chosen. Such a choice has the advantage
that with a visual photometer, containing as com-

-parison lamp an electric lamp of this colour temper-
ature, the "Dunkelleuchtdichte" can be correctly
measured directly (provided the eye of the observer
is normal and well adapted). Sin*Ce the concept of
"Dunkelleuchtdichte" was introduced especially
for blackout problems, in working out 'a method
of calculation, for the "Dunkelleuchtdichte"_ the
investigation could be limited to those brightnesses
at which pure rod vision occurs. For greater bright-.
nesses this concept may not be used:

Quite a different example of a definition of degree
would be to choose the brightness scale for a single
definite kind of light so that with that kind of light
the logarithm of each brightness  ratio Bi : B2 is a
direct measure of the number of steps lying be-
tween B1 and B2 that have a difference in bright-
ness which is just obstrvable (law of Weber and
F echn.er). For other kinds of light also this law
would then be approximately valid. Over against
this, however, are two disadvantages, namely the
awkwardness of the concept for the purposes of
calculation and the fact the definition does not pass
over at high brightnesses into the ordinary, bright-
ness definition, as is the case for the other two def-
initions of degree.

Eye -sensitivity curve and summation law

In the further development of the definition of
brightness.the ideas of "eye -sensitivity curve" and
"summation law" play an important . part. An
eye -sensitivity curve is 'obtained by deter-,
mining for a given level of brightness the energy
(in watts/cm2 foi instance) which must be emitted
in the form of different monochromatic radiations
to give the eye the impression of "equal brightness".
When this energy, has the value s(A) for a given
wave length 2, while s(A0) is the value foi the fixed
comparison wave length Ao for which the energy
in question is a minimum, the eye -sensitivity curve
is. the function V(A) -4-- s(20) : (1). For A = 2, V(A)
assumes the value of unity for all other wave lengths
V(A)<1. The shape of the function V(A) depends
very closely uion the conditions under which the
comparison takes place (level of brightness, size
of the field of vision, method of photometry,' etc.).
These conditions must be kept constant during
the recording of an eye -sensitivity curve and they
must of course also: be tajsen into account in the
application of the eye -sensitivity curve.

4) Philips .techn. Rev. 1, 142, 1936.
5) A. Dresler, Das Licht 10, 112, 118, 145, 1940.
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By the summation law we mean the following
property of brightness impressions.

 When a radiation of energy S1 (spectral distri-
bution 1) and a radiation of energy S2 (spectral dis-
tribution 2) give the same impression of brightness,
this is also true of the mixture aSi + (1-a) S2,
where a is any arbitrary number between 0 and 1.

The validity of the summation law

A detailed investigation of the validity of the
summation law at low brightnesses and with
fairly large fields of vision was carried out
by the writer 6). The following colours were chosen:
the- light of incandescent filament lamps, fairly
saturated red, blue and green (filtered electric light)
and the mixed colours formed from these by mixing
two colours in arbitrary proportions. All the colo'urs
were compared directly with electric light. For each
mixture the brightness to be expected from the
summation law was determined and compared with
that measured. The range of brightnesses extended
from 5 X 10-6 to 0.3 c.p./m2, and thus included the
greater part of the region important in road lighting

. and the whole region with which we are concerned
in blackout problems. With fields of vision of at
least several degrees the summation law:was found
to hold very accurately in this range of brightnesses.
In the comparison between calculated and measured
values the average deviations amounted to about
1 per cent and exhibited quite the. character of 'ac-
cidental errors. Only at the highest brightnesses
used were the measurements more or less non -repro-
ducible in the neighbourhood 'of the saturated, blue,
and there 'were indications that deviations from
the summation law began to occur here.

Much work has already been done on the question
of the validity of the summation law in the region of
high brightnesses (pure cone vision), but -without
reaching 'consistent results on- this point, which is
of extremely great importance in photometry 7).
The main cause of this lack of agreement is that
in this region of brightness, where the colour dif-
ference is not weakened by the collaboration of the
rods, the "natural" method of measuring the bright-
ness, namely the direct comparison of two different
coloured planes side by side,' is extremely difficult
and leads to very irreproducible results. Some

. authors (Helmholtz, v. Krie s) even doubt
whether such measurements have any value at all.
For.For this reason attempts were soon made to replace
this unsatisfactory method of photometry by other

6) Proc. Kon. Akad. Wet. Amsterdam 38, 150, 1935.
7) Cf: for this part also Philips techn. Rev.; 1, 120, 1936 and

5, 283, 1940.. .

methods which must satisfy the requirements of
accuracy and reproducibility, of not deviating- too
much in their results from those of direct compa-
,rison and of obeying the summation law. After
several vain attempts two methods were found '
which not only satisfied the requirements made
of them, but which also gave good mutual agreement
in their results. -These were the flicker method 8)
and. the step-by-step method 6)2 In 1924 it was
therefore decided to standardize a mean of the best
of these measurements carried out by both the meth-
ods as international eye -sensitivity  curve Vk().),
and to base the concept of brightness for high levels
of brightness upon this curve. Since then the cri-
terion for the excellence of a photometric method is
the question of whether or not it produces results
which agree with this standardized definition within
the limits of accuracy required for the purpose in
view.

Although this created a' very satisfaCtory situa-
tion for practical work, numerous investigations
were still carried out on the mutual" agreement
between the different photometric methods and on
the validity of the summation law. The most
portant results are the following: '

1) For the flicker phOtometer the siimmation.law
is 'very accurately valid (to within 1 to 2 per-
cent 10)).

2) The step-by-step method gives re;Ults which
agree 'Within several per cent with those from the
flicker photometei 9c), and here also the sun).-
mation law is valid. Although, numerous in-
vestigators confirmed these two facts, they were
pertinently contradicted by others '11).

3). The method of direct comparison.'does not lead
to reproducible results. According 'to certain
authors 12) 'there is good agreement with the
flicker photometer, according to others there are

-fairly large, but -unsystematic deviations 8b ),
others again find systematic "deviations of 10-20
per cent 8c)., or even of 50-100 per cent 11' 13). The
last authors find the greatest deviations ..for

a) H. E. Ives, Phil. Mag., 24, 149, 1912. -
b) W. W. Coblentz and W. B. Emerson, Bull. Bur. Stand.

14, 167, 1918.
a) H. E. Ives; Phil. Mag. 24, 744, 1912.
b) E. P. Hyde, W. E. Forsythe and F. E. Cady, Astro-

phys. J. 48, 87, 1918. -

0) K. S. Gibson and E. P. T. Tyndall,' Sc. Papers,'Bur.
Stand. 19, 131, 1923.

18) The small deviations (2%) foUnd by Jaggi may probably
be ascribed for a large part to the lack.of absolute constancy
of the eye -sensitivity curve.

11) A. KohlrauschDas Licht 5,259, 275, 1935.
12) R. G. Weigel, Das Licht 5, 43, 1935:
13) A. Dresler, Das' Licht 7, 81, 107, -1937.
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saturated red, blue-green and blue, the smallest
for yellow.

The cause of these discrepancies is not yet com-
pletely explained. 'Many factors which are difficult
to control play an important part: technique, and
speed of adjustment, the experience of the observer,
the psychological attitude, the ability to abstract
the colour difference, consciously or unconsciously
applied devices of accomplishing this latter, etc.

In the cases in which the aboVe-mentioned large
deviations from the results obtained with the flicker
photometer were found, the summation law also
fails to hold: too high brightnesses are assigned
to the saturated colours at the extremities of the
spectrum, and this phenomenon disappears when
these colours are mixed to give. an unsaturated
colour. Thus lower values of the brightness are
found for the mixture than would be expected ac-
cording to the summation law.

Summation law and definitions of degree

If the validity of the summation law is assumed
the following property can be derived from the
definition of the eye -sensitivity curve V (A).

Two planes which emit a radiation with the
spectral distribution ,S1 (A) and S2 (A) will give the
impression of being "equally bright" when

f Si (A) V (2) dA = f S2 (A) V (A) dA,

where V (A) represents the eye -sensitivity curve
that is valid under the conditions at which the
comparison takes place. S (A) dA is the energy'
which is emitted in the wave -length region between
A and 2+4:12 per cm2 (projected in the direction of
observation), per second and per unit of solid angle
(steradian).

From the definition of s (A) as an intensity which stimulates
the same impression of brightness for all wave lengths, it
follows directly with the help of the summation law that the
mixture a1s (A1) a2s (A) gives the same impression of bright-
ness as s (27) or s (A2) of al + a2 = 1. If this property is ex-
tended to more components, and if one then passes over to a
continuous spectrum by transition of the limits, it is found
that the mixture fa(A) a (A) dA makes the same impression of
brightness as s(A) if fa (A) dA = 1. If a(A) s(A) is set equal to
S(2), it follows that for two spectral distributions S1(2) and
S2(A) which give the same impression of brightness the fol-
lowing is valid:

r Si(A)
dA

S2(A)

s(A) s(A)

or, introducing the eye -sensitivity curve V(A) = s(A2)1s(A)

f MA) V(A) dA = f S2(A) V(A) dA.

This relation enables us to arrive at a common
mathematical formulation of all the possible def-

initions of degree. The new brightness which is to
be introduced is connected, according to the above,
unambiguously with the expression fS (A) V (A) dA,
so that we find directly as the most general mathe-
matical formulation of the definition of  degree:

B=f)f s (2) V (A)42. . . . . (1)

In this equation f represents an arbitrary function
of which it is only required that upon continuous
growth of the integral, B shall also increase contin-
uously. Formula (1) is of course only valid in
conditions under which the summation law is
valid14). For great brightnesses this is the case, as
stated, only if the flicker photometer is used as a
measuring instrument. Since at the same time one
also finds very approximately the same eye-sen-
sitiv*ity curve Vk (A), the simplest definition of
degree for great brightnesses is

Bc Cie f S(A) Vk (a) dA, . . . . (2)

where. Vk(A) is the internationally established
standard eye -sensitivity curve and C, is a constant
which takes on the value 636 when the brightness
B, is expressed in stilb (c.p./cm2) and S (A) in
watts/cm2 15). This formulation is internationally
established and the concept of brightness thus
defined will in the following be called the "classical
brightness" and indicated by the letter Bc.

When we do not confine ourselves to great bright-
nesses, the simplest relation between brightness
and the integral is also:

B=CIS(A)V(2)dA, (3)

a definition which was proposed by Vo et -M o gen- .
d orff 15) among others under the , name of the
Purkyne brightness. If C is chosen equal to Cc,
then for the conditions under which the standard

 eye -sensitivity curve is measured, equation (3)

passes over into the -classical brightness 13, accord-
ing to equation (2).

The definitions with a comparison light discussed

14) In the acoustic case for example the summation law does
not hold, so that such a simple mathematical formulation
is impossible there.

15) The letters H and E used in the earlier article 1) have been
replaced by the modern notation B and S, while a sub-
script c is added to indicate that we are here concerned
with the classical concept of brightness and with the stan-
dard eye -sensitivity curve. Since equation (2) indicates
the classical brightness of a source of radiation as a function
of purely physical 'properties, it is possible to measure
classical brightnesses without using the, eye as an instru-
ment. This has led to the regular use of the concept of
classical brightness even under conditions where the curve
Vi,(2) is no longer valid. Under these conditions the clas-
sical concept of brightness will not satisfy the definition
of equality.

16) H. H. Voet-Mogendorff, Diss. Amsterdam 1939.
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above also follow from (1) by means of a definite
choice of the function f. For the comparison light B
is everywhere proportional to the energy radiated
and the new concept of brightness coincides with
the classical. From this it follows that.for ranges of
brightness in which V (A) does not change with the
brightness, B must always increase proportionally
with the integral. If a field of vision of several
degrees is chosen, this proportionality occurs in
the region of pure cone vision (great brightnesses)
and the region of pure rod vision (very low bright-
nesses).

In the first case (1) passes over into the classical
definition (2); while in the second case

BS =-Cs f s (A) Vs (2) dA, . . . . (4)

If we confine ourselves to these two limiting cases
we can calculate directly froni the classical bright-
ness Bc the new brightness (subjective brightness,
Purkyne brightness, "Dunkelleuchtdichte"), by
dividing formulae (2) and (4) by each other:

Bs Cs f'S (2) Vs (A) dA

Bc 7 Cc f s (A) Vk (A) dA
(5)

The ratio Cs/Cc is found by subgtituting in (5) the
spectral. distribution So (2) of the comparison light,
for which Bs must equal Bc. We find the general
formula:

Cs f So (2) Vk (2j dA

Cc f So (A) Vs (2) dA

If we choose for the comparison light a spectral
cokur with the wavelength 20 then (6) passes over
into:

(6)

Cs Ilk (2o)
(7)

Cc Vs (Ao)

From this formula it may be seen especially

0,8

0,6 Vk(A)

0,4

7000
.70508

Fig. 1. Eye -sensitivity curves for fields of vision of several
degrees in diameter. Vk holds for great brightnesses (standard
eye -sensitivity curve), Vs holds for very low brightnesses
(region of pure rod vision). The two curves intersect at
).0 = 5 290 A.

that Cs = Cc when as comparison light the spectral
colour is chosen of the wave length 24 = 5 290 A,
where the curves Vk (A) and Vs (2) intersect each
other (see fig. 1). For the different kinds of com-
parison light mentioned above formulae (6) 'and
(7) give the following results:

Name of the concept of
brightness Comparison light Cs/Cc

Subjective brightness
"Dunkelleuchtdichte"
Definition with Ao= 5 290 A

2.0 = 5 350 A
black radiation 2 360 °K

Ao = 5 290 A

1.20
2.18
1.00

Fig. 2 shows schematically the shape of the func-
tion f. The brightness B and the expression
fs (A) V (2) dA are here considered to be plotted
in the same logarithmic scale. The Purkyne
brightness (1) then gives an'entirely linear relation.

-.-,f soo WM clA,

Fig. 2. Graphical representation of the relation given in for-
mula (1) between the brightness B and the expression
fiS (A) V (A) dA.
I Purkyne brightness (straight line).
2 Subjective brightness (two straight sections not in

the same straight line joined
3 "Dunkelleuchtdichte" ' by a curve).

.4 Brightness definition with Ao = 5 290 A as comparison
light (two straight sections in the same line).

S gives the brightness range within which there is pure rod
vision, K the region in which pure cone vision occurs. B and
the integral arc considered to be plotted on a logarithmic
scale.

.385/0

The subjective brightness (2), the "Dunkelleucht-
dichte" (3) and the concept of brightness based
on the comparison wave length Ao = 5 290 A (4)
give two straight sections, joined by a curved line.
Only the left-hand section of the "Dunkelleucht-
dichte" may be used; in the case of Curve (4) the
two straight sections are an extension of each other.

It is uncessary to find new names for the units
of the new concepts; particularly for the definitions
with comparison lights it is quite possible to say,
for instance "the classical brightness of a plane is
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-3 x 10-4 c.p./cm2, the subjective brightness only
2 x 10-4 c.p./cm2", which expresses the fact that
the plane appears as bright as one which radiates
monochromatic light of 5 350 A' and possesses a
brightness of 2 x 10-4 c.p./cm2. For practical
reasons, however, a new name has been introduced
in Germany for the unit of "Dunkelleuchtdichte",
namely the "Skot" instead of 10-77r1 stilt.

Visibility of point sources of light

For light spots observed at an angle of several
degrees the summation law and the eye -sensitivity
curve Vs (A) are found to retain their validity even
at extremely low brightnesses in the neighbourhood
of the threshold of the brightness observation, and
the subjective brightness (or the ".Dunkelleucht-
dichte") at which the threshold value is reached is
the same for all colours.

In blackout problems, however, one is concerned
not only with the threshold 'value for large spots
Of light, but even more with the limits of visibility
for light spots of extremely small dimensions. When
the spots are sufficiently small their cross section
is of no concern, and the visibility is determined
exclusively by the amount and the colour of the
light cast on the eye of the observer 17), i.e. of the
intensity of illumination E on the eye of the ob-
server. For this concept ("Punkthelle", "éclat
apparente") we shall use the term "eye illumination".
If by 'Es one means the value of the classical con-
cept of illumination intensity (based upon the
standard eye -sensitivity curve Vk(A)), it is clear
that the threshold value E, will not be the same for
all colours. By analogy with formula (5) which
shows how it is possible to calculate the value Bs
of the new concept of brightness (for instance, the
"Dunkelleuchtdichte") which has the same thres-
hold value for all colours for large light spots from
the classical brightness Bo it, seems obvious to
assume that from the classical illumination inten-
sity Es, with the help of an analogous formula

Es Cs f S (A) Vs (A) dA

Ec Cc, f S (A) Vic (A) dA

we should be able to calculate a "Dunkelbeleuch-
tungsstarke" at the eye which would then have to.
have the same value for all colours at the threshold
of visibility. '

In the modern German literature this assumption
is accepted as obviously correct. For the unit
of the new concept of intensity of illumination the
name "Nox" instead of millilux is used.

17) Philips techn. Rev., 4, 15, 1939.

(8)

On the basis of certain experimental 'data we
shall now test the above assumption about the vis-
ibility of light points. In table I for six different
kinds of light, all of which fall within a fairly narrow
spectral region, the ratio is given between the thres-
hold value of the eye illumination for coloured light
(E') and ordinary electric light (E).

Table I

Colour Authors
I II . III

Es' :Es E.' :E. Es' : Es

red Langmuir 16,8 0,80 1,75 (0%)
yellow (Na) Weigel 4,1 0,836 ' 1,56 (-11%)
yellow (Na) Bouma 5,3 1,08 2,02 (+15%)

green Langmuir 1,00 1,59 1,70 (-3%).
blue Langmuir 0,310 4,25 1,92 (+10%)
blue Arndt 0,258 3,44 1,54 (-12%)

Column I gives the, ratio of the classical il-
lumination intensities Es' : Es. As was to be ex-
pected this ratio depends, very much upon the
colour chosen. Column II gives the ratio between
the "Dunkelbeleuchtungsstarken" . calculated ac-
cording to formula (8) Es' : Es. According to the
assumption made the value 1.00 should be obtained
for all colours. It is clear, however, that there are
large deviations, especially in the blue, from which
it is evident that the assumption referred to is quite
incorrect.

Since the observation of points of light is quite
a different problem from the observation of large
spots of light, this is not surprizing, and the question
arises whether better agreement could be obtained
be replacing the function Vs (A) in (8) by another
function Vs (A), which is better adapted to the
altered conditions of observation.. In column III
the ratios Ts' : Es 'are given which are found when
Vs (A) is so chosen that the threshold values become
aS nearly as possible equal for the different coloured
lights..

The striking result is obtained that the ratio
Es' : Es becomes reasonably constant, but that its
average value is greater than unity, namely 1.75
(the -deviations from this average value are given
in parenthesis in the table). This means that for
point  sources- of light the , following assumption
analogous to the summation law cannot be correct:

"When a radiation with the enrgy S1 (spectral
distribution 1) and a radiation with the energy
S2 (spectral  distribution, 2) both represent a
threshold value, this is also true of the case of the
mixture ctS1 (1-,a)
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Practical conclusions and applications to blackout
-problems

We shall now give a few applications of the above
results to blackout problems.

a) The use of the concepts "Dunkelleuchtdichte" and
"Dunkelbeleuchtungsstarke"

From the above the conclusion may be drawn
that for the road user who obserVes 'a large field
of vision at low illumination intensities the bright-
ness measured in "Skot" is a good measure of the
visibility, but that for an air pilot, :who will usually
have to observe objects in the shape of points, the
visibility is certainly not connected unambiguously
with the "Nox" value of the eye illumination. In
the case of light spots of at least 'several degrees in
diameter, therefore, the introduction of the new
concepts of brightness facilitates the calculation
of the threshold value, but this is not true in the case
of light points. If for example one considers the last
colour -mentioned in table I, then when the classical
eyg'illumination (column I) is it must be stated
that the threshold value expressed in lux for white
light is about 3.9 times that for blue light, while
when the "Dunkelbeleuchtungsstarke" according
to column II is used, it must be stated that. the
threshold value expressed in "Nox" for blue light
is about 3.4 times that for white light. It is clear
that in this case the introduction of the new con-
cepts has brought no advantage at all:

The deviations observed in column II of table I
may also be formulated in the following way: for
the air pilot who observes points of light the thres-
hold value for blue light lies considerably higher
than would be expected, or, for blue light the
Purkyne effect offers the air pilot much smaller
advantages than the road user. Such a difference
may he consideired as an advantage in the use of
blue light, to which statement it must immediately.
be added that this holds only for the case in which the
blue light is used exclusively to make possible the
general orientation of the road user. In all cases
where it is a question of the recognition by the road
user of definite signs (for instance letters as an in-
dication of shelters) blue light has important dis-
advantages, since visual acuity is very low with
this light.

b) Estimation; of the threshold value for coloured point
sources of light

In order to reach an estimation of the threshold ,

value for 'coloured point, sources of light in spite of
the proven unsuitability of the concept of "Dunkel-

beleuchtungsstarke'!. and the non -validity of the
summation law, the experiniental data of table I
have been put into the form shown in -fig. 3. In the
horizontal direction the ratio of the threshold values
of the classical eye illumination. (Es' for coloured
light, Es for ordinary electric light) has been plotted,
as it would be calculated on the assumption that
the "Dunkelbeleuchtungsstarke" or the subjective
brightness was here a good measure of the visibility,
in other words on the assumption that Es' : Es were
,equal to unity.

In the vertical direction the experimental
values of : Ec are plotted. The values found are
joined by the full drawn line. The figure is valid
only for light sources which emit the greatest part
of their light in a relatively narrow spectral' region.
In order to determine the threshold value of such
a light source, (Ec'/Ec)theor. is first calculated ac-
cording to the formula:

Es Es'
Ec' : Ec = -

Ec

where the two quotients on theright-hand side can
he determined with the help of equation (8). Then
with the help of fig. 3, one finds the corresponding
value of (Es'/Ec)exp'.

For light sources whose radiation is distributed
over the whole spectrum fig.3 is not valid, and no
conclusions can be drawn. An experimental deter-
mination will be necessary here. For small spots
of light, which may not yet be considered as point
sources (between about 2' and 1°), the full drawn
curve of fig. 3 must be replaced by another curve
which passes between the full line and the dotted
straight line, and is closer to the latter the larger
the light spot. .

c) .The, use of the filter method for blackout purposes

The filter method consists in the combination
of sources of coloured light and coloured glass
window panes such that :while the Window pane
transmits a large percentage of daylight it absorbs
almost all of the coloured artificial light 18). When
this method is used the small percentage of light
which reaches the outside is usually of a pronounced
colour, so that care must be taken in calculating
the threshold value.

'If sodium light is combined with green window
panes, the light emitted contains practically only
the yellow sodium lines. From table I it may be
seen that for thiS colour the threshold value of the
eye illumination lies  about 4.7 times as high as

18) Philips teehn. Rev., 5, 93, 1940.
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that for ordinary electric light. This factor cannot,
however, be completely taken'into account, since
sodium light" has such a striking colour that the
correction factor N which must be introduced in
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If electric lamps in orange -yellow glass bulbs are
combined with green windows, it may be calculated
from the transmission curve of Matthews and
van Liempt 18) (fig. 2) that (Es' Ec)theor.= 0.62.
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Fig. 3. The determination of the threshold values for coloured point sources of light.
The ratio (.Ec' :Ec)theor. is first calculated from the threshold values of the eye illumination
for coloured light and for ordinary electric light, assuming that for different colours the
same number of "Nox" is required. With the help of the full drawn curve the true ratio
(Ec' :.Ec)exp. of the thieshold values is determined from this. The method may only be
used for sources of light which emit the greatest part of their radiation in a narrow spectral
region. .

02

order to obtain from the laboratory values the
practical threshold values 17) must undoubtedly
be lower than for white light. The actual ratio of
the threshold values of the eye illumination will
therefore be smaller than 4.7, but still always
greater than unity, so that we remain on the safe
side if in our calculations we treat the transmitted
light as if it were white light.

10 20
J8309

Since here also the greatest part of the light is
emitted in a relatively narrow spectral region, we
may correct this value with the help of fig. 3, and
we find (Es' : Ec)exp. = 0.99. Since with this colour
we must expect for the correction factor N a value
which does not deviate greatly from that for white
light, it is also permissible here to neglect the in-
fluence of the colour of the light on the visibility.
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MAGNETIC OIL FILTERS

by J. A. HARINGX.

Filters in which the oil is made to flow through a magnetic field have been constructed
for the removal of particles of iron from circulating lubricating oil. In this article a descrip-
tion is given of such a filter which has in addition to a good efficiency in capturing iron
1:)rticles many other advantages also, such as very low pressure loss in the oil circuit, no
chance of the filter becoming clogged, ease in cleaning the filter when it is saturated. The
action of this type of filter is studie4. In ordinary use, where new particles of iron are con-
tinually entering the oil due to wear on the parts of the machine lubricated, an equilibrium
is found to occur which is characterized by a certain residual concentration of iron in the
oil. As the filter gradually fills up, the equilibrium is shifted to higher concentrations. If a
certain limit is fixed for the residual concentration, the time can be calculated which may
elapse before the filter must be cleaned. By means of a series of tests the necessary data
have been obtained. The results are elaborated into a graph in which the influence of the
viscosity of the oil is taken into account.

In the pressure lubrication of bearings, gears,
etc. it is very important to keep the circulating
oil as clean as possible. If the oil is contaminated,
for instance by fine particles of iron from the wear
on, machine parts which rub against each other,
the formation of a continuous filnf of oil is not only
prevented, so that the lubricating power decreases,
but in addition the particles cause extra wear by
grinding against the parts in question. Furthermore
finely divided metals, especially iron, by catalytic
action, cause acidification of the oil, which is also
a disadvantage for the lubricating properties.

In addition to the old textile or copper gauze
filters which are used_ for the purification of cir-
culating lubricating oil, magnetic filters have re-
cently become more and more common. A magnetic
filter of simple construction was described several
years ago in this periodical 1), while several pos-
sibilities of application were also discussed at that
time. In the meantime a new filter of improved con-
struction (type No. 7 715) has been developed 2) and
a series of investigations on the functioning of
these oil filters has been carried out. In the fol-
lowing article the filter and the tests referred to are
described.

The construction

In order to be able to explain the essential fea-
tures of the new construction, the simplest way is
perhaps to consider first the construction described
previously. This is shown in fig. I. In an iron housing
a permanent magnet is so faktened that a magnetic
circuit with a ring -shaped air gap is formed. The
oil to be purified flows -through this air gap. The
construction is such that the stream lines of the oil

1) L. H. de L a ng en, Philips ,techn. Rev., 2, 295, 1937.
2) J. B. Aning a, Polytechn. Wbl., 33, 86, 1939.
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and the lines 'along which the particles of iron are
dravin to the magnet intersect each other at the
smallest possible angles; by this means a relatively
small lateral acceleration of the iron particles in the
oil is already enough to take them out of the current
and to the surface of the magnet.

Although this filter had a very satisfactory
cleaning power and was able to take up large quan-
tities of iron filings, in practice 'various undesired
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Fig. 1. Magnetic oil filter of the old type. The magnetic cir-
cuit is formed by. the permanent magnet A, the iron cap B
and the iron housing C. The oil entering at F flows through
the air gap between A and C past the holes E in the copper
cylinder D and leaves the filter at G. The stream lines of the -
oil are indicated by broken lines, the magnetic lines of force
are drawn as full lines.
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phenomena were found to occur when the filter
was approaching the limit of its capacity of reten-
tion. Due to the deposition of the iron the available
opening for the flow of oil, which in connection with
securing a strong magnetic field could not be made
all too wide, became narrower and narrower, with
the result that on the one hand a considerable pres-
sure loss occurred in the filter, while on the other

a

up the requirement the above -mentioned disad-
vantages could be avoided.

The new construction is shown in fig. 2a and b.
The magnetic circuit is built up of a cylindrical
magnet provided with two disc -shaped pole pieces
and five soft iron rings placed around the magnet
one above the other at small distances apart. In
the intermediate spaces - the air gaps - strong

R

S

B \

/ 

b

Fig. 2. Magnetic filter of new construction. In the cross section diagram (b) may be seen
the permanent magnet A which with the pole pieces B and the five rings R forms the mag-
netic circuit. The oil entering at F flows via the holes E in the pole pieces past the inside
and outside walls of the set of rings, and thus not through, but along the air gaps.
The housing C and the cylinder D are of non-magnetic material. The oil leaves the filter
at G. The rings are in two sections, as may clearly be seen in the photograph of the opened
filter (a), and are held in place by brass strips S welded to them. The whole magnetic
system also rests upon the ends of these strips. After unscrewing the cover of the housing
the magnet system can be drawn out of it by means of the handle provided.

hand a wisp of the deposited material was sometimes
torn away by the oil and passed into circulation
again. Furthermore the cleaning of the filter when
full was fairly difficult, since the magnet retains
the deposit very firmly, a fact with which it may
not be reproached since that is its function.

In the new construction the idea that the stream
lines of the oil and the lines of attraction of the iron
particles should intersect at only small angles has
been given up. Considering the high strengths of the
magnetic fields which can be obtained with the
magnet steels available at present this condition
is indeed no longer so important, and by giving

31151.1

magnetic fields occur. The oil now, however, flows
not through but along the inside and outside
of the air gaps, as illustrated in fig. 3. It may be
seen that it is actually the spread lines of force of
the magnetic field which draw the iron particles
floating in the oil out of their original paths and
cause them to enter the air gaps. Due to the fact
that the iron particles are now deposited outside
the stream of oil, the tearing off of bits of the de-
posit has been made impossible, while at the same
time no appreciable increase in loss in pressure can
occur as the filter gradually fills up. In the tests
to be described below the pressure loss, with a flow
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of 500 lihr and a viscosity of the oil of 35 cp 3), was
found to increase during use only from 0.05 atm.
in empty condition to 0.10 atm. in practically full
condition of the filter. A pressure loss of this small
magnitude is of no practical significance; at least,

III
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Fig. 3. Sketch of the stream lines (broken lines) and the mag-
netic lines of force (full lines) in the neighbourhood of one of
the air gaps.

compared with the pressure losses at this rate of
flow in textile filters, it may be neglected. The be-
haviour of the pressure loss for other values of the
viscosity may be seen in fig. 4 where curve a holds
for the empty state and curve b for the practically
full state of the filter.

The cleaning of the filled filter could also be made
very much easier with the new construction than
with the old. For this purpose each of the rings is
made in two sections which are held free in position
by brass strips. For cleaning, the whole magnet
system is removed from the housing and the halves
of the rings can easily be drawn off the magnet.
Due to the fact that the rings are now no longer

atm
0,4

0,3

02

0,1

8 V f2 14 18 22 22 24 25 23

0 20 40 W 80 100 120 140 160 180 2W cp
.7.9518

Fig. 4. Pressure loss in the magnetic filter with a rate of flow
of 500 1/hr as a function of the viscosity of the oil in cp and
°E, respectively. Curve' a holds for the clean filter, b for the
filter filled with 7 g of deposit.

3) A liquid has a viscosity of 1 poise (p) or 100 centipoise (cp),
when a shearing stress of 1 dyne/cm2 is necessary to main-
tain in the liquid a velocity gradient of 1(cm/sec)/cm. At
20°Gfor instance water has a viscosity of about 1 cp, rape
oil one of about 100 cp. Technically the viscosity is usually
given on an empirical scale (Engler degrees, °E) which is
also indicated on the abscissa of fig. 4. The recalculation
into cp is impossible with strict accuracy.

magnetic the deposit can be rinsed off without
difficulty with some liquid or other such as petrol,
trichlorethane or the like. To prevent particles of
iron being deposited on the permanent magnet itself
a non-magnetic cylinder is introduced between the
magnet and the rings (D in fig. 2b).

The quantity of deposit which the filter can take
up is proportional to the total volume of the air
gaps. The larger this volume is, however, the lower
the magnetic field strength which can be obtained.
A suitable compromise had therefore to be found.
With the chosen dimensions of the air gaps (1.5 mm
long, 275 mm2 cross section, thus a total volume
of 6 x 415 = about 2 500 mm3) a total of about
10 grams of iron filings can be taken up, while a
magnetic field strength of 8 000 gauss is obtained.

A second compromise was necessary as to the
cross section of the channel of flow for the oil. This
channel must be made narrow so that the iron par-
ticles to be captured pass as close as possible along
the air gaps. On the other hand less oil per hour can
be dealt with when the channel is narrow, if the
velocity of flow of the oil is not to be increased,

Fig. 5. Part of the lubrication system of an 800 h.p. Diesel
engine. In the foreground six magnetic filters may be seen
which are connected in parallel in the oil line. In the cylin-
drical tank on the left in the background there is a copper
gauze filter which serves to remove coarse impurities from
the oil.
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thereby increasing the chance that some iron par-
ticles escape being captured by the filtei. The di-
mensions 'finally chosen. (cross section 550 mm2)
make it possible to deal with 500 litres of oil per
hour. In special cases where greater flow capacities
are necessary several filters May be -connected in
parallel in the oil line. An example of such an in-
stallation with six filters is reproduced in fig. 5.

Further consideration of the action of the filter

When the magnetic filter is installed in a closed
system in which oil circulates which is very much
contaminated. by iron, the oil is seen to become
clear only gradually, for instance within fifteen
minutes or a half hour. This shows that all the iron
particles are not caught by the filter at once as
they pass it, but a certain fraction only each time:
the oil must pass repeatedly through the filter
before the concentration of, iron falls practically
to zero. If a certain quantity of new iron is con-
tinually formed in the system, the concentration
is found never to fall below a certain value.

As we shall see this limiting value of the concen-
tration is indeed very much lower than the concen-
tration which would be present in the oil without
the use .of the filter; but the residual concentrations
'cannot in general be, entirely neglected. It. was
therefore desirable to investigate the action of the
filter more closely.

The residual concentration

Fig. 6 shows diagrammatically the situation in
which the filter is used. The lubricating oil, which is
kept in circulation by a pump, comes from a reser-
voir, passes first through the filter, then along the
Part of the machine to be lubricated and finally
returns to the reservoir.

Suppose that the oil in the reservoir has an iron
concentration of ca. If V is the amount of oil flowing
through the filter per unit of time, the filter must

R
C2,
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Fig. 6. Diagram of a lubricating system with oil circulation.
.R reservoir, P oil pump, F magnetic filter, M part of the
machine to be lubricated-The oil has an iron concentration
of c1 pieceding the filter and iron concentration of c2 after
passing it. -

deal with an amount of iron particles equal to c1 V
per unit of time. As a first approximation we may
now assume that the same fraction of this quantity
brought to the filter is always retained by it The
amount of deposit already caught by the filter,
which we call G, thus grows per unit of time by the
amount

AG y c1V, (1)

where y is a factor smaller than unity which we
shall in the future designate as the retention
coefficent.

If Q is the amount of new sediment formed per
unit of time, Q may be larger or smaller than ZIG

-or equal to AG. When Q>AG more sediment is
introduced into the circulating oil than is removed
from it. The concentration c1 of the iron will there-
fore gradually increase, at the same time, however,
according to (1) the amount captured per unit of
time, AG, also becomes larger until the addition
of iron to and its removal from the Oil are just
balanced, i.e. until Q = AG. In the same way when
Q<AG the concentration c1 will gradually fall until
LIG has also fallen so far that Q = AG. It is therefore
clear that in any case after some time a condition
of equilibrium will be established where

AG = Q y ciV -(2)

From this we can calculate the residual concen-
tration c which may be expected. We must,
however,- keep in mind that the concentrations of
the iron preceding and following the filter are not
equal. Of the amount of iron entering the filter c1V
a part yei.V is held by it. Thus only the amount
(1-y)c1V leaves the filter, i.e. the concentration c2
of the iron in the oil conducted to the part of the
machine to be lubricated amounts to

c2 = (1-y) c (.3)

From this with (2) it follows that

C2 =
Q-

(4)
y V

- When the, filter has functioned during a time t
in the equilibrium state, with a constant addition
(Q) of new sediment to the oil; it has taken up a
total quantity of iron

G = Q t (5)

To give a numerical example: suppose that in the
machine Q = 5 mg/hr of new iron filings are formed
and that the retention coefficient has the apparently
very low' value of y = 0.01. If we substitute for V
the above -mentioned value of 500 1/hr, c2 becomes
only 1 mg/l. -
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.'

With a retaining capacity of Gmax = 7 grams,
according to (5) the filter must be cleaned after
1 400 hours of use. Without the filter after 1 400
hours, when a total of 50 litres of oil take Tart in
the circulation there would be an iron concen-

_

/ration of 140 mg/14).

Further consideration of the retention coefficient

How large is the retention coefficient y of the
filter described? It is impossible to give an im-
mediate answer to this queStion since the above
assumption of a constant value of y is by no means
justified. The retention coefficient depends upon
a number of factors, the chief of which are: the
degree G to which the filter is filled, the iron con-
centration c1 in the oil, the viscosity of 'the oil,

- .
the rate of flow and the, size of the iron particles.
The last three factors remain approximately un-
changed during use of the filter,' or at least they
may be kept' constant in the experiments to be de-
scribed in the following. This is; however, not true

- of the first two, so that we must extend our con-,
sideration of this point somewhat. We 'shall first
discuss the influence of the degree G to which the
filter is filled.

When the filter is entirely filled with the deposit
y must in any case fall to zero. This transition to

s zero does not take place abruptly, which is under-
standable when it is kept in mind that the magnetic
field itself is .influenced by the iron particles taken
up. The field strength will become greater due to
the decrease in the magnetic resistance of the air
gaps. At the same time, however, the spreading,
which is just what we must have, will become less.
This last effect is found to dominate and for the
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Fig. 7.,Approximate form of. the curve showing the variation
of the retention coefficient y with the degree of filling G of
the filter.

4) In general before such high concentrations are reached
the oil will have to be renewed. -

behaviour of y with G a curve of the form sketched
in fig. 7 is obtained.

The result of this variation of y with G is that,
strictly speaking,  we may no longer speak of a
definite equilibrium condition: during use, as the
filter slowly fills up, 'y will `decrease slowly and the -
iron concentration in the oil will gradually increase.
Nevertheless upon. clOser consideration it is found
that when y does not vary too much with G, a
condition which is always satisfied in use, the suc-
cessive states of the system may still be conceived
of as a gradually shifting equilibrium. This means
that we may continue to use equation (4) for the
calculation of c0, with a different value of y at every
moment corresponding to, the degree of filling G
of the filter at that moment.

If the requirement is made that the residual
concentration c2 of the iron may not exceed a cer-
tain value, it includes the requirement that the
filter must be cleaned, not when it{is full, but
sooner, namely when the ;retention coefficient has
fallen to that value of y which according to (4) cor-
responds to the permissible value 'Of c;,,FrOm a
graph like that` of fig. 7, one may then read off at
what degree of filling C the filter -should be cleaned,
and from equation (5) the time' can be, calculated
which,is necessary to reach this degree. Equation (5)
is no longer exactly valid, since due to the slow
shift of the equilibrium a certain 'amount of the
newly formed sediment is used in increasing the
iron concentration of the oil. NeverthelesS, consider-
ing the low concentration and the small quantities
of oil which are usually used for the circulation, the
deviation from equation (5) is only slight,

The second factor which varies during use and
which affects the retention 'coefficient is the concen-
tration c1 itself. Its effect is easily understood
qualitatively. The- diagram of the lines of force
sketched in fig. 3 will be somewhat altered when the
magnetic resistance is decreased on both sides of - '

the air gap proper by the presence of a large number
of iron particles. The "spreading" increases as it
'were with the iron concentration of the oil, and at
the same time the attractive effect of the field alpO
increases. This effect is found to be 'quite consider7
able in magnitude.

The fact that y depends upon ci can be taken into
account in quite the same way as above. For every
state characterized by a definite value of G and of
c1 there is a certain value of the retention coeffi-
cient y. If we represent this relation graphically
by plotting y as a function of G for a series of values
of ci (fig. 8), -we can again read off the degree of
filling G of the filter at which it must be cleaned,
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'when a given maximum residual concentration c2 The amount of iron G retained in the filter thus
is prescribed. y can be calculated from c2 according grows per unit of time by

C
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Fig. 8. Approximate form of the family of curves which in-
flicates the retention coefficient y as a function of the degree
of filling G with as parameter the iron concentration at the
inlet to the filter. If a, given residual concentration c2 is permis-
sible at the outlet of the filter, with the aid of equations (4)
and (3) y and c1 can be calculated, and the permissible degree
of filling can then be read off in this graph.

to (4) and c1 according to (3). 'We shall see below
how this .graph can be drawn somewhat more
simply; the principle, however, remains the same.

Experimental determination of the retention coef-
ficient

It is now a question of studying more closely
the relation y (G; c1) sketched in fig. 8 for our filter,
which can only be done experimentally. The neces-
sary experiments are preferably related as much
as possible to practical conditions. One of the con-
ditions,sho-uld therefore be a constant and regularly
distributed addition Q of iron particles to the

-.and in order ,to include the whole range of degrees
of filling the experiment for each value of Q (with
the corresponding series of concentrations c1 which
are traversed) should be continued for a long time,
as is apparent from the numerical example described
above. In order to avoid this we have arranged the
experiments somewhat differently. A certain quan-
tity (H) of iron filings was added once only to the
circulating oil (total amount v). In contrast to the
usual case in which the iron concentration increases
very slowly as the' filter becomes full, we here have
a fairly rapid decrease of the concentration, and the
experiment is concluded in a few hours. The va-
riation of the concentration c1 with the time is
determined by measuring c1 chemically, at specified
intervals. The retention coefficient y is then found
as follows. At each moment the following is true:

G= H-vet. . . (6)

dG del

dt -v dr.
On the other hand, according to the definition of the
retention coefficient (equation (1)) this growth
was given by. yci.V. Therefore

V = -v
dt

v d In c1
Y (7)V dt

Thus if we plot In c1 against t, y follows from the
slope of the curve obtained.

In all experiments the maximum rate of flow of
V = 500 lihr was used, while the viscosity of the oil,
which varies very much with the temperature, was
kept constant by placing the reservoir in a thermo-
stat. The experiments were carried out with a very
fine carbonyl iron powder which satisfactorily re-
sembles the sediment most commonly formed in
practice as far as shape and size of the particles
(about 2 microns) are concerned. After the addition
of powder (G = 1 to 10 g in v = 5 litres of oil),
the oil was first pumped through the system for
several houis with no magnet in the filter, in order
to distribute :the iron evenly throughout the oil.
Special care had to be taken that all the oil took
part in the circulation, i.e. that there was no direct
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Fig. 9. Arrangement for the experiments for the determination
of the retention coefficient. R reservoir, T thermostat, P tooth -
wheel pump, F magnetic filter, k1, k2 taps. In order to avoid
a direct current in the reservoir between inlet and outlet,
which would hinder the uniform distribution of the iron
throughout the oil, the inlet ends in a vessel B over the edge
of which the oil flows in all directions. There is a small hole in
the bottom of the vessel to prevent any iron which has' settled
from being removed from the circulation. At specified intervals
a small quantity of oil is tapped off through the line L and its
iron concentration is determined. At m2 a differential
manometer was connected which indicated the pressure loss
in the filter.



MAGNETIC OIL FILTERS 175

current in the reservoir from inlet to outlet. 'Fig. 9
shows how this was accomplished.

The apparently so simple experiments still contained many
stumbling blocks. While the circulation pump is getting under

' Way, for example, there is great danger of the formation
of small air bubles in the oil, which later have no opportunity
of escaping from the rapidly flowing oil and which upon
passing through the filter may affect the deposition of iron
particles considerably by their surface tension. By starting
the pump as gradually as possible the formation of air bubbles
is almost entirely avoided. Furthermore a small amount
of iron powder is found to cling to the walls of the circulation
system at various points, which results in the fact that the
iron concentration, is' slightly lower than corresponding to
equation (6). This can be taken into account by using a cor-
rected value for v as well as for H. Further, the concentration
c, in equation (6) is actually an average value over the total
quantity of oil, while the action of the filter is determined by
the concentration at the inlet to the filter. A correction must
also be applied for this by correlating the slope (y) found at
point t in the In c1 -t curve with the average value of c1
over an adjacent time interval r; r is here the time necessary
for the total amount of, oil to be pumped once around the sys-
tem, in our case about 36 sec. Nevertheless, after all these
corrections, the results still show considerable divergence,
caused by the limited accuracy of the measurement of the
concentration. This measurement is made by tapping from the
oil line in fig. 9 a sample of 25 cc of oil, "igniting" the oil and
determining the iron content of the residue. '

Results of measurements

In the manner described three series of measure-
ments were carried out in the first instance, in

. which 13/4, 5 and 10 g of iron powder, respectively,
were added to the oil.' In fig. 10 the variation of the
measured concentration c1 is given as function of
the time elapsed after the insertion of the magnet
for these three cases (1, 2, 3). If we now consider
'for instance curve 2, for every Point cl, i_ of the
curve we can 'determine the values of y, c2 and G

corresponding to that value of c1 according to equa-
tions (7), (3) and (6). In table I the result of this
determination is given for a series of values of cl
for curve 2.
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Fig. 10. Variation of the iron concentration c1 (in mg//) with
the time t (in min) in different experiments. At the beginning
of each experiment quantities of iron were added to the oil:
H = 1.75 g (curve 1), 5 g (curve 2) and 10 g (curve 3). In c1
is plotted against t in order to find the retention coefficient y by
graphical differentiation according to equation (7). The broken
line curves 4 and 5 with H = 5 and 4 g. respectively, were
recorded with a higher viscosity of the oil, namely with i = 85
cp, while in curves 1, 2 and 3 the viscosity was 35 cp.

According to the discussion above, for every value
of the. parameter c1 we would have to Plot the re-
tention coefficient y as a function pf G. Then on -
the graph obtained, beginning with .y and cl, the
permissible value Of 'G could be read off. In the
practical application, however, we must assume
that the values of Q (the quantity of new sediment
continuously formed in the part of the machine
being lubricated) and of c2 (the permissible residUal
concentration) are given, and that y and c1 must
then be calculated with the help of (4) and (3). It

Table I.
Elaboration of the series of measurements 2 and 5 (as examples). The rows with large numbers are' derived directly from
the' curves 2 and 5, respectively in fig. 10, while the rows with small numbers are foundby interpolation.

Experiment 2 Experiment 5

c1
mg/I

c2

mg/1
G y c2V c1

mg/1 Y
. c,a

mg/1/1

. G '
mg

y c2V y c2V n'
1-y g 1-y g t. --y n g

786 - 0.260 580 0 753 0.152 638 0

0.237 SOO 830 , 77.6 0.141 500 1070 41.0 100 -

400 0.196 321 2410 400 0.126 350 1868
' 0.110 100 3853 6.16 '0.081 100 3180 4.40 10.8

' 50 0.086 46 4187 50 0.0585 47 3450
0.068 20 4343 "0.730 0.0415 20 3590 0.434 1.065

20 0.068 18.6 4350 20 0.0415 19.2 3594
10 0.052 . 10 4402 0.274 0.0263 10 3640 0.135 0.331

5 0.036 5 4431 0.0931 s. 10 0.0260 9.75 3641
0.0250 3 4443 .0,0384 . 0.0123 5 3665 . 0.0311 0.0763.-

2 0.0172 2 4449 0.0174 3 0.0056 3 3675. 0.0084 - 0.0206
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is therefore simpler to make the graph in such a
way that the given quantities, in addition to the
required valise of G, occur in it directly. In order
to do this we choose c2 as parameter with the values
of 11/2, 2, 3, 5, 10 ... mg/1, for example. In table'I
several of these values are filled in by intrapolation
(by means of auxiliary graphs) and in each row the
quantity

yc2V -

= Q . (8)1-y

is calculated and indicated in the fifth column. (For
the rate of flow Vwe always use the maximum value
of 500 l/hr,  with which the experiments were also
performed). If we now, plot this quantity as a func-
tion of G with c2 as a parameter, the required value
of G can be read off directly from the given values
of Q and

111111,1
- 2 4

Fig. 11. The quantity yc2V1(1-y), which is equal to ,Q in the
equilibrium state of normal functioning, is here plotted as a
function of G with c2 as a parameter. For every curve c2 there
are three measured points available from the series of measure-
ments 1, 2, 3, while two series of measurements 4, 5 carried
out with a different viscosity of the oil provided two more
points for every curve. (For the broken line curves the quan-
tity yc2V/(1-y) here plotted may not be set equal to Q, since
at such high concentrations the change in the quantity of
iron present in the oil may no longer be neglected. The curves
are, however, of scarcely any impottance, and are here given
only for the sake of fixing more completely the shape of the'
-curves of the whole family).

For each curve for one value -of c2; each of the
three series of measurements 1, 2, 3 gives one point
(a pair of values of Q and G), so that we would
have to draw each curve with the aid of only three
measured points. This would be quite 'difficult con-
sidering the fairly great divergences. Two other
series of measurements (see below) performed_ by a
slightly different method, however, provided two
more points for every curve,- so that the shape of the
curves was somewhat better determined. The fainily
of curves obtained is reproduced in fig. 11.

The influence of the viscosity

While in the above in the theoretical as well as
the experimental considerations we have only in-
vestigated the influence of the degree of filling G
and the iron concentration c1 on the retention co-
efficient, we shall in conclusion also study the in-
fluence of the viscosity of the oil. The fact that the
viscosity will influence the action of the magnetic
filter is easily understood: the more viscous the
liquid,' the greater the force necessary to remove
a particle from it. At a given rate of flow the mag-
netic "field will capture the iron particles from a
:thick oil less well than from a thin oil.

As in our experiments, we may also assume that
for normal use in a given installation, in which the
working temperature and type of oil chosen are
fixed, the oil will have' a constant viscosity. A
graph like fig. 11 can therefore be used, with a sep-
arate nurVe for each viscosity. Actually, however,
there is a still simpler method.

The three series of measurements 1, 2, 3 in the
experiments with the arrangement described were
obtained with a single definite viscosity of the oil,
namely n = approx. 35 -cp. Two additional experi-
mentS (4 and 5) were performed with a viscosity
of approx. 85 cp. The variation of the Measured
concentration with the time for these latter cases,'
where H = 5 and 4 g, respectively, is given as a
broken line in fig. 10. It may immediately be seen
that the retaining action of the filter is smaller
since the- iron concentration decreases more slowly.
If, however, the retention coefficient y as well as the
values of c2, G and yc2V/(1-y) Q' (see table I
where this has been done for curve 5), are again
calculated from the curves, and if again as above
the points of -a family' of curves as in fig. 11 are
determined from these values, these points are found
to fit very well in the old family of curves when the
values of their ordinates Q' are multiplied by the
ratio of the viscosities n'/rj -= 85/35. The agreement
- as far as may be expected with the fairly large '
divergences already mentioned - is so good that...
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, we used the two new points obtained in' this way
for every c2 curve to draw a smooth curve through
the points.

The result is therefore that' the same family
of curves is obtained if for experiments with the
viscosity n' the quantity 'i'Q' is plotted and for
experiments with the viscosity n the quantity Op
We have therefore redrawn the graph of fig. 11
with this ordinate, see fig. 12, so that it may be
used for any desired viscosity. At the same time
a number of interpolated curves are given in this
figure.

A numerical example will serve to illustrate the use of the
graph: A large gear box in which about 25 mg of sediment is
formed per hour (this apparently very high figure actually
does occur in practice) is lubricated with 1 000 litres of oil per
liour. Since the maximum:capacity of flow of the magnetic
filter here described is 500 1/hr, two filters in parallel must
be installated in the oil circuit. At the working temperature
the oil has a viscosity of 50 cp. The problem is to deterniine
when the filters must be cleaned if the iron concentration may
not exceed 2 mg/I (in general a considerably greater concen-
tration will be permissible in a gear box).

Per filter the amount of new sediment introduced is Q = 12.5
mg/hr. If in fig. 12 we intersect the horizontal line correspond-
ing to 0.0125 X 50 = 0.625 by the curve corresponding to
c, = 2 mg/I, then at the abscissa of the point of intersection
it may be read off that each filter may become filled to a weight
of G = 3 grams of iron particles. The time necessary for this
is 3/0.0125 = 240 working hours. After that time the filters
must be cleaned. (If one waits for instance 600 instead of
240 hours G becomes 0.5 g and according to fig. 12 the residual
concentration has still only increased to 3 nag/1)..

If it were desired in the above case to keep the iron concen-
tration below 2 mg/1 without the use of filters, then per
working hour 25/2 = 12.5 litres of fresh oil would have to be
added. This illustrates very clearly the advantage of the
use of such magnetic filters.

In conclusion a few words may be said about
the permissible value .of the iron concentration c2
(residual concentration). This quantity, like ' the
athount of sediment Q, will vary very much 'ac-
cording to the nature of the part of the machine
lubricated; with accurately finished axles and
bearings c2 must be small, for instance not more 
than several mg/l. If at the same time a high value
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of Q'and/or 7j- occurs it might be that the coriespond-
ing horizontal line in fig. 12 lies in its entirety
higher than. curve c2. This would mean that the -

retention coefficient of the ''magnetic filter is from
the very first unable to keep the residual concen-
tration below the desired value. In such a case
recourse may be had to two or more magnetic -

filters connected in series in the oil line solution'
which is possible beeause of the very slight pressure
loss of these filters already mentioned. Experience
gained until ,now, however, indicates that for by
far the majority of cases the retention 'coefficient
of one filter is more than adequate.

Qq (cp. g/h)
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Fig. 12. Graph for use in the practical application of the mag-
netic filter described. With a given viscosity of the Gil (in
cp), a given quantity of new sediment Q (in g/hr) and a given .

permissible residual concentration c2 of the iron (in mg/1),'it
can be read off on this graph to what degree G ,(in grams of
iron) the filter may become filled before it must be cleaned.
G/Q is then the corresponding number of working houA. The
graph is valid for a rate of flow of 500 l/hr and for iron particles
2 microns in size.
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THE NOISE IN RECEIVING SETS AT VERY. HIGH FREQUENCIES

by M. J. 0. STRUTT and A. van der ZIEL. 621.396.645.3 : 621.396.822

As a -result of the spontaneous current and voltage fluctuations which occur in the input
circuit of a receiving set, very weak aerial signals cannot be amplified without interference.
The relation between the fluctuation currents and the signal currents in the anode circuit
of the first amplifier,valve may be taken as a measure of the interference. In this article
the factors are investigated which determine the interference with the reception at a given

energy of the signal. It is found that at relatively low frequencies (broadcasting frequencies)
the fluctuations need not interfere with the reception. At very high frequencies for the case
of a triode as first amplifier valve it is found that the interference is determined by the

ratio between the noise resistance and the electron -input resistance of the valve. The
damping due to the self-induction of the cathode connections has no influence onthe ratio
between fluctuation current and signal current. Finally the calculations are carried out
for pentodes as well. It is shown that the so-called 'distribution fluctuations may be com-
pensated by introducing a suitable self-induction into the screen grid connections, As to
the other fluctuations, the behaviour of a pentode does not differ fundamentally from that

of a triode.

When the sensitivity of a receiving set is raised
higher and higher, for' example by connecting a
larger and ldrger number of stages behind one
another, weaker and weaker signals can be received
with the desired output amplitude. At the same
time, hoWever, it will be found that the reception
experiences a larger and larger degree of inter-
ference by the familiar noise.

The noise in receiving sets is of fundamental
significance in their practical use. The lower limit
of the intensity which an aerial signal must .have in
order to give satisfactory reception is not determined
by the fact that at still lower input voltages the acoustic
output signal falls below the threshold value, but by
the fact that at still lower input voltage the acoustic
output signal is drowned out by the noise.

The causes of noise in amplifiers have already
been discussed several times in this periodical 1).
As .sources of noise were pointed out spontaneous
current and voltage fluctuations -which may be
partially ascribed to thermal causes (Brownian
movement) and which are partially connected with
the `discontinuous corpuscular nature of the elec-
tric charge. The weaker the signal which must be -
dealt with by an amplifier stage, the relatively
greater the interference caused by these spontaneous-

- fluctuations. If the ratio between the fluctuation
amplitude and the signal. amplitude is considered'.
as a measure Of the disturbing effect, and if for
example the first amplifier stage has a tenfold am -

.1) M.' Ziegler, Philips techn. Rev. 2, 136, 329, 1937. -

C. J. B Aker, Philips techn. Rev., 6, 129, 1941. See also
M. J. 0. S trut t Spontane spannings- en stroomfluctua-
ties (ruischen) in electronenbuizen en aangesloten ketens. 2 ) M. Ziegler, Philips techn. Rev., 3, 189, 1938.

. (Spontaneous voltage and current fluctuations (noise) in 3) This was pointed out by the authors in the discussion of the
electronic valves and circuits in connection with them), modern high -frequency 'amplifier valves EFF 50 and EF 51,
T. Ned. Radio Genootseh. 9, 1, 1941.  Philips techn. Rev. 5, 172 and 357, 1940.

plification, the spontaneous fluctuations in the sec-
and stage have only 10 per cent of the disturbing
effect of those in the first stage. If the fluctuation
amplitudes are the same in bOth stages, then due
to the fluctuations in the second stage the total
fluctuation amplitude increases by ' a factor

1/12 + 0.12, and therefore becomes only 0.5 per cent
greater. The fluctuations in the third and follOwing
stages are. practically entirely without significance.
It is therefore in general the noise in the first and
sometimes the second stage which determines the
sensitivity of a receiver.

A complete calculation of the spontaneous fluc-
tuations in the first two stages was given some
years ago in this periodical 2). This treatment is

valid only for ordinary and short brOadcasting
waves. With waves shorter than for instance 10 m,
however, these considerations are no longer valid,
since at the corresponding frequences the capa-
citative and inductive characteristics of the
trode system and of its wiring, begin to exert
an appreciable influence on the action of the elec-
tronic valve. At about the same frequencies the
transit time of the electrons between cathode and
control grid also begins to affect the action of the
valve and especially the noise phenomena 3). Both
of these 'effects must be taken into account in the
calculation of the sensitivity of an amplifier stage
for waves shorter than 10 m. A few extentions of
the calculation of the fluctuation phenomena in a
receiving set resulting from these effects form the
subject of this article.
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Sources of fluctuation in an amplifier circuit

Fig. 1 shows the principle of a high -frequency
amplifier stage in which, for the sake of simplicity,
it is assumed that the amplifier valve is a triode.
A is an aerial with an internal resistance (radiation
resistance) Rant. The voltages excited in this aerial
by the incoming signal are applied, via the ideal
transformer T, to an oscillation circuit which is
equivalent in timing to a resistance Rm. A voltage
occurs' on this resistance which acts between grid
and cathode of the triode, and causes in this way
an anode alternating current. -

38.35/

Fig. L Principle of the input connections of a receiver. A aerial
with internal resistance (radiation resistance) Rant, T ideal
transformer with transformation ratio t; L -C oscillation cir-
cuit with resonance resistance RE,C.

In addition to the signal voltage Vent indicated
in the diagram, interference voltages and currents
occur at various spots in the circuit due to the fluc-
tuation phenomena mentioned above. Together
these lead to certain current fluctuations in the
anode circuit of the amplifier valve. The ratio be
tween the fluctuation current and the signal current
in the anode circuit will in the following be considered
as a measure of the quality of the reception. The suit-
ability of a valve or of an amplifier connection for;
the amplification of small signals may be considered
greater, the smaller the aerial voltage with which a
given quality of reception' can be obtained.

In order to ascertain what factors determine the
quality of reception with a given aerial voltage Vent,
we shall consider more closely the different sources
of voltage and current fluctuations. Four sources of
interference may be -distinguished in the connec-
tions:
1) a disturbance of the aerial signal by other inter-

fering waves in space (vent),
2) an interference voltage vc in series with the res--

onance resistance of the oscillation circuit,
3) an interference current ik in the anode circuit

due to the spontaneous fluctuations in the
number of electrons and in the velocity at which
they are emitted from the hot cathode of the
valve, .

4) a control grid current ig correlated with the
above which results from the fact that the elec-

trons which are in the spade between the elec-
trodes cause the appearance of an induction
charge on the control grid which alternates
in the rhythm of the anode current fluctuations.

We shall not go into details about these sources,
but shall confine ourselves to giving the formulae
with which the fluctuation voltages and currents
of fig. 1 can be calculated. For a detailed derivation
of these formulae we refer to the article of C. J.
Bakker cited in footnote 1).

1) .Interfering waves in space

The interference voltage on, the aerial which
occurs within a frequency region Cif due to inter-
fering waves in space is given ,by: -

vant2 =-- a  4 kT Rant df, . . . . (1)

where k = 1-.38 x 10-23 W sec/degree is the Boltz-
mann constant, while T is room temperatuTe.in °K
and a is a numerical factor lying between 1 and 104).

2) Interference voltage in series with the oscillation
circuit.

For the fluctuation voltage -in series with the
resonance "resistance of the oscillation circuit the
following relation is valid in a narrow frequency
region close to the resonance frequency: ,

vc2 = 4 kT.3?r,c Af, (2),

If Af is not a very narrow frequency region, .R.Lc
must be defined more precisely, namely as the
average value of the real part of the, circuit im-
pedance for the frequencies in que;tion. In'practice,
however, this will not usually involve a very 'great
difference.

3) Spontaneous current fluctuations ,in the anode
circuit of the triode

The spontaneous current fluctuations in the anode
circuit of a triode may be described by the formula:

ik2 F2,. 2 e. Af, (3a)

where e 1.6 x 10-19 coulomb represents the charge
on an electron. /k is the current which leaves the
Cathode 'and F a factor, the so-called noise factor.

For negative control voltages (starting current
region) and for control voltages which have such

4) The -exact value of a depends upon the directional charac-
teristic of the aerial. The radiation- does not come equally
from all parts of the sky, but mainly from the direction of
the milky way. If an aerial with a sharp directional effect
is used and directed toward the milky way, values of a in
the neighbourhood of '30 are found. See in this connection
the article referred to in footnote 1) by C. J. Bakker in
which the literature is given.
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a laige positive value that saturation occurs, F .1.
In the practical working range of  the amplifier
valve in which the anode current is limited by
space charge, F is much smaller than unity. The
behaviour of F in this region is such that the fluc-
tuations can be represented in approximation by
the relation:

ik2 4 k Tk S Af (3b)

where Tk is the cathode temperature and S the
slope of the triode 5).

Another comprehensive method of representing
the current fluctuations ik is' the introduction of the
concept of noise resistance. The noise resistance Rr

. of a valve is defined by the relation:

kT Rr S2 Af (3c)

where T is room temperature (290 °K). Rr is the
resistance which when connected between cathode
and control grid of an 'electronic valve causes by
its thermal voltage fluctuations at room temper-
ature just as large current fluctuations as ,actually
occur spontaneously. From equations (3b) and (3c)
Rr can easily be calculated. For a cathode tempe-r
ature of 770° C (1 040 °K) we find:

RrN 4IS (4)

4). Spontaneous current fluctuations in the control
grid circuit of the triode

The current fluctuations in the control grid
circuit, are induced by alternations of the electric
charge which is situated in the space between the
electrodes. Their behaviour is the same as that of
the anode current fluctuations ik, but there is a
phase, shift of 90° :with respect to the latter. The
intensity of the current fluctuations may be ex-
pressed in the form of the input damping 1/R,
which occurs due to the space ,charge between
cathode and control grid. If the space chaige be-
tween' control -grid and anode may -be neglected,
the following relation holds between the current,
fluctuations and the electron unput damping:

4 k Tk
= 1,43 df. (5.)

If the space charge between control grid and anode

5) In the article referred to in footnote 1) by C. J. Bakker
the following relation was derived for a diode:-ik2 = 0,64 4 ic Tk S
At the same time it was noted that for a triode a similar
expression is valid, except thdt for S a value must be taken

. which is 1.5 to 2 times as large ai the measured slope. With
the normal amplifier valves this factor is found to he about
1.6, so that the factor 0.64 is thereby increased to about I.

is important, instead of 1.43 we have a slightly
smaller factor; 1 for example.
The mean squares of the sources of fluctuation '
want, vc, ik and ig are determined by the equations
(1, 2, 3c and 5). Together with the signal voltage
Vant these data are sufficient to furnish a complete
picture of the behaviour of the circuit given in
fig. 1.

The ratio between fluctuation current and signal
current in the anode circuit of the first amplifier valve

After having discussed in the foregoing the four
sources of fluctuation of a high -frequency amplifier
stage, we shall now study the current fluctuations
which are caused in the anode circuit of an amplifier
valve in the connections of fig. 1. Since with the
help of the same diagram we can also calculate
the amplitude of the signal current in the anode
circuit, the ratio between fluctuation amplitude
and signal amplitude also follows, and in the fore-
going we have considered this ratio as a measure,
of the quality of the reception.

 In order to simplify the diagram we Omit the
ideal transformer T and replace the aerial resistance
as well as the aerial voltages (fluctuation voltages
and signal voltage) by their transforined values.
If the transformation ratio of the transformer
(number of secondary to number of primary wind-
ings) is equal to t, the voltages must be multiplied
by a factor t and the aerial resistance by a factor
t2. In fig. 2 the diagram so obtained is shown; the
electron input resistance Re has, also been taken
into account. The fluctuation voltages 'yam and cc
and the fluctuation current ig cause definite va-
riations in the control grid voltage, which when
multiplied by S give the required fluctuations of the
anode current. To this must still be added the spon-
taneous anode current fluctuations ik, i.e. the ac-
cidental variations of the anode current which
occur due to fluctuations in the mechanism of
thermal emission at a constant grid voltage.

J0552

Fig. 2. Equivalent diagram of the input given in fig. 1. The
transformer with the aerial connected to it is replaced by
an aerial with transformed voltages and transformed radiation
resistance: In addition to the aerial voltage Vane, there are
also the fluctuation voltages vane and VC and the fluctuation
currents is and ik.
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In the performance of the calculations it will be
found useful to make repeated use of the following
theorem (see fig. 3). A source of voltage V with an
internal resistance R in series with it can be replaced

.78553

Fig. 3. A source of voltage with an EMF V and an internal
resistance R corresponds in action 'to a source of current
furnishing a current V/R to which a resistance R is connected
in parallel. The internal resistance of the source of current
(dotted line) must be imagined to be infinitely great.

by a source of current of the strength I = R in pa-
rallel with a resistance R. When this theorem is
used it is clear that for example the aerial voltage
in fig. 2 can be replaced by a source of current of
strength Vanti(Rantt), whose current flows through
the resistances Ranti2, Rix and Re connected in
parallel. If we indicate the resistance value of this
'system of three resistances connected in parallel
by the symbol [Rantt2IRLARd, we find for the
control grid A.C. voltage excited by the aerial signal
the following:

Vg = Van tl (Rant t) [Rant t2iRz,c1Re] (6)

In a similar way it may be calculated ,that the volt-
age sources vent and vc and the current source ig
give rise to the following fluctuation voltages on
the control grid:

aerial fluctuations:

61.17g = 3vant/(Rant t) [Rant /21RwIRe
circuit fluctuations:

Pant 121-kci Re] ;S2 Vg = (vc/Rm)

grid current fluctuations:

Os Vg = ig [Rant t21R.LcIRe] (lc)

The total .grid voltage fluctuation is equal to the
sum of the three separate contributions. If this
sum is multiplied by S, the anode current fluctua-
tion thereby caused is obtained. This is thus given
by

oIa = Olia + 621a + (531.a

; . (7a)

(7b)

S
(v ant

t

v

Rantc ig) [Rant t2 IRLCIRe]

If we add to these fluctuations of the anode current
the fluctuations

(54Ia = ik, (7d)

. -

we obtain the total anode current fluctuations.
Finally we may divide the fluctuation current thus
obtained by the signal current /a which is obtained
by multiplying the grid voltage Vg (equation 6)
by S. In this way we find, for the required ratio
between fluctuation current and signal current:

61a vans
,

Ia Vant

Rant t vC ik
Vant RLC S [Rantt2IRLdRe]

(8)

The influence of the self-induction of the cathode con-
nections at very high frequencies

At very high frequencies the self -inductions and
mutual inductions of the connections of the valve
and the wires -used for the connections may have
an important effect on the action of an amplifier
stage, so that there may be some doubt whether
fig. 2 represents a usable eqUivalent circuit diagram
of the amplifier stage. In particular the self-induc-
tion of the cathode connections leads to the fact
that the admittance of the valve between cathode
and control grid is not given only by the electron
input damping 1/Re, but is several times larger with
the normal dimensions of high frequency amplifier
valves. If the total damping is written in the form

1 1 1
.

- (9)Ri Re Rr,
k

then for the share of the cathode connection's in
the damping the following may be calculated 6.):

1

R
= a)2 Lk Ckg S,LLk

where Lk is the self-induction of the cathode Con-
nections and Ckg Is the capacity between cathode
and control grid.

(10)

6) See Philips techn. Rev., 3, 103, 1938. The derivation is
briefly° as follows. If V is the A.C. voltage between the con-
trol grid and the end of the cathode pin, and if .1 'a 
is the anode alternating current, the A.C. voltage between
control grid and cathode is approximately

Vg=V-jwLkla
and thus the alternating current which flows in the grid
circuit as a result of the capacity Ckg between cathode and
control grid is

/g j Ckg Vg j CO Cks V + CO2 Lk Ckg

As a first approximation Ia = SV, where S represents the
slope of the valve. Thus.

Ig = 0.) Chg+ (02 Lk Ckg S) V.

The first term in parenthesis represents a capacitative ad-
mittance which Can be eliminated by connecting a suitable
self-induction in parallel (this is done automatically in
tuning the input circuit). The last term then remains and
this is just the ohmic admittance 1/RLk.
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With the help of fig. 4 we shall now study how
the signal current and the fluctuation current in
the anode circuit of the amplifier valve change due
to the self-induction of the cathode connections.

Rant

38554

' Fig. 4. Extended equivalent circuit diagram of the connections
given in fig. 1. Besides the elements shown in fig. 3 the self
induction Lk of the cathode connections and the capacity Cgk
between cathode and control grid have been taken into ac-
count.

At .first glance it might be supposed that it is

simply necessary to repkce the input resistance

[Ranee (Rix Wel between control grid and cathode by
the 'smaller value [Rantt2IRLciRd everywhere in the
formulae. Since Ia as well as Ma., (52-ra and 63'a
change proportionally with the, input resistance,
the, quotient o/a//a would not be affected by this
change, as far as the first three sources of fluctuation
'are concerned. The fourth source of fluctuation o4Ia,
however, appears according to (7d) to be independ-

ent of the, input resistance, so that the relative
intensity of these fluctuations would have to in-
crease with decreasing input resistance. Further
considerations which will be given below, will,

however, show that this conclusion is incorrect;

the relative intensity of these last fluctuations also

remains quite unchanged. The self-induction of
the cathode connections of an amplifier valve thus
has no effect on the ratio between fluctuation cur-
rent and signal current, so that equation (8) need
not be corrected for this.

The decrease of eV. with increasing damping due to the
self-induction of the cathode connections'may be explained as
follows. A spontaneous increase in the anode current causes a
change in the cathode potential due to the self-induction of
the cathode connections. Due to the capacity between control
grid and cathode, this change causes the flow of grid currents,
whiciLin turn cause the control grid potential to change, in

the sense that it decreases. Hereby the spontaneous increase

of the anode current is partially suppressed; the remaining
effect is found to be given by the formula:

[Rant t21-kciRi]
641-a ik

[Rang 12 ,Rthi Re]

so that Ma actually does change proportionally with the
input resistance [Rantt2IR.LcIRd. ,

In order to confirm equation (11) let us consider the equiva-

Vol. 6, No. 6

lent circuit given in fig. 5a. Due to the anode current fluctuation
6415. a voltage jcoLkoja occurs over the self-induction Lk.
Since the impedance of the capacity Ckg connected in series
with this is still large, even at, very high frequencies, compared
with that of Lk, we may consider La in the circuit sketched as a
source of voltage without internal resistance. By again ap-

- plying the:theorem:of fig.3to:the:branch Lk-Ckg, we transform

Rant t

Rant t2

Fig. 5. Diagram showing the reaction of the anode circuit on
the control grid circuit via the self-induction Lk and the
capacity Ckg. Diagram b) is derived from a) by applying the
theorem' of fig. 3 to the branch LkLCkg.

the voltage source into a current source again (see fig. 5b).
The current from the source is jtaLko,i/a  jcoCkg. The current
is divided among the branches Rana2, RLC, Re, L, C, Chg.
We shall now consider only those components of the current
fluctuations with frequencies in the neighbourhood of the
resonance frequency. For these the following is valid:

co2,L (C Ckg) =1

In the neighbourhood of this frequency the currents through
the reactive branches Li, C, Ckg practically cancel each other,
so that the whole current from the source flows through the
resistance branches. This current  therefore causes a grid
voltage variation (voltage across Ckg) of the magnitude:

64Vg = .1(0.4 (54 Ia froCkg [Rani 0 IRIAN.

The result of this grid voltage variation is an anode current
fluctuation (54Vg  S. By adding to this the anode current fluc-
tuation ik we obtain the total anode current fluctuation 64./n,

which is thus given by the relation:

64Ia = -0O2 Lk Ckg S Pant t2 IR IAN (54L ik

This equation is easily solved for &Ja and one obtains

ik

(541.0 -
[Rang 12 iR.E,c! ( [Rant j2 IRLC 11i e] +

CO2Lk Ckg $>

If, finally, we take into account the fact that co2LkCkgS 1/114.

(equation 10), we may simplify the factor in parenthesis in

the following Way:

1 1 1

[Rant t2 IRLCIRe] RLk [Rani 0 'Rix'

and we thus obtain:

[Runt 12 iRLCIRi]-
410 ik [Rant OIRLCIRe]

which confirms. equation (11).



JUNE 1941 HIGH FREQUENCY NOISE IN RECEIVING SETS 183

Discussion of the result

Equation (8) gives the ratio between the fluctuation current and the signal current in the anode cir-
cuit of the first amplifier valve as a function of the signal voltage and of the various fluctuation voltages
and currents. Now the fluctuation voltages and currents themselves are not known; the theoretical formulae
which were given at the beginning of this article only give the mean squares of these fluctuations. Therefore
we can only use equation (8) when both sides are squared and the mean value of that power is considered.
If we work out the third term in braces and consider also that the mean values of the product of two dif- .
ferent fluctuations are equal to zero 7) we obtain:

6-42 Vane Rant2 t2 Vc2- ( 1
1,g2

1 1 )1

S2 `Rant t2 Rix
(12)/a2 Vant2 Vant2 R.Lc2 Ra

The values vant2, Vc2, ig2 and ik2 have already been given in the beginning of this article by the formulae
(1), (2), 3c) and (5). With these formulae we obtain:

1\2 1 . . .+ (13)
RLC Re) -I

In this expression the relation between fluctuation current and signal current is represented as a function
of aerial properties, circuit properties and valve properties'. -

A quantity which has not been discussed until now is the transformation ratio t. There are various points
of view to be considered in the choice of this ratio.

in the case of the ordinary broadcasting receiving sets it is considered particularly -important that the
resistance and the capacity of the aerial should not cause too great a detuning of the input circuit, so that
a set with. a calibrated scale can be connected to different aerials. For this reason the transformation ratio
t is chosen very large. It may be Seen from equation (6) that the signal voltage on the control grid
approaches zero for very large as well as for very small values of the transformation ratio; increasing t beyond
a certain limit will therefore be .impossible without a loss of selectivity.

If it is desired to be able to receive very weak signals, it is obvious that t must be chosen so that the sen-
sitivity is as great as possible. The condition for' his, derived from equation (6) is the following:

1 11
1/t2 = Rant (-Rix Ri)

6/a2 Rant2 t2
../a2

a 1 5,6 1
4 k T df=

Vane' Rant f2 Rix ant t2Re

(14a)

With this choice of t the largest signal is obtained at the grid of the amplifier valve. This does not,
however, immediately mean that the quality of the reception with this choice of t will be the best. As men-
tioned in the foregoing the requirement of the best possible reception leads to the condition that the signal
amplitude /a should not be as large as possible in absOlute value, but in relation to the fluctuation ampli-
tude (5/a. If from equation (13) the value oft is calculated for which this condition is fulfilled, one finds that

-1/" 2
3

1/12 -Rant y4(.
±,r(RLCe r 7 e)

(14b)

i.e. a relation which will often furnish a considerably smaller value of the transformation ratio. If t is chosen
according to equation (14) the following relation is obtained for the ratio between fluctuation current and
aerial current:

61a2 4 kT Af a 1 1 'l /(-+5,61. Rr2 1 1T.1 (15)
1a2 Vant2I2 Rant 2 Rix Re Rix Re RLc

For a given signal energy and given values Rr, Ric and Re this formula gives the optimum ratio between.
fluctuation current.and signal current. We shall now consider two limiting cases, namely the case of normal
broadcasting frequencies and the case of very high frequencies.

At broadcasting frequencies Re amounts to many megohms for ordinary amplifier valves, while Rr is in

7)' This is always the case when two chance fluctuations are theless the average of the product it disappears, since the
statistically independent of each other. In the case of the two fluctuations have a relative phase difference of pfac-
fluctuations is and i5 this condition is not fulfilled. Never- tically 90°.
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general only several hundred ohms (see equation (4)). The contribution of the electron input damping to
the noise may then be entirely neglected.

If we neglect the cosmic noise, which does not actually represent any lack of perfection of the receiver, but

a lack of perfection in the incoming signal, the a between the brackets disappears. The ratio between fluc-
tuation current and signal current at low frequencies is then almost determined by Rr/Ri,c, and we see that
the receiver can be made suitable for the reception of extremely weak signals by choosing the. circuit
resistance Ric sufficiently large. As an objection to this it is often put forward that the circuit resistance
should not exceed a certain value, since otherwise an undesired high selectivity is obtained. This objection
is, however, unjustified: the selectivity is not determined by the circuit resistance Rix, but by the total input
resistance [Raritt9IR.Lc 'Rd of the connections. Now among' other things Ri contains the damping due to the
self-induction of the2cathode connections. As we have seen, this contribution to the damping has no influence

on The ratio of fluctuation current to signal current; we may therefore reduce an undesired high value of
the total input resistance to the desired value with the help of this damping term. In this way we can
obtain a receiving circuit which amplifies an extremely weak input signal almost free of noise at not too

high frequencies.
At very high frequencies (<10 m), in addition to the circuit damping the electron input damping is also

yery important. With waves of the order of magnitude of 50 cm the electron input damping Re amounts
to only a few hundred ohms even for the best valves now in use, while the resistance in parallel Rix of the
oscillation circuit can be made almost as large as with broadcasting frequencies by the use of cavity reso-
nators and the like. The ratio between fluctuation current and signal current is then determined according
to equation (15) exclusively by li,gRe, thus by the ratio between noise resistance and electron input
resistance of the valve. The quotient RrIR, thus determines the suitability of an amplifier valve for the ampli-

fication of very weak signals of high frequency. Use has already been made in this periodical of this result,
namely in, the estimation of the properties of the valves EFF 50 and EF 51 8).

The compensation of distribution fluctuations in pentodes 8)

the foregoing we have assumed that a triode
was used as amplifier valve. It is not, however,
difficult to carry out the same calculations for

'valves with more grids. Since a pentode is usually
used as high -frequency amplifier valve, we shall
examine the fluctuation phenomena occurring in
this case more closely. In a pentode the same fluc-
tuation phenomena are present as in a triode, but
in addition so-called distribution fluctuations occur
due to a changing current distribution between
screen grid and anode.

If the self-induction of the cathode connections
is neglected, it is found that the influence of the
distribution fluctuations can be taken into account
by an increase of the noise resistance R, (for instance
by a factor 2), and for the' rest, the formulae
derived above for the triode may be retained. If,
however, the self-induction of the cathode connec-
tions has a significant effect, less pleasing results
are obtained. The signal currents and the fluctuation
currents calculated until now are weakened in the
same ratio by this self-induction. The distribution
fluctuations, however, which do not .p ass through
this self-induction, remain unchanged, and will

8) .See the articles referred to in footnote 3), as well as M. J. 0.
Strutt and A. van der Ziel, Physics 8; 1 and 424, 1941.

therefore cause a relatively greater interference 9).
A fundamentally simple manner of overcoming

this objection is indicated in fig. 6. The screen grid
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Fig. 6. By introducing a large enough capacity Ckg2 between
screen grid and cathode inside the valve, the distribution
fluctuations iv'can be made to pass through the self-induction
Lk of the cathode connections.

is connected to the cathode inside the tube via
a sufficiently large capacity C42. The. screen grid

9) This phenomenon is more objectionable the more the signal_
is damped by the self-induction of the cathode connections.
From this point of view the valves EFF 50 and EF 41,
which have recently been described in this periodical, are
very satisfactory. In the case of the valve EFF 50 the self
induction of the cathode connections, thanks to the ap-
plication of the push-pull principle, furnishes only a very
small contribution to the input damping, while in the case
of the valve EE 50, by the use of a second cathode con-
nection, it has even been made possible that the self
induction of the cathode connection does not damp -but
eliminates damping.
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current then also flows through the cathode con-
nections as indicated by arrows in ,the figure. It
may be seen that now, as far as the fluctuations are
concerned, the screen grid simply works as a second
cathode connected in parallel with the first, so that
the fluctuations iv can be added directly to the
fluctuations ik. The result is an increase in the noise
resistance Rr, but for the rest the formulae derived
in the foregoing hold exactly with this altered noise
resistance.

The connections indicated in fig. 6, however,
do not yet represent the best method of using the
pentode. The ratio between  fluctuation current
and signal current in the anode connections can be
made still smaller if a self-induction is included not
only in the cathode connections but also in the
screen grid connections. We then obtain the con-
nections shown in fig. 7. If for this scheme we exam-
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Fig. 7. Substitute diagram for an input circuit with pentode. .

Besides the self induction Lk of the cathode connections and
the capacity Ckg between cathode and control grid, the self
induction Ls, of the screen grid connections and the capacity
G152 between control grid and screen grid affect the properties
of the circuit.

ine the action of the signal voltage Vent and of
the fluctuation voltages and currents vant, vc, ig
and. we find that the currents which are excited
by these sources of voltage and current in the anode
circuit of a pentode can be described by exactly
the same formulae as in the case of the triode,
except that for Ri a slightly different value must
be taken, since this input 'resistance is found to
depend upon Lg2 as well as Lk.

We may therefore say that the properties of a

pentode with relation to the aerial Signal and the
sources Of fluctuation  vant, VC, ig and ik do not
differ appreciably from those of a triode. The great
difference lies, however, in the fact that in the pen-
tode there is a fifth source of fluctuation, namely
the above -mentioned distribution fluctuations iv.

What is the result of this on the fluctuations in
the anode circuit? When there is no self-induction
in the screen grid connections the distribution fluc-
tuations must simply be added to the other fluc-
tuations of the anode current. If, however, there
is a self-induction in the screen grid connections,
an attenuation of the distribution fluctuations oc-
curs in the anode circuit due to a mechanism en-
tirely analogous to that which is responsible foi
the attenuation of the cathode current fluctuations.
We shall not therefore go more deeply into the cal-
culation, but state only that a distribution fluc-
tuation iv in the screen grid circuit reacts on the
control grid voltage and thereby leads to an anode
current fluctuation: 

ivi -iv(,2 Lg2 Cgig2 S [Rant qiNciRi]
The total distribution fluctuation' in- the anode
circuit is

65 Ia = iv + iv' 7.=

= iv (1- cot Lg2 eg1g2 S [Rant t2iRwiRil)

It is therefore clear that the distriaition fluctuations
in the anode circuit can be made equal to zero by
choosing a suitable value for the self-induction Lie
of the screen grid connection.

If the distribution fluctuations have been com-
pensated, the pentode behaVes exactly like 'a triode
as far as the fluctuations are concerned. '

10) This formula is entirely analogous to the formula for the
fluctuations in the anode circuit which are ex`cited by the
cathode current fluctuations ik. The latter may be written
in the form

(541.a - ik = ik = - it CO2 Lk Ckg Want 12 IRLCI-Rd

as may easily be deduced from the formulae given for d514
in the foregoing.
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 A METHOD FOR THE CONTROL OF' COLOUR DEVIATIONS

by J. J. WENT and P. KOOLE.

In the case of coloured products it is often necessary to be able to reproduce a given colour
exactly at some later time. For pratical purposes'it is very desirable to be able to ascer-
tain objectively whether this requirement is satisfied or to be able to indicate objectively
fixed tolerances for this condition. A simple method of doing this has been worked out and
is described in this article. The arrangement is intended particularly for controlling the
colours of lacquers. The "colour" of a lacquer is measured by the reflection coefficient
fOr four separate wave lengths. The practical application of the method is illustrated by
means of an example.

Wherever coloured substances or articles are made
the question may arise of whether the colour obtained
is "correct", i.e. whether it corresponds exactly
to what was desired. This question may be of par-
ticular importance when it is necessary at some later
date to reproduce a given colour exactly, 'which
is often the case in the dyeing of textiles, the lac-

_
quering of surfaces and the like. The system ordi-
narily used in the past for the control of colour
consisted in keeping a dyed or lacquered sample,
with which the coloured object could be compared
visually. This method was usually modified to the
extent that a sample of the pigment or laquer itself
was kept and at the moment when the comparison
took place a new test object was dyed or lacquered
with 'the old sample.

There are two objections to this method. In the
first place uncontrollable colour changes may occur
during the time the sample is kept. In the second
place visual comparison involves the fact that only a
subjective judgement can be obtained about
the presence of any colour deviations and whether
or not they ,may be permissible. Difficulties often
arose 'between manufacturers and consumers chie

to this lack of objectively fixed and controllable
colour' tolerances.

Particularly for the second example mentioned
above,- lacquered surfaces, a simple method has
been worked out in this laboratory which permits
the determination of the Colour by an objective
measurement. This method will be described.

Principle of the method

The colour impression of a surface, for instance of
a lacquered plate, is due to the fact that light of
different wave lengths is reflected in different in-
tensities. From this it follows directly that the col-
our impression will- depend, among other factors,
upon the spectral distribution of the light with
which the surface is irradiated. If this spectral dis-
tribution is known, and if the" reflection coefficient
R of the plate is known for all visible wave lengths A,
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the composition and thus also the colour of the re'
fleeted light can be calculated 1).

In our case it is not actually a question of the
colour itself, but of similarity of colour, between
two surfaces, no matter by what light source they
are both irradiated. In order to ensure this similarity
the function R(A) will clearly have to be the same
for the two surfaces. The measurement of the "col-
our" of lacquers which we are here considering thus
reduces to the determination of the function E(A)2):

Two surfaces with the same value of R(A) may
not actually have the same appearance. Besides
the dependence on wave length the dependence
on angle of the reflective coefficient will play a
part. If a glossy and a dull surface are compared,
the former will reflect especially strongly in those
directions in which' the angle of observation a
is equal to the angle of incidence 13 of the light,
while for a dull surface there is a more uniform dis-
tribution over all angles a. If therefore absolute
similarity of two surfaces is required, not only must
the functions R( A) correspond for a given angle of,
incidence and observation, but in general the
functions R (A, a, /3) _must correspond.

The variation of the function R (A, a, /3) with the
angles a and f3 depends not only on the kind of
lacquer, but to a very high degree upon the nature
of the surface to which the lacquer. is applied, as'
well as upon the way in which it is applied (sprayed,
brushed, dried quickly or slowly, etc.). In order to
eliminate these factors the lacquer surface to be

Besides the colour impression, the reflection coefficients
also determine the brightness impression which is just as
important in practice. For the first factor it is mainly
the shape of the curve R (A), which is decisive, for the
second, the size -of R (A). For the sake of simplicity we
speak here only of the "colour"; at the end of the article
the two concepts will be separated again.

2) The determination of a colour by a %pint in the colour
-triangle, as has been de'scribed and applied in this periodical
(e.g. P. J. B oum a, Philips techn. Rev. 1, 282, 1936 and
recently by A. A. Xrui th of, Philips techn. Rev. 6, 65,
1941) would not be sufficient here, because a given surface
may have very different colour points according to the
nature of the illuminating source.

1)
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investigated was applied to a glass plate and the
reflection coefficient of the lacquer surface against
the glass was measured, see fig. I. Because of the
good reproducibility of this kind of surface it may
in this case be assumed that with the same kind
of lacquers the R (A, a, /3) functions will have the
same character as far as their dependence on a an.dfi
is concerned, and will only differ in absolute size
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Fig. 1. A layer of lacquer L is applied to a glass plate G. The
reflection of the lacquer surface against the glass is investigated
for the angles of incidence and reflection indibated. Taking
the refraction in the glass into account, the light must be
incident on the plate at an angle of about 45°.

(i.e. in the total reflection coefficient). It is there-
fore possible in measuring R to confine oneself to a
single angle of incidence and a single angle of ob-
servation. For the former an angle of 30° was cho-
"sen, while the observation took place approximately
normal to the surface.

The use of glass test, plates has also a second
advantage. When a layer of, lacquer does not

,"cover" because it has not been made thick enough,
the reflectivity' of the underlayer will also play a
part, and the value measured will not be a true
property of the laquer alone. It cannot be seen
directly whether or not a layer of lacquer covers
entirely unless it is applied in the manner described
to a transparent underlayer, since when this is
done a covering layer of lacquer will transmit prac-
tically no light.

Although it is now only necessary to measure
the reflection coefficients in' a single definite ar-
rangement, the determination of the complete func-
tion R (A) would still require a large number of
measurements. As a further simplification, therefore,
the reflection coefficient, is determined for only
four definite wave lengths which are distributed
as favourably as possible throughout the whole.
visible region of the spectrum.

There may of course be dangers connected with
this simplification. If one is concerned with the two
reflection curves drawn in :fig. 2 for example and if
the reflection coefficient is ' measured at exactly
the four wave lengths Ai- A, where the curves in-
tersect each other, the surfaces will be judged to be
identical, while they will certainly not give the same
colour impression under all conditions of illu-

mination.3). In practice, however, this objection, is
not so serious. In the first place the reflection curves
of the most common pigments have a smooth
flowing shape like curve I in fig. 2, and only a few

' `,1
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rig. 2. A case may occur in which the curve's R (A) of two dif-
ferent surfaces cut or touch each other at four points (wave
lengths Ai -A4). '

pigments such as occur in oil paintings are observed
to have several maxima and minima (curve 2 in
fig. 2). The fact that two *reflection curves under
examination should have four points of intersection
is therefore already very improbable, and that
these four points of intersection should correspond
exactly to the four wave lengths measured 'would
be extremely improbable. In the second place the
problem here is the comparison of approximately
similar surfaces which will in principle contain
the same pigments, and which therefore must exhibit
qualitatively similar behaviour in their reflection
curves, see fig. 3.

I I I I I I

9000 5000 6000 7000 A
38513

Fig. 3. Ordinary kinds of paints and lacquers have fairly
smooth R (A) curves. The curves of two lacquers to be com-
pared will not in general have more than two, at the most
three; common points, as shown in the figure.

Description of the measuring arrangement

For the measurement of the reflection coefficient
according to the method outlined four kinds of
monochromatic light distributed over the whole
spectrum are required. The following were 'chosen:
in the blue, green and yello'w the mercury lines
4 358, 5 461 and 5 780 A,- respectively, while for

3) The danger becomes less when, instead of taking_ four
separate wave lengths, the whole spectrum is divided into
four connecting wave length regions and the measurement
is carried out in these regions. Such an apparatus which
works with eight instead of four "blocks" the block
photometer described in this periodical (P. M. v. Alp hen;
Philips techn. Rev. 4, 66, 1939). The arrangement would
however, become much more complicated and expensive
if this principle. were applied here.
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Fig. 4. The cabinet with the measuring arrangement with its front wall removed and placed
beside it on the left. To the left inside the cabinet may be seen the mercury lamp, to the
right the ordinary electric lamp (with half of the bulb silvered), in addition the series ap-
paratus needed for the mercury lamp. In the middle is a tube containing a lens and below
it a fan. On the outside of the front wall is a slide. with four filters and in the middle a
selenium photocell.

the red, in which it is dificult to obtain a monochro-
matic radiation of sufficient intensity, a spectral
band was used which cuts off sharply at one edge
at 6 000 A and falls off at the other edge at about
7 000 A. As sources of light an ordinary high-
pressure mercury lamp (HP 300 Dim) and for the
red an ordinary gas -filled electric lamp of 500 W
were used. In the photograph fig. 4 the two lamps
may be seen to the right and left in the cabinet
whose front wall has been removed. The plate
to be investigated is pressed by means of a clamp
against a circular opening in the rear wall of the
cabinet (see fig. 5). The lamps are so placed that
the plate is illuminated at an angle of about 45°,
and due to the refraction in the glass the angle of
incidence on the laquer surface amounts to about
30°. The part of the light reflected in about the

direction of the normal to the surface is concen-
trated by a lens on a photoelement (selenium
blocking -layer cell) which is set up against the front
wall (see fig. 6). A tube shields the photocell from
other directions. With the help of a slide between
lens and cell different filter combinations can be
brought into the path of the light. These combi-
nations are so chosen that in each case only one
of the three desired spectral lines or the spectral
band in the red is transmitted.

Since, after reflection at the test plate and fil-
tering, only a fraction of the original light flux
reaches the photocell, in order to obtain easily
measurable photocurrents the original light flux
must be adequate. On the other hand the light flux
must not be too large because the method of meas-
urement to be described in the following makes it

Fig. 5. Rear view of the cabinet. The circular opening against which the test plate can be
pressed is visible. With the two switches to the left and right the mercury lamp and the
electric lamp, respectively, can be switched on. To the right a microammeter.
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desirable to 'have  a linear relation between the
photocurrent and the light flux incident on the cell.
With the lamps mentioned above this linearity
is ensured for all spectral regions and reflectivities
of practical importance, while the photocurrents
are'still large enough to be measured directly with
a microammeter, i.e. without any amplifier.
In order to avoid the development of.todmuch heat
inside the cabinet while the lamps are burning, a
small fan has been built in: This may be seen in
fig. 4 below the tube. It is switched on at the same
time as the lamps-.
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obtained by burning magnesium' and allowing the
magnesium uxide formed to 'be deposited on a plate.
When sufficiently thick this surface .reflects 95 per
cent of the incident light very nearly according to
L a mb ert's law (ideal diffuse reflection). In order
to judge whether the layer is thick enough a mirror
is used as foundation: it is only necessary to con-
tinue the, deposition of magnesium oxide until no
specular reflection 'can be observed.

The surface so obtained is easily reproducible,
but at the ,same time very delicate. For, the measure-
ments proper, therefore, a more durable secondary
standard will be used, for instance a frosted milk
glass plate which can be calibrated with the primary
standard in order to relate the results with different
apparatus to each other. The numerical values of the
relative reflection coefficients mentioned in the
example below have been referred in this way to
the magnesium -oxide standard.

Example of application

By the measurement of the relative reflection
coefficients for four reference wave lengths we can

38.514 now ascertain whether or not two laCquer surfaces
. are similar. If they are not similar, and there willFig. 6. Path of the rays in the measuring arrangement. K mer-

cury lamp, G electric lamp, P test plate, L lens, T tube, F1 -F, practically always be small differences, the question
filters, C selenium photocell, M microammeter.

immediately arises as to how large these differences

Performance of the measurements

In oider to determine the absolute value of the,r 4
reflection coefficients, the light intensity of the
lamps, the transmission of the filters, the sensitivity
of the cell, etc. would have to be taken into account
as functions of the wave length. Since, however,
it is here only a question of the comparison of
reflection coeficients, this is unnecessary. It is enough
to compare the photo -currents obtained with the
test surface or with a given standard surface. If
jthe relation between photocurrent and light flux
incident on the cell is linear, the ratio between the
meter readings obtained with two surfaces is equal
to the ratio between the two reflection coefficients'.
.The required reflection coefficient is thus found in
this way in per cent of the reflection Coefficient of
the standard surface.

. In the first instance it is a matter of indifference
what is used as standard surface, except that it
must be satisfactorily reproducible as far as its
R (A, a, 13)  function is concerned, and it must
'remain constant indefinitely. In order to compare
results obtained at different places 'with different
apparatus a standard is in any case needed which
satisfies the first requirement (primary standard).
A very suitable surfaCe for this purpose is that

may be before this actually becomes observable
as a changed impression of colour or brightness. A
definite (objective) answer to this question cannot
be given, since only a subjective judgement is pos-
sible in the decision whether two surfaces differ
visibly or not. If, however, two given surfaces
have once been qualified as sufficiently alike, by
common agreement between producer and consumer,
and others as too different, hen with the help of-

the arrangement here described the differences in
reflection coefficients which correspond to the one
case and to the other can be determined, and
thereby the agreed colour 'tolerances are fixed for

'later use, and -are always available.
As an example we shall discuss the investigation

of a certain light grey lacquer which is used for lac-
quering transmitter panels and the like. This lac-
quer is prepared by mixing four basic pigments,
namely dull white, dull black, dull red -brown and
blue. The relative reflection coefficients of the orig-
inal. sample of the lacquer amount (in per cent of
the ,reflection of magnesium oxide) to: for the red
reference wave length r = 26.5 per cent, for the
yellOw g = 30.5 pei cent,' for the green gr = 32.5
per cent and for the blue b = 36.1 per cent.

An investigation was made of the way in -Which
the reflection coefficients for the four reference wave
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lengths change when definite additional amounts
of one or more of the basic pigments are added to
the light grey lacquer. The d'fference found - be-
tween ,the ,per cent values of the original and the
new reflection coefficient (AR) -is plotted in fig. 7.
for the foUr reference wave - lengths (r, g, gr, b)
against the per cents of extra pigment added. In
fig. 7a white pigment was added and the reflection
increased; in figs. 7b, c d, black, blue and red -brown
pigment, respectively, was added, and the reflec-
tion decreased. In fig. 7e black and white were fi-
nally added at the same time (in a ratio of 4 to 1).
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Fig. 7. In the original sample of a light grey lacquer the fol-
lowing reflection coefficients were found for the four wave
lengths (in percent of the analogous coefficient fora magnesium
oxide surface): r = 26.5%, g = 30.5%,gr -= 32.590, b = 36.1%.
The change /1R is plotted which is experienCed by these values
when one (or more) of the four component pigments of the
lacquer is added in excess: a) addition of white, b) of black,
c) of blue, d) of red, e) of white and black in the ratio 4 : 1.
The shaded band with each figure indicates whether or not
the colour and brightness impressiOns differ visibly from those
for the original lacquer. At ,the percentages in the white part

. of the band colour and brightness are correct, in the simply
shaile-d;part only the colour differs, in the doubly shaded part,
only the brightness, in the black part both factors differ.

At the same time- during the measurements 'an
estimation of. colour... impression and brightness
of the lacquer surface was given. The question was
answered (subjectively of course) of ,whether_ or
not ;the ,colour and _.brightness deviate visibly from

those of the surface with the original' lacquer. -
figs. 7a -e this estimation is represented by the -va-
riously shaded band accompanying each figure: in
the region of percentages where: the band is left
white it is impossible to observe either difference
in colour or difference in brightness compared With
the original lacquer. In the part shaded in one di-
rection only, only the colour deviates; in the doubly
shaded part only the brightness, finally in the black
part both colour and brightness differ.

If, without bothering, about, the percentages of
pigment, one considers more closely the relation
between the measured values of AR and'the esti-
mation of colour and brightness the following con-
clusions are reached. The colour impression is
still "correct". (i.e. the same as that of the original
lacquer) as long as the four values of AR for r, g,
gr and b all lie within an interval of 0.8. The bright-
ness impression is still "correct." as long as at least
one of the four values of AR for r, g, gr or b lies below
JR = 1.2. If the subjective estimation given here
is accepted by all concerned, the values may then
be considered as the tolerances for the light grey-

. lacquer in question 4). If, for example, with a
newly prepared portion -of the 'mixture the relative
reflection coefficients r,= 25.5 per cent, g = 30.5
per cent, gr . 33.5 per cent and b = 36.6 per cent are
measured, then 'the four values of AR are -1.0,
0, +1.0 and +1.5 respectively. The smallest of.
these is AR = 0 (namely for g), the brightness
pression will therefore be correct; the scattering
of the values of JR is, however, 2.5 (namely be-
tween -1.0 for r and +1.5 for b), so that the colour
deviation .to' be expected cannot be considered
permissible.

In such a case it may also be deduced from. the
graphs how the- error can be corrected. Further
consideration, namely of the curves in fig. 7e, which
were obtained by the addition of a' mixture of white..
and black pigment, shows that the differences
AR can be calculated in good approximation simply
by adding the values of AR caused by each pig-
ment separately. On the basis of the curves of figs. 7.
a -d,, therefore, it can be ascertained directly what
reflection coefficients will be obtained upon ad-
dition of pigment to the lacquer which has been
found unsuitable. In the case described, from the
too large value of b and the too small value of r

4) For lacquers of other colours quite different tolm:ance
requirements may be reached, so that each case should be
investigated ,separately.

5) In the mixing of pigments there is no question of an ad-
ditivity for the different, colours. This does not alter the
fact, however, that with very small colour differences. the

`"mixing law here observed may hold I'M the reflection coef-
ficients.
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it could immediately be concluded that there was
too little' red pigment in the mixture. From fig. 7d
it may now,be read off that an addition -of for in-
stance 4 percent of red pigment will give the values
of LlRfor r, g, gr and b of -0.4, -1.5, --2.7 and -3.1
respectively. This, added to the above -mentioned
values of AR gives the new values: -1.4; -1.5,
-1.7, -1.6. The new -mixture satisfies the tolerance,

requirement as far as the c olo u r imp ressi dn. is
concerned (the scattering is on15i 0.3), but not -the'
requirement as to brightness. This can now still
be corrected by adding about 10 per cent of white
pigment which causes all four values of AR-to in-' 
crease by about 1.7; the mixture obtained will have
the values of JR: +0.1, 0, -0.2, +0.3, and thereby
satisfy both tolerance requirements.
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1530: C. J. Bakker: Fluctuations and electron
inertia (Physics 8, 23-43, Jan. 1941).

- After having dealt with the spontaneous current
fluctuations which occur in an electronic valve
whose emission is limited by the space charge pres-
ent in the .neighbourhood of the cathode, the dis-
placement currents are calculated which these .

fluctuations cause in the grids of the electronic
valve (cf. also Philips techn. Rev. 6, 129, 1941).
These displacement currents are important in the
use of electronic valves on short waves. For two .

different types of radio valves, namely a pentode
and a four beam octode, the current fluctuations
in the connection between one of the grids and the
cathode are investigated experimentally as well
as theoretiCUlly. The agreement between theory
and experiment was found to be excellent.

1531: M. J. 0. Strutt and A. van der Ziel: The-.
results .'of several electron inertia effects
in electronic valves I. Theoretical explana-
tions (Physica 8, 81-108, Jan. 1941 (Original
in German).

The currents are studied which flow to the dif-
ferent electrodes of a vacuum tube when, a small
group of electrons passes from the cathode to the
anodc.-This is further elaborated for the, case where
periodic current impulse's leave the cathode. Under
certain conditions the anode current will behave
quite differently from these impulses. The same is
true for a 'very high -frequency A.C. between 'con-
trol grid and cathode. This may lead to remarkable

-

phenomena such as frequency multiplication and
rectification. For a harmonic alternating. voltage
on the control grid the values of input resistance
and amplification factor are calculated. Simple
formulae are derived for the displacement currents
which occur due to electrons which pass close to the
conductors in radio valves. A so -called -centre of
gravity hypOthesis is hereby forinulated  which
makes a ,simple calculation possible. Finally the
possibility of transition time modulation is men-
tioned.

1532: J. van Niekerk and M: S. C. Bliek: Het
prophylactische effect van eenmaal 'oraal of
intramusculair, toegediende groote dosis
beatraald provitamine D van dierlijke oor-
sprong bij rachitis. (The prophylactic effect
of a single large dose of irradiated provi-
tamine D of animal origin, administered
orally or intermuscularly, in the cage' of -

rickets). Ned. T. Geneesk. 85, 522-530,
Feb. 1941).

Tests have been carried -out for the purpose of
studying the difference in action on groups ollchicks
of different amounts of' irradiated provitamins
of animal origin administered in a' single dose
either through the beak or injected into a muscle.
As a criterion of the activity of the " vitamine ,D,
its effectiveness against rachitic lesions in the
growing skeleton has 'been chosen, as observed in
X-ray photographs. The bone"formation of differen
chicks is judged individually; and the protection
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against separately as a
number for each ,gioup of birds which received the
same dose administered in the same way. The anti-
rachitic action of the vitamine is found to depend
upon the size of the single dose administered. Fur-
thermore it was determined that. an amount of
vitamine D which is injected into a muscle acts
more effectively and for a longer time than the same
amount upon administration through the beak.
Of a normal amount of vitamine D which during
12 successive weeks the chicks had consumed with
their food, much too little was found to be retained
to insure normal bone formation in the following

weeks.

rickets was determined

REVIEW Vol. 6,, No. 6

1533: J. M. St ev els : Physical properties of glas-
ses I (Rec. Tray. chim. Pays Bas 60, 85-86,
Febr. 1941).

The way in which the specific volume of different
kinds of glass depends upon
discussed in this article.

the composition is

1534: J. J. Went: Adsorption phenomena on
massive metal surfaces measured by means
of electrical contact resistances (Physica 8,
Febr. 1941). -

For the contents of this article the reader may
refer in general to: Philips techn. Rev. 5, 238, 1940.
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JUDGING AN AMPLIFIER BY MEANS OF THE TRANSIENT.
CHARACTERISTIC

by J. HAANTJES.

The properties of amplifiers can be judged on the basis of characteristics which represent
the amplification of the amplitude and the shift in phase as functions of the frequency.
The characteristic of the phase shift is 'usually left out of consideration since it's meaning
is not graphically expressed. In certain cases, however, the judgment of an amplifier by
means of the amplitude characteristic alone leads to erroneous conclusions. The behaviour
of the amplifier can then best be characterized by the so -Called transient characteristic,
which indicates the output signal for a discontinuous change of the input signal. In this
article the amplitude characteristics and the transient characteristics tire discussed for a
number of common coupling networks of amplifiers. It is shown that the transient charac-
teristic of an amplifier furnishes the same information as the amplitude and phase charac-
teristics together. In conclusion the concept of transient characteristic is extended to
high -frequency amplification where it is not a question of the entire variation of the input
signal, but only of its modulation. The single sideband reception customary in television
sets here leads to' interesting complications which are discussed_ by means of ,a simple
exaMple.

The amplification of electrical signals is a very
common problem in electrotechnology. By this
amplification is meant the excitation -of a voltage
or current which, considered as a function of the
time, gives a diagram which has the same shape but
a.larger amplitude than the original electrical signal.

A familiar example of the 'application of ampli-
fication of signals is seen in the cathode ray
oscillograph. This instrument makes visible the
variation pith time of weak signals (for instance
voltages of 1 mV), while the cathode ray tube
requires a deflection voltage of about ao V to pro-
duce a reasonable deviation. The first requirement
of an amplifier which must convert the signal volt-
age of 1 'mV into a deflection voltage of 10 V is
undoubtedly that the -.variation with time of the
deflection voltage should give a true picture of that
of the signal voltage.

Another example is found in the amplifier of a
radio or television receiver. The input signal of
these sets is a high -frequency voltage, generally
with varying amplitude. This variation of the am-
plitude, the so-called modulation, is the quantity
to which the voltage or current generated must be
proportional .The voltage or current generated when

drawn as a function of the time, thus does not ac-
tually give a picture of the signal voltage itself
but only of its modulation. We shall in this case also,
however, speak of the amplification of the signal
voltage, and We shall show that ,there is a far-
reaching analOgy between the two cases.

The object of obtaining an amplification which is
accurate in shape is apprOximated more or less in
practice, according to the circumstances, but never
entirely achieved. The deviations from the desired
result may be divided into two groups. The first
group is formed by deformations: which increase
with increasing amplitude of the input signal and
disappear for a sufficiently small amplitude of the
input signal. In this case one speaks of distortion
due to non-linear amplification. The second group
of deformations is present even at an indefinitely
small amplitude of the input signal, and may be
ascribed to the fact that the amplified voltage at a
certain instant is not given unambiguously by' the
magnitude of the signal voltage, but, for exaMple,
depends at the same time, upon the derivative 'of
the, signal voltage with respect to time, or on an
integral of the signal voltage over the time.
' An. important property of these deformations is
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that they also occur in networks which only con-
tain elements ,which satisfy s law, so that
each branch may b9 characterized by a definite
resistance or a definite complex impedance. Such

.

networks are called linear networks, and the
deformation is also called linear deformation.

In this article we shall examine the way in which
the properties of an amplifier, especially with respect
to its linear deformation,. can most suitably be
characterized. It will be shown that the well-known
amplitude characteristic of an amplifier, which re-
presents the ,amplitude of the input signal as a
function of the frequency, is often unsuitable as a
means of judging the properties of an amplifiex. If
a complete characterisation of the properties of an
amplifier is desired, then, in addition to the am-
plitude characteristic, the phase characteristic must
also be known. this article, however, attention
will be focussed upon an entirely different method
of determining the properties of an amplifier,
namely by ,means of a curve which indicates how
the amplifier reacts to a single, discontinuous change
in the signal voltage. This curve, which we shall
call the transient characteristic of the amplifier,
can be used to advantage in exactly those cases,
where the amplitude characteristic alone does not
give sufficient information. On the basis of a number
of examples, we shall try to give a qualitative
survey of the relation between amplitude charac-
teristic and transient characteristic.

Fourier analysis and amplitude characteristic

Any signal v(t) which is applied to the 'input
of an amplifier can be approximately represented
by a Fourier series with a number of frequencies
con:

v(t) = an cos (cont yin)

With a perfectly accurate amplification the output
signal V(t) would simply be a factor f larger than
the input signal:'

V(t) = f an cos
n

(wet Vit)

(1)

If, however, linear deformation is present, each
frequency con may be amplified by a different factor
fn, while in addition a phase shift pn will in general
occur, so that the output signal may be written
as follows:'

. ,

V(t) =I fnan cos (ant + yn-.--9)n), . ()
n

where fn, and ()on are functions of 'the frequency con,
but not of the amplitude an. f (co) and q? (co), are

called :the amplitude and the, phase characteristics
respectively, of the amplifier 1).

.

If for example it is assumed that the amplification
factor x is independent of the frequency co and that
moreover 92 is proportional to to, so that (pniwn =
= constant = f, equation (2) can be converted
into:

V(t) =flan cos (coat + vn- conx)

=flan cos 1con(t-t) IpT4 = f  v(t-x), (3)

or, to the same effect,

V(t r) = f  v(t) . . . . (4)

This means therefOre that the output signal is
exactly the same in shape as the input signal, and
that it merely lags behind it by a time T. Such a
retardation is no objection for most applications, so
that the fulfilment of the conditions that:

f is independent of co, and
(p is proportional to co

guarantees the' satisfactory performance of the am-
plifier.

In practice indeed an attempt is usually made to
give to amplifiers, which must amplify accurately
as to form, the flattest possible amplitude charac-
teristic; too little attention, however, is some-
times paid to the phase characteristic. This is under-
standable to some extent, when it is kept in mind
that the phase behaviour in sound amplifiers, and
therefore also in radio receivers, .is -of practically
no importance. In order to make a natural impres-
sion on the ear it is unnecessary that the sound be
reproduced faithfully. It is here only a question of
the correct transmission of the frequency spectrum,
and the phase relation between the different com-
ponents is of little importance within wide limits.
This is the reason why, in addition to the absence
of non-linear distortion, the approximately flat
shape of the amplitude characteristic is practically
the, only requirement which is here made.

In the case of oscillograph amplifiers and tele-
vision aniplifiers, on the other hand, a flat shape of
the amplitude characteristiC offers no guarantee

1) If in addition to linear deformation, non-linear deformation
is also present, f find co change not only with the frequency
but also with the amplitude. Moreover, frequencies
occur in the output signal which are not present in the
input signal, so that, taken strictly, it is no longer possible

 to speak of an amplitude characteristic or a phase charac-
teristic. On the subject of the characterization of non-
linear distortion see for, example Philips techn. Rev. 4,
354, 1939, equations (1) and (2).

2) See in this connection the article by J. F. S chout e n,
Philips techn. Rev. 4, 167, 1939.
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of satisfabtory performance. Let us consider for
example a simple resistance amplifier, of which the
'connections 'are indicated in fig. 1 (R' >> R). When
the valve capacities may he neglected so that the

38805

Fig. 1. Coupling between two valves of a resistance amplifier.
The capacities between the electrodes -of the valves are ne-
glected in this diagram.

scheme indicated is exactly valid, the amplification
factor will increase with increasing frequency and
finally reach a limiting value for frequencies for

- -
which the impedance of the condenser C is, small
compared with R'. At these high frequencies a
perfectly accurate amplification of the input is
then obtained.

We now consider the' reproduction of a block -
shaped signal (fig. 2a) whose period is .sO short that
already at the fundamental frequency 98 per cent
of the maximum amplification is obtained. _In this
case one would be inclined to think that almost
no deviation from the square form could any longer
appear in the output signal. Actually, however, the
variation of the output voltage obtained is that
shown in fig. 2b, which differs very much from- the
bloclOhaped signal voltage. If the amplifier is part.
of an. oscillograph apparatus, ,fig. 2b shows graphi-
cally the distortion of the oscillograms which must
be expected.

Oh the basis of the amplitude characteristic of

a -

38806 -

Fig. 2. a) Block -shaped input signal, by, means of which the
reproduction of an amplifier can be investigated. b) The output
signal which a resistance amplifier according to fig. 1 gives
with an input signal according to curve a when the frequency
is chosen so low that the fundamental wave is attenuated by
2 per cent by the impedance of the coupling condenser. c) The
output signal for an input signal which suddely jumps from
0 to 1 at t = 0 and then remains constant (transient charac-
teristic).

the amplifier one would certainly not expect 'this
distortion. If the phase Characteristic is taken into
account as well, this distortion can, however, be
deduced, since amplitude characteristic and phase
characteristic together give a complete picture  of
the behaviour of an amplifier in the absence of
non-linear distortion. .

Transient characteristics

As we have seen, the amplitude characteristic
f (w), which 'dese.ribes the reProductiOn of sinusoidal
signals, does not furnish sufficient information about
the fidelity with which a given signal is reproduced.
The oscillogram of a block signal, fig. 2b, aPproaches
this result much more "closely, so that this oscillo-
gram might be considered directly as a characteris-
tic of the amplifier. This method can be still some-
what simplified by choosing as input signal instead
of the series discontinuons voltage changes of
which the block signal is made up, a single discon-
tinuous increase of the voltage, It .was Heaviside
Yho "first investiged the 'behaviour of alr kinds of
electrical networks with, such an input signal. The
treatment of the 'mathematical problems thereby
encountered led- him to the development of opera-
tional calculus 3). In this article, hoWever, we shall
work on1.5), with ordinary differential equations. In
the case of the resistance amplifier dealt with above,
upon a discontinuous increase in the'input 'signal,
the output voltage will also increase disContinuously
and then decrease exponentially to zero. This
"transient characteristic" of the resistance aniPli-
fier is reproduced in fig. 2c.. From the slope of the
exponential curve, which represents the variation
of the output voltage for a constant input voltage,
it is easy to estimate the distortion to be expected
in a block" signal of a given periodicity.

Examples of transient characteristics
. .

, Ordinary amplifiers are so constructed that they
give a reasonably faithful reproduction for 'a given
frequency range, while for higher 'as well as for
lower frequencies distortions occur. The example,
on the basis of which we developed the concept
of transient characteristic, referred to the behaviour
of amplifiers on the low -frequency side of that
range. The most interesting problems occur, how-
ever, on the upper boundary of the frequency region
of accurate reproduction. Repeatedly in this pe-
riodical the means have been discussed which can

3) A concise explanation of operational calculus and its ap-
plication to discontinuous phenomena was given in this
periodical by B. van der Po le and Th. J. Weyer s,
Philips techn. Rev. 1, 363, 1936.
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be employed for the improvement Of the accuracy
of the amplification for signals with these high
frequencies, not only in the case of the amplifier
valves themselves but also in the networks for

II

c, c2

I

.38007

Fig. 3. Complete coupling network of a resistance amplifier.
It contains the parasitic capacities C1 and C2 which result in
a decrease in the amplification for high frequencies.

coupling the successive valves 4). Since linear dis-
tortion originates mainly in the networks, we shall
limit our considerations to them. If we again start
with a resistance amplifier, an undislorted ampli-
fication can only be obtained when the anode im-
pedance of the amplifier valve behaves as a pure

ance. An attempt is here made to compensate
as far as possible the fall in the total anode imped-
ance due to the capacities C1 end C2 by a corre-
sponding increase in the impedance of L. If the
fundamental shortcomings of this scheme are studied,
the network III is reached as the first stage in its
improvement, etc.

An important problem is, now to ascertain to
what extent these coupling networks used in oscil-
lograph amplifiers and television amplifiers actually
do produce better results than the simple resistance
coupling. We shall study this problem on the basis of
amplitude characteristics as well as on that of
transient characteristics. For the sake of simplicity
we shall neglect deforintions by 'the amplifier
valves and consider only the coupling networks.
The input signal is then best chosen not as a certain
voltage, but as a certain current which represents
the anode current of the preceding amplifier valve.

Fig. 4. Coupling network of fig. 3 and several improved coupling networks whose amplitude
characteristics remain flat to higher frequencies.

resistance at all frequencies under consideration.
In the scheme indicated in fig. 1 this would be true
above a definite minimum frequency. Actually,
however, besides the -circuit elements indicated
in fig. 1, there are always parasitic capacities
present, namely capacities between the el6Ctrodes
of the amplifier valves as well as between: certain
parts of the wiring -and earth. If these capacities
are taken into account the coupling network given
in fig. 3, is obtained between two successive valves,
and it is clear that now there_ can be no question
of a constant anode impedance; the impedance de-
creases with increasing frequency as a result of
the parasitic capacities C1 and C2.

Various connections have been devised
in order to oppose the fall in impedance
up to as high frequencies as possible.
Four different exmples of improved
coupling networ4are shown in fig. 4
beside the simplelt coupling network.
The network II'' can for instance be
derived from I bi connecting a self
induction in series With the anode resist -

' 'Philips techn. Rev. 4, 342, 1939.

The output signal of the network is a certain volt-
age, namely the grid alternating 'voltage of the
following valve. The calculation of the amplitude
characteristics is based upon familiar principles
and need not be described in detail here. There is a
great diversity of possible results, since those cir-
cuit elements which are not expressly indicated by
letters in fig. 4 may be chosen arbitrarily. If these
elements are always chosen so that the amplitude
characteristic is as flat as possible at low frequen-
cies, then for the five networks indicated the am-
plitude characteristics represented in fig. 5 are
obtained. In this figure the ratio between output

wR(C,-FC2)

.78809

Fig. 5.' Amplitude characteristics of the coupling networks shown in fig. 4.
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voltage and input current is plotted as a function
of wR (C1 -I- C2),, where the value of this ratio
is set equal to unity for very low frequencies.

On the basis of the graphs of fig. 5, one is led to
the conclusion that the accuracy of the amplification
at high frequencies is very much improved by the
elaboration of the coupling network. If, for example,
a decrease in the amplitude to 90 percent of the
maximum .value is considered permissible, then
the upper limiting frequency of network II is more
than double that of the pure resistance coupling I,
while the improvement in the network V even
amounts to more than a factor 4. On the basis of
experience gained with the amplitude characteristic
at low frequencies, however, we 'know that it is
still uncertain what is the significance Of .these
results for the accurary of the amplification of any
arbitrarily varying signal.'

We shall now,consider the transient characteris-
tics of the same five 'coupling networks. At the nozo
ment t = 0 the input current jumps from i = 0 to
i = i0 and keeps this value. What' is required for
each network is the behaviour of the voltage on the
capacity C2. It is here always assumed that up to
the moment t = 0 there is no electrical energy pres-
ent in the circuit. The condensers thus have the
charge zero and the self -inductions a zero current.

As an example, the calculation will be carried' out in the
following for the case of the network II. For this purpose
it is necessary to choose a definite value for the selfinduction
which occurs in these connections. In order to obtain the am;
plitude characteristic reproduced in fig. 5, curve II, this self-
induction must possess a value L = 0.414 R2(C1 + Co). If,
further, we let Cl + CZ = C, the voltages and currents in the
network satisfy the following equations:

s
is diLV= f - ut 111E,

D.
C dt (5)

ic .

The voltage V is required as a function of the time. Elimination
of iL and is gives:

LC
d2V- -r- dV + , = O.
dt2 dt

If V-Rio = v.then the following holds for v:
cp

LC
,

+ RC id
--dv v = 0..

, By substitution of v = A cat the so-called characteristic equa-
tion is found -

R 1

a2 a + = °'
from which it follows that - -

R R2
, .

= 1

2 .L 4L2 LC,

or, with the above indicated choice of L = 0.414 R2C:

a .= -1,209 .0,980
RC RC

The general solution is therefore

v t/RC cos' (0,980 t/RC ip)

V = ioR die -1.2" t/RC cos (0,980t/RC -I- go) . . (6)

A and must now be derived from the limiting conditions.
The two initial conditions are given:

V(t)(;_o)

ix,(1)(s-o) -

From (7b) it follows that:

ic (t)0=0 io

Or

and since
d V tr,

= C
then

dt (s-o)

For A and (p the following equations then result:

ioR + A cos cp = 0,
1,209 cos sp + 0,980 sin T. ioR/A

From this one finds that

A = -1,022 ioR,-
= -0,209.

The complete formula for the transient characteristic is thus:
V = ioR31-1,022 e--1,209 t/RC cos (0980t/RC-0,209) . : (8)

The results are reproduced in fig. 6 in which curve
II corresponds to equation (8). As unit of voltage
the value i0R is taken, as unit of time the product
RC = R (C1 + Co). It is clear from the figure that
a certain time elapses before the voltage reache's
the final value. =Furthermore, in all cases .except
that of the oridinary resistance coupling (curve I)

0

(7a)
(7b)

0,8

,0,6

0,4

.0,2

0 3

Fig. 6. Transient characteristics
given in fig. 4.

4 5 6 7
--t/R(Cti-C2)

388/0

'of the coupling networks

a certain degree of "overshooting" occurs. When the
successive transient characteristics III, IV, V
are compared, it is seen that the maximum slope
in the rising part becoMes steadily steeper, at the
same time, however, the overshoot becomes steadily
greater. It is somewhat a question of subjective
judgment which of these curves should be considered
as. the best approach to a rectangular voltage varia-
tion. The great improvement which seems to have -
been obtained upon a comparison of amplitude
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characteristics II and V is therefoie of doubtful
value for the reproduction of a rectangular voltage
variation.

If an attempt is made to generalize the results
here found, the question arises as to what shape
of the amplitude -characteristic must be considered
the best. The higher the frequencies to which the
amplitude characteristic- of an amplifier is flat, the
steeper the front of its transient characteristic,
which of itself is favourable for the attainment of a
faithful reproduction. As we saw above, however,
with increasing steepness of the fiont of the tran-
sient characteristic, the tendency toward over-
shooting also increases. This overshoot indicates
the presence of weak damped resonances which
will lead to a local steep slope in the the amplitude
characteristic. The attempt is often made to in-
crease the amplification of high frequencues by
means of resonance in such a way that a peak oc-
curs in the amplitude characteristic. In that 'case
the overShoot is found to be so strong that there
can no longer be any question of an improvement in
the reproduction. An extension of the flat part of
the amplitude characteristic to higher frequencies
will therefore involve no improvement when it is
accompanied by the appearance of resonance peaks
or by a large increase on the slope of the desbending
part of the characteristic.

With this in mind, it is not surprising that con-
' nections IV behave less favourably than connections
III as far as' the transient characteristic is con-
cerned. The flat part of the amplitude charac-
teristic is but little extended upon transition from
III to IV, while the slope of the descending part
has increased considerably. The transition from the
coupling network I to coupling network II, on the
other hand, must be considered as a very ap-
preciable improvement: in this case the flat part
of the amplitude characteristic is considerably
extended, without the slope of the descending part
having become much greater.

Output voltage with a given input signal

In the following way it can be understood that
the knowledge of the transient characteristic is
sufficient to calculate the voltage variation with

Tat) T.t+et
3881,

Fig. 7. Current impulse as input signal. -With the help of the
transient characteristic the corresponding output signal can
be calculated.

any given input current. When at the moment
T. = 0 the input current jumps from 0 to 1, the
voltage variation will be given by the transient
characteristic S (T). If this jump occurs at the
Moment T = t, the voltage variation is given by
S (T-t). If a current of the form indicated in

fig. 7 is taken as input current, the voltage becomes

V(T) = S(T-t) - S(T-t-dt)
ti S(T-1) - [S (T-t)--LzItS' (T-1)]
= S'(T-t)dt.

Any given variable current can always be considered
as a connected series of current impulses of the type
represented in fig. 7 (see fig. 8) and having an am-

gerea

Fig. 8. Any given input signal can be built up of a number
of connected current impulses.

plitude i(t). The output voltage is obtained by
adding together the contributions of all the current
impulses, thus

t=T
V(T) = i(t)S' (T-t)At.

which for dt--> 0 passes over into

V(T) = f i(1).$1(T-t) dt (9)

When i(t) and S(t) are given the variation of the
voltage may therefore be formed by integration.

As a special case we choose a current which begins
at the moment t = 0 and is sinusoidal. The output
voltage V(T) is given by the formula

V(T) = f sin wtS' (T-t)dt,

which by Means of simple transformations can be
converted into

T

V(T) = sin (DT f cos cot S.' (t)dt -
0

T

-cos 017 f sin cot S'(t)dt (19)
0

The integrals in equation (10) approach certain
limiting values with increasing value of T. In other '
words, the voltage V(T) finally takes .a sinusoidal
form with a given amplitude and phase. If we set
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f cos wt S'(t)dt = c(co),
0

f sin wt S'(t)dt = s(w),
o

then finally

V(T) = c(w) sin cot-s(co) cos wt

and from this follows the amplitude characteristic:

f(co) = -11c2(co) s2(w),

as well as the phase characteristic

tg cp(o.)) = s(w)/c(co).

This shows therefore that the transient charac-
 teristic can replace the amplitude characteristic
as well as the phase characteristic.

Transient characteristic of several stages in cascade
connection

Equation (9) is of direct use when it is desired
to derive the transient characteristic of an amplifier
with several stages from the transient characteris-
tics of the separate stages. Let us assume that
an amplifier consists of two stages, the first of which
has a coupling network with a transient charac-
teristic Se, and the second a coupling network with
a transient characteristic Sb. If the transient 0-41
is applied to the first stage, the output voltage of
that stage becomes the voltage Sa(T). If the am-
plifier valve is a pentode, this voltage is converted

0,

0

.

.

...._____,....r8
, 2

6

4

2

0' t 2 3 4 - 5 6 7
R(Ci+C2)

3991

 Fig. 9. 1) Transient characteristic of a stage with network
II of fig. 4. 2) Transient characteristic of two such stages in
cascade conflation. The front of the characteristic becomes
less steep and the peak formation more pronounced.

into a current having the same variation with time
and this current is applied to the second stage having
a transient characteristic Sb(T).- The output voltage
of this second stage, which now represents the
transient characteristic of the whole amplifier, can
immediately be written in the following form on the

basis of equation (9):'

S(T) = I Sa(t)Sb' (T-t)dt. . . . (11)

By this "multiplication", therefore, the transient
characteristic of an amplifier can be derived from
those of the separate stages 5).

As an example the transient characteristic of
two similar stages in cascade connection was, cal-
culated. A characteristic for each stage like curve II
of fig. 6 was assumed. In fig. 9 the resulting transient
characteristic is shown compared with that of one
separate stage. The transient characteristic of the
two -stage amplifier is somewhat less steep and
shows a greater degree of peak formation. When
still more stages are used this effect will in general
appear even more pronounced. s

High -frequency amplifiers

In the high -frequency stages of radio receivers
and television receivers one is not concerned with
the shape of the whole curve of the output signal,
but only with the variation with time of its ampli-

.

tude. It is therefore reasonable in the case of these
stages to indicate as transient characteristic the
variation of the amplitude of the output signal for
a high frequency input signal whose amplitude
jumps from 0 to 1. When thecarrier-wave frequency
of the output -signal is high' compared with the
highest modulation freq-iiencies, it is found to be
capable of being represented approximately as a
high -frequency alternating voltage modulated in
amplitude, with the same frequency and phase as
the input signal. This results in the fact that the
modulation of the output signal for any given
variation of the input amplitude can be derived
from the above defined transient characteristic.
As in the foregoing the input signal can be separated
into the alternating currents during successive tine
intervals At, each of these "A.C. impulses" gives.
at .the output side a voltage contribution of the
same frequency and phase, so that the total output

5) The integral given is a symmetrical function of S. and Sb,
so that the transient characteristic does not change when
the order of the stages is reversed. This is shown by a
partial integration:

 f .§.(t) Se (T-t) dt = S.(0)Sb(T)- S.(T)Sb(0)
0

SZ(t) Sb(T-t) dt.
0

The first two terms on the right hand side disappear since
S.(0) = Sb(0) = 0. If in the third term we set T-t = t',.
the whole equation assumes the formT T

f saw Sb T-odt = f Sb(e) SZ(T-e)
0 " o

which clearly shows the symmetry.
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amplitude at every moment is given by the sum
of the amplitudes of all the voltage contributions.

In an ,earlier article in this periodical it was
pointed out that many coupling networks of high
frequeney amplifier stages can be derived by a
simple transformation from the coupling networks
of a video:frequency amplifier 6). It is only neces-
sary to time each capacity with a self-induction
connected in parallel with a definite frequency fo
in the middle of the television band, and bring
every self;induction into resonance at, that same
frequency by means of a series condenser.

If one compares the transient characteristics of
a video -frequency coupling network and of a high -
frequency coupling network derived from, it, it is
found that they both possess exactly the same shape,
but that the latter varies twice as slowly with time
as the former. This corresponds entirely with the
property of the high -frequency network derived
in the above mentioned article; that its amplitude
characteristic plotted as ,a function of 2( f- fo) has
the same variation as the amplitude characteristic
:of .the video -frequency coupling network plotted
as a function of f. A proof of this statement may
therefore be omitted.

High -frequency amplification of carrier wave and
One side band.

The high -frequency Coupling networks introduced
in the above with branches which are tuned to a
frequency 10 possess an 'amplitude characteristic
symmetrical on both sides of this frequency, so that
two signals with the frequencies f = fo df and
12 = fo-Af are amplified to the same degree. If fo
is chosen equal to the carrier -wave frequency,
therefore, the two side bands will furnish the same
contrioution to the output signal.

At the present time it is often recommended that
the receivers should be so arranged that in addition
to the carrier wave they will receive only one side
band. This is chiefly because then with a given

 width of the frequency band for which the am-
plifier is sensitive twice as high modulation fre
quencies can be amplified. The carrier wave then

possible with such an amplifier to derive the ba-
haviour of the output amplitude for any given
behaviour of the input amplitude from the transient
characteristic. This is connected with the fact that the
output signal of this amplifier does -not exhibit pure
amplitude modulation upon a sudden change in
amplitude of the input signal but also varies in
phase and frequency. The first reaction to a dis-
continuous change in the input signal is the  ap-
pearance of a free oscillation with a frequency
lying in the middle of the band to which the am-
plifier is sensitive. This - oscillation is gradually
damped: only the forced oscillation then remains
whose frequency, as stated above, lies at the edge
of the sensitive region.

The result of this frequency modulation is that
the contributions of the different preceding A.C.
impulses to the output voltage present at a definite
single instant differ mutually in frequency. The am- -
plitude of the output voltage is then no longer given
by the sum of the amplitudes of all the contributions,
so that the variation of the output voltage can no
longer be calculated by integration over the con-
tributions of all the preceding A.C. impulses, but
it must be treated separately for each variation of
the input current.
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Fig. 10. Variation of the output amplitude in the case of single
side -band amplification upon the use of a circuit with damping
in parallel.

1 amplitude of the input current
2 amplitude of the input current 1-40
3 amplitude of the input current makes a small jump

3-->i3
zli3. In this case S(t) stands for the output am-.

plitude divided by di,.
lies at the upper or lower limit of the frequency band -

in question, and is usually displaced so much to one In fig. 10 the behaviour of the, amplitude mod --
side that the amplication for the carrier wave has ulation of the output signal as a function of the
already fallen to one half. We shall now discuss time for different input signals is shown for 'the
briefly the results which are thereby obtained for case of single side -band reception. Curve 1 shows
the case of one stage which .contains a simple the behaviour with the transient 1-> 0. For the sake
circuit with dallying in parallel.

In the very first place it is found that it is im-

6) See the article referred to in footnote 4).

of comparison with the preceding curve, curve 2
is 'plotted in the reverse direction. It may be seen
;that there is here a very great difference in the
shape of the curves, Curve 1 exhibits a peak for-
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mation of 20 per cent, while in the shape of curve 2
the oscillation is completely damped.

Curve 3 represents the variation of the amplitude
modulation of the output signal wheii the jump in
amplitude of the input signal is only small. III that
case a jump in one direction and one in the opposite
give .symmetrical results, which approximately,
resemble curve 1.

For television signals which arc so modulated
that the amplitude increases with increasing bright-
ness of the picture (positive modulation) we may
draw from curves 1 and 2 the conclusion that a
transition from black to white will be sharper and
will exhibit more peak formation than a transition
from white to black. The latter has exactly the same
behaviour in the output signal as if the carrier -wave
lay in the middle of the sensitive band. Therefore
if we assume that the worst transition determines
the quality of the picture, We would reach the con-
crusion that the use of a single side band with a
given total band width does not give better quality
than the use of two side bands. If, however, we
assume that the quality of the picture is determined
chiefly by. the reproduction of small contrasts
(curve 3), there is considerable improvement in the
definition.

To what degree this may be considered as an
improvement in the quality of the picture cannot

MID

'(.

be decided on the bases of our example. We con-
sidered an ordinary oscillation circuit which is
analogous to a simple R -C circuit as far as its tran-

' sient characteristic is concerned. Since in spite
of this -in the case of single side -band reception a
20 per cent overshoot occurs, it must be feared that
a complete receiver will exhibit much greater os-
cillations, the combatting of which may be very
difficult.

A mathematical treatment of single side -band
reception with fairly complex, networks is quite
complicated, so that no detailed theoretical investi-
gations have yet kleen carried out in this direction.
It is, however, not dificult to determine the transient
characteristics of receivers experimentally. Dif-
ficulties, might here be expected because of the
necessity of measuring a transientwhi'ch occurs only .

, once. This difficulty can, however, be avoided by
applying to the input a block signal as in fig. 2 or
a .high -frequency signal with a block -shaped am-
plitude variation. If the period of this block signal
is taken large enough the transition phenomena
which occur due to a given transient will have
become practically equal to zero by the beginning
of the following transient. In this way the transient
characteristic is found continually ,,repeated, so
that it can be made visible, for instance by means
of a cathoderay oscillograph.



202 PHILIPS TECHNICAL REVIEW Vol. 6, No. '7

AN APPARATUS FOR TREATMENT WITH INFRARED RADIATION

by A. van WIJK:

Various local affections, such as rheumatism, can be successfully treated by heating the
tissue by means of an irradiation apparatus. The wave length of the radiation can best be
chosen so that the greatest possible amount of energy is absorbed with a given increase
in temperature of the tissue close to the surface of the skin. This means that the absorption
coefficient of the body must be low for the radiation in question. The most favourable
radiation for this purpose is the region of red and infrared with wave lengths from 0.7 tot
1.3 V.. Radiation of longer wave lengths is highly absorbed especially by water, that of
shorter -wave lengths, by the red colouring matter in the blood.
In this article the Philips apparatus for infrared irradiation is described. The radiation is
excited with the help of an incandescent filament lamp surrounded by a filter of running
water. This apparatts furnishes practically exclusively radiation with the desired wave
lengths, while in the case of the ordinary incandescent bodies of low temperature only a
few per cent of the radiation has the desired wave lengths. On the basis of tests it is shown
that with the new apparatus about three times as great an intensity of radiation can be
applied as with the ordinary apparatus.

In the case of various local affections (for in-
stance rheumatism, inflammations) which do not
lie too deep under the skin, but also in the case of
diseases of the internal organs, use is made by
doctors of the so-called infrared treatment, for
curing or for relieving pain. It must be assumed that
the favourable action is primarily a result of the
heating of the tissue which occurs. Whether or,
not in addition a photochemical action of the radia-
tion must also be assumed is uncertain, although
this possibility is taken into account.

In the application of infrared irradiation the aim
is as a rule to increase the radiation intensity as
much as possible in order to heat the tissue in the
the neighbourhood of the affection as highly as pos-
sible.

At all points in the tissue the heat freed per unit
of time and per unit of thickness of layer is propor-
tional to the local intensity of radiation. Since the
radiation is strongly absorbed in the tissue and the

 intensity thus decreases rapidly with penetration,'
the heating effect in the layers first :traversed is
very much greater than at a somewhat gieater
depth. The natural limitation of the intensity of the
irradiation_ applied' is therefore furnished by the
heating effect on the outermost layers of tissue,
_i.e. the skin and the layer directly beneath it, in
which lie the organs of feeling. This heating may not
exceed. a definite value withdut causing intolerable
pain.

The degree of heating depends not only upon the
intensity but also upon the nature of the radiation
employed, i.e. on the . wave. length, or the .wave

 length region in which the energy is emitted. The
Wave length has a great influence on the absorption
of the radiation in the tissue 1): The slighter the

62L384' 615.83

absorption the greater the depth to which it acts
and the greater the intensity of irradiation which
can be applied before the absorption of energy in
the outermost skin layer becomes so great that pain
is felt (cf. fig. 1). It is therefore important to choose
a type of radiation for which the absorption is
as small as possible.

J8799

Fig. 1: Diagram of the variation of the energy absorbed per
unit of time and ,per unit of thickness of layer as a function
of the depth in the tissue,

I for radiation with high absorption,
II for radiation with slight absorption.

The irradiation intensities are so chosen that the absorptions
directly under the skin are equal. The surface of the curves
gives, the total energy absorbed per unit of time, which
therefore in the case of curve II is considerably greater than
in the case of curve I. For a point deeper than the absorption
region, A for instance, this energy determines the heating
effect which takes place by conduction.

In practice this requirement is not at all satisfied
at present in infrared treatment. The most common-
ly. used irradiation apparatus contains as source
of radiation an electrically heated filament, in the
open air, whose temperature varies from 500 °C -
(barely incandescent) to 1 000 °C (orange -red incan-

1) Cf. for example G. Mies cher, Strahlenther. 61, 578,
,1938.
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descence). The relative composition of the radiation
of such bodies is approximately described by
Planck's law for the radiation of "black bodies" 2).
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Fig. 2. Irradiation intensity in W/cm2 per wave -length region
of as a function of the wave length, for black bodies with
temperatures of 800 °K and 1 300 °K, with a total irradiation
intensity of 0.1 W/cm2.

Fig. 2 gives the variation of the radiation inten-
sity as a function of the wave length for the tem-
peratures mentioned, which correspond to absolute
temperatures of 800 °K and 1 300 °K 3). The
curves are drawn for cases of equal irradiation in-
tensity, namely 0.1 W/cm2. The maxima: of the
radiation intensity lie far in the infrared for both.
temperatures, at wave lengths (A) of about 3.6 and'
2.2 respectively. Only a negligibly small fraction
of the radiation lies in the visible region (2<0.8
This is in agreement with the customary name of
nnfrared treatment" as compared with the "heating
by means of radiation" considered in this article.

In principle, however, radiation of other wave-
length regions might just as well be used, since the
heating effect of the absorbed radiation is the same
for all wave lengths, namely 860 kcal/kwh. The fact
that infrared radiation has been chosen, and that
sources of radiation of low temperature have thus
been arrived at for generating this radiation is
based upon the very wide-spead misconception that
only infrared radiation furnishes heat. which mis-
conception is expressed in the term "heat radiation"
for infrared. The origin of this misconception may
be sought in the fact that in the case of practically
all 'existing sources of radiation (electric lamp;
candle, fire) by far the greatest part of the energy
emitted lies in the infrared spectral region, so that
what one feels of the radiation is mainly due to
this region. This is, however, only a question of
quantity and not of quality.
2) For practical applications of Planck's radiation formula

see for example the tables of W. de Groot, Physica
11, 265, 1931 or Jahnke-Emde, Funktionentafeln,
Teubner (Leipzig, Berlin) 2nd edition, 1933 p. 46.

2) Absolute temperature in °K =. temperature in °C + 273°.

The lower the temperature 'the greater the pro-
pOrtion Of the radiation emitted in the infrared.
On the basis of the misconception indicated, and
in the mistaken expectation of a high efficiency, this
has led to the . use of sources of radiation, of low
temperature.

The problem is not, -however, to obtain the highest
possible percentage of infrared radiation, but to.
choose a kind -of radiation which permits the highest
possible load on the skin, i.e. as already explained,
a kind . of radiation which is absorbed as little
as possible by the tissue. If we now recall that the
living tissue consists for 'the most part of water,
we see that the radiation which is strongly absorbed
by water cannot have a very great depth of pene-
tration into the tissue. Fig. 3 shows the absorption
curve 4) of water, as well as the transmission cal-
culated from it with thicknesses of layers of 1, 5 and
10 mm. It is clear that even with thin layers prac-
tically no radiation of A> 1.35 is transmitted.
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Fig. 3. Absorption index a and transmission I/ I, for water at
different thickness of layer d. The absorption index a is defined
by the relation:

= 10-ad

 At wave lengths greiter than 1.35 v. water exhibits strong
absorption:

(with a thickness of 1 mm. a transmission region
with a maximum of 20 per cent may be observed
at 1.65 E1,, at 2 mm the height of this maximum has
been reduced to 4 per cent, at 3 mm to 0.8 percent).
It may therefore be concluded immediately that
radiation with 2>1.35 i. can never reach the deeper
layers of tissue, but is entirely absorbed in the outer
layer, and that it is therefore unsuitable for the
therapy in question.

Radiation of too short wave lengths is also un-
favourable for the therapy in question. For example,
ultra violet light is strongly absorbed and the same

a) J. R. Collins, Ploys. Rev. 26, 771, 1925.
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is true of visible light with the exception of the
extreme red. The colouring matter of the blood is
to a large extent responsible for this absorption.
Direct transmission tests with layers of tissue have
shown that the maximum of transmission lies be-
tween 0.7 and 1.35 II, 5), whereby the long wave
end of the curve corresponds to that of water, and

 the short wave end to that of oxyhaemoglobine 5),
i.e. the red blood colouring matter in the oxidized
form (arterial blood).
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Fig. 4. Irradiation intensity as a function of the wave length
for an incandescent body of tungsten with.a temperature of
3 000 °K, with an illumination intensity of 50 000 lux.

The radiation emitted by black bodies at low
temperature is very unfavourable in. connection
with the transmission. At 1300 °K only 4 per cent
of the radiation has a wave length shorter than
1.35 II; at 800 °K this proportion is even less than
one per thousand (cf. fig. 2). By choOsing a higher
temperature, however, it is found possible to ob-
tain radiation of which a much larger perCentage
belongs, to the wave -length region of maximum
transmission. Fig. 4 shows the distribution of the
radiation from tungsten at a temperature of
3 000 °K. The curve is valid for a case in which the
illumination intensity amounts to. 50 000 lux. In
this case the radiation density is 0.168 W/cm2
(calculated to A = 3 II; the tungsten filament is
always surrounded by a bulb of glass or quartz
which absorbs radiation of longer wave length).
The distribution of the radiation over the different

Table I

wave -length region
radiation density

infrared A>1.35
infrared 1.35 1.t>2.>0.7
visible 0.7 v.> A>0.4 v.
ultraviolet A<0.4 ft

W/cM2 0/0

0.062 37

0.088 52
0.018 11

0.45.10-5 0.27

5) Cf. G. Hoffmann, Strahlenther. 65, 477, 1939; also
U. Henschke, Strahlenther. 66, 646, 1939; this survey,
from which various data have been borrowed, contains
a detailed bibliography.

wave -length regions is shown in the following table.
As the table shows, 0.088 W/cm2 of the radiation,

i.e. 52 per cent, falls within the favourable region
from 0.7 tot 1.35 II, in addition, however, 37 per cent
falls in the unfavourable region A > 1.35 µ which is
too much absorbed on the surface of the tissue.
By filtering the radiation through a layer of water,
that part which contains the unfavourable wave
lengths can be removed in advance, and the com-
position becomes much better, in the sense that a
still higher percentage lies in the region 0.7-1.35 IL.
Fig. 5 shows the spectral. distribution of the ra-
diation behind water filters of 5 and 10 mm, re-
spectively. The percentages in the region 0.7-1.35 11
are 74 per cent and 70 per cent, respectively; prac-
tically all of the remainder lies in the visible.. As
may be seen from the decrease in the percentage
upon increase in the thickness of the water layer
from 5 to 10 mm, a further increase in this thickness
is of no advantage.
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Fig. 5. Irradiation intensity as a function of the wave length
for a tungsten wire at 3 000 °K with water filter, at an illumi-
nation intensity of 50 000 lux. Continuous line, water filter 5mm
thick. Broken line, water filter 10 mm thick.

The Philips apparatus for infrared irradiation

- The Philips apparatus for infrared irradiation
(cf. fig. 6) contains an electric lamp of 750 W with
a filament temperature of 3 000 °K, surrounded by
a layer of water about 6 -mm thick. It is necessary
to use running water, since otherwise it would
quickly boil, due to the large quantity of energy
it absorbs. A comparison of the curves -of figs. 4
and 5 shows that with a layer of water 5 mm thick
about 54 per cent of the energy emitted is absorbed'
in the water, in addition to which is the heat which
reaches the glass bulb of the lamp by convection
and the energy absorbed in the bulb, both of which
can also be given off to the water. Direct measure-
ment by determination of the temperature differ-
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ence of the incoming and outgoing water gave an
energy of 560 watts absorbed by the water.

By means of an adjustable reflector the radiation
can be more or less concentrated as required. For

Fig. 6. Philips apparatus for infrared treatment.

the sake of this possibility it is also important that
the temperature of the radiation element should
be high, so that its dimensions need only be small.
In our case the largest dimension is about 1 cm.
Since the total radiation flux emitted per unit
surface of the source is proportional to the fourth
power of the temperature, at a temperature of.
800 °K the surface area would have to be (3 000/800)4
= about 200 times as large for an emission of the
same energy, and the' reflector would also have to
be correspondingly very much larger in order to
obtain the same concentration of beam and ad -
j ustability of beam formation.

The lamp is fastened to an adjustable standard,
similar to that of the Philips "Biosol" apparatus 6).
The lamp (with reflector) can be rotated through

6) See Philips techn. Rev. 2, 18, 1937.

angles of 60° about two mutually perpendicular
axes, so that the beam can easily be directed upon
the desired part of -the body. In the case of the
standard there is a transformer with separated
windings, by which the mains voltage (A.C. voltage
220 V) is transformed to 15 volts. The lamp current
(50 4) is conducted to the lamp through a cable
surrounded by a flexible metal sheath; through a
second thick metal tube run the rubber inlet and
outlet tubes for the filter water.

Properties of different sources of radiation

It was noticed by Henschke 7) that the radia-
tion tolerance of the skin (i.e. according to the above
the maximum intensity of the incident radiation
which can be borne without pain), in contrast to
many other subjective quantities, can be fairly
sharptly determined, and with a given composition
of radiation it varies very little for different in-
dividuals. During short times very high irradiation
intensities can be borne, but as the time of irradia-
tion increases the permissible intensity decreases
and approaches an asymtotic value. In fig. 7 the
experimentally found time during which a given
radiation intensity can be tolerated is plotted as a
function of this intensity for radiations of different
composition 8). It is evident how relatively sharply
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Fig. 7. Time during which the skin can tolerate a radiation as
a function of the irradiation intensity, for the four different
sources of radiation of table II.

the limit is defined of the radiation intensity which
can be tolerated for a long time (i.e. longer than
3 min.) and how widely the skin tolerance for
radiation differs for the different kinds of radiation.

In table II the tolerances deduced from fig. 7 are
given for long irradiation times.

According to the table, with the Philips apparatus
for infrared irradiation a skin dosage can be given
which is approximately 3 times as great as the

7)

)
See the article referred to in footnote 5).
The values found by us deviate appreciably from the fig-
ures given by Henschke (footnote 5). The latter are
about 30 times as large. It seems probable to us that the
values given by Henschke are given per minute and
not per second as he states.
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infrared sources now being used, and consequently
a . correspondingly greater heat effect can , be at-
tained. The nature of the radiation is such that the

Table II

:

Source of radiation Tem-
perature.

Skin toler-
ance for

long-
cifmtinued 
irradiation

.

"1) Ordinary infrared "irradiation 7

atiparatus (radiator) 1 300 °K 0.16 W/cm2
2) Electric lamp under lo'w load . '2 200 °K 0.20 W/cra2
3) Electric'lanip under high load 2 900 °K 0.27 W/em2
4) Philips' infrared irradiation

upparatus 3 000 °K 0.47 Wlem2.

maximum depth 'effect is obtained. Nevertheless
in this case also at any great depth (several mm or
more) the heating effect is mainly due to conduction
and not to radiation which has penetrated that far,
since the latter is already 'much too 'attenuated (sec
fig. 1). r= ' ,

- The 'temperature increase as a function of 'the
depth in the tissue ha's been determined by different
investigators. It -may be seen, front the measure-
inents that at a greater depth than about 10 mm no
increase in temperature can be observed, even -with
'the optimum composition of the radiation. Since

earth, and to about the same degree as that.chosen
for the . Philips aparatui: The amount of water
vapour in the earth's atmosphere is such that if it
were all condensed a layer would be obtained `whose
thickness would be of the order of 1 'cm. Thus the
amount of water in the atmosphere above the As-
trophysical Observatory on Mt. Wilson, corresponds
toz an average thickness, of 0.69 cm, while the ex-
tremes are 0.2 and 2.8 cm. At the long wave end
the boundary of the spectrum of the Philips ap-
paratiis for infrared irradiation is about the same
.as that of the sun's spectrum. The maximum of the
radiation intensity of the sun lies in the visible region
(about 0.5 11), that of the Philips apparatus at
about 0.8 v..

About 35 per cent of the sun's radiation lies iu
the wave -length region of greatest transmission
40.7-1.35 (t), with the Philips apparatus this figure
is about 70 per cent, so that the tolerance of the skin
for the sun's radiation will be lower than for 'that
of the apparatus.

The intensity of the sun's radiation on earth
amounts to about 0.1 W/cm2 under- faVourable
conditions, i.e. it is of the same order of magnitude
as was found in.-iable II for the skin tolerance with
different compositions of radiation. If the intensity

:of the sun's radiation is increased to for instance
two or three ,times the original value by means of

infrared irradiation is 'alsox often Ilse& for more a concave mirror, the limit of the skin tolerance
deeply lying affections; it Must be assumed" that if is actually reached.
there is any effect at all it cannot be caused by - The Cooling due to
direct heating, but by an indirect effect, for instance portance: ' on the experimentally found tolerance.
reflective. -Another possibility of explanation is Even with quite a low wind strength more can be
that there is photochemical action and -to tolerated than in a perfect calm. The fact that on
-portant extent: Even at a great depth where the
'ttenuatitn is so great that there can he no .question
of a het 'effect when radiation in:. the region

.0.7-1.35 is-cOnSidered, the' intensity is still great
_enough to exert a possible photochemical effect.

It cannot reasonably be expected that radiation
with a wave length longer than 3 v. can be -important
in such aPhotochemical effec4 the radiation quanta
in that region are so small that they can only 'pro-
mote 'chemical reactions whiCh require such a -low

-activation energy that they' -would also be brought
about by therMal agitation. Therefore its photo -
'chemical aationPlays any essential 'Part in' -infrared
irradiation, the -radiation which is furnished by the

apparatns-Will be favourable, 'not only be-
cause of its greater depth of penetration, but also'
because of :the greater energy of the radiation
quanta.

It is interesting to note that the radiation of the

air currents is of great im-

certain days the sun.can "burn" so much is probably
rather a result of calm air than of a particular
spectral composition of the sunlight (due for
example to an, extremely small water content of
the atmosphere).

In the application of artificial radiation also,
by cooling the skin either by a current of air or by
a glass cuvette with water cooling pressed against
the skin (compressor), the radiation tolerance can be
considerably increased. This fact is used by some
doctors; due to the great influence .of the heat of
conduction on the 'temperature distribution re-
sulting in the tissue, however, this does not im-

-mediately bring about an increase in -the tempera-
ture obtained : at greater depths, Upon strong
cooling (compressor with water) of the surface of
the skin, a decrease may even occur. Any possible
photochemical effect, -however, can in this way. be
increased in any case, since the permissible ir-

sun is also filtered by water before* it reaches the ' radiation intensity becomes greater.
.
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TESTING THE CONTACTS IN A RADIO RECEIVER

The large number of connections in a radio receiver made by soldering, welding or in any other way,
where a fault in one single connection may upset the functioning of the whole set, makes various kinds
of tests essential. Moreover, care must be taken that the manner of making the connections ensures
good quality for a long time. To fulfil this requirement a large number of checks and random tests

are unavoidable, however time-consuming they may sometimes be.
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A .DISCHARGE PHENOMENON IN LARGE TRANSMITTER VALVES 

by J. P. HEYBOER. 537.521.7 : 621.396.615.1

In transmitter valves a flashover sometimes occurs between the electrodes under high .

voltageein spite of a good vacuum (Rocky Point effect). In large valves this phenomenon
may result in considerable damage, especially to the filaments, if no precautions, are taken.
The damage can be explained qualitatively, and to some extent also quantitatively by
the ponderomotive forces which occur between different branches of the filament as a result
of the current which flows through these branches when such a flashover occurs. The ar-
ticle gives several simple calculations connected with this amid describes several experi-
ments with a model in which the phenomena observed in practice could be imitated. In
conclusion the way in which the harmful results of a flashover can be avoided are discussed.

In modern transmitter valves there is a vacuum
Of 10-7 to 1078 mm Hg. Not only is the high vacuum
of importance for the satisfactory functioning of
the cathode, which must furnish the emission cur-
rent in the valve and upon which gases would exert
a harmful effect, but also for obtaining adequate
insulation between the different electrodes. This
is of particular importance since in the largest
water-cooled transmitter valves peak voltages of
about 40 kV may occur, while the distance between
the electrodes, for example between' anode and
grids, amounts to only a few centimetres. With
too high a gas pressure the ionization of the gas
molecules by the fast electrons would - quickly
lead to the occurrence of a continuous gas discharge
in the valve. The vacuum is most simply controlled

_by measuring directly the ion current which flows
to the control grid (which is at a negative voltage)
as a result of the ionization.

From time to time the insulation between 'the
anode and the other electrodes suddenly disappears
and a flashover occurs inside the valve. This occurs
in such a way that neither before nor after such a
flashover is any increased ion current to the grid
measured. The phenomenon may not therefore be
ascribed' to a gradual depreciation of the, vacuum,

. but it must be assumed that during the functioning
Of the valve, due to some cause or other, a small
quantity of gas is suddenly freed from one of the
electrodes. This xesults in a flashover, while directly

- afterwards the gas disappears again, probably
4

 by absorption in the electrodes or in the getter
which is usually present.

The phenomenon described has long been known
and is usually indicated in the literature under
the name of "Rocky .Point. effect" from the name
of an American transmitting station wherethe phe-
nomenon was first obSerVed.

Wat are the results of the Rocky Point effect on
the transmitter valve ? Low power ,valves, for in-
tance of 100 W, ;withstand such a brief discharge

without the slightest trouble. In the case: of valves
of high power, however, the discharge may lead
to damage. This is understandable when the con-
nections and construction of these valves are con-
sidered.

The anode voltage of a transmitter valve is
usually supplied by a rectifier with a smoothing
filter, which filter is terminated by a condenser
of fairly large capacity (in large valves 20-40 11F).
Between- the anode and the rectifier a choking coil
is further included in order to prevent the high -
frequency voltage of the anode from reaching the
rectifier. The supply. arrangement thus takes On the
form shown infig. 1. In ordinary use the condenser C
is charged to the anode D.C. voltage, which in large
valves may amount to 10 to 20 kV.

Fig. 1. Diagram of the supply arrangement of a transmitter
valve (Z). G rectifier, F smoothing filter.

At the moment when a flashover occurs in the
-valve, the anode -cathode space functions as a short
circuit. The condenser is thus discharged via the
choke L and very large discharge currents may
occur which seek a path to earth through the valve.
A consideration of fig. 2a and b in which the con-
struction of a large water-cooled transmitter valve,
and particularly the construction of the cathode, is
shown diagrammatically furnishes some insight
into the path which the discharge currents will
choose. The cathode is a tungsten filament which
consists as a rule of two or more branches connected
in parallel. The wires of each branch are, strung in a
zigzag in the direction of length of the valve, while
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about them, arranged around the circumference
of a cylinder, wires of one or more cylindrical grids
and finally the cylindrical anode are placed. In
fig. 2b, in which the cathode is shown flattened out,
it may be' seen that the beginnings of both branches
come together in an earthed supply terminal  P,
and in the same way the ends in a second supply
terminal. Upon a flashover from anode to earth
the current will probably now go mainly to the
wires AP and BP and flow off to earth through
these wires.

Upon the occurrence of a flashover therefore the

B/\

11

\ \/

b)

Fig. 2. a) Electrode sysiem of a laige water-cooled transmitter
valve (triode). Around the filaments k which are strung as
lines on the development of a cylinder, the control grid g is
wound in the form of a spiral, while about that in turn is
placed the cylindrical anode a.

b) Flattened out cathode of the water-cooled transmitter
valve in question; it consists of two branches connected in
parallel, each having four tungsten filaments. The two bran-
ches are fed by the common terminals P and Q, P being earthed.

JEI564

adjacent wires AP and B P may conduct very high
currents; as a result there is not only considerable
heat development, but at the same time large pon-
deromotive forces occur between the two wires.
It is: easily understandable that these forces may
cause appreciable deviations or even permanent
changes in shape of the wires.

In practice indeed' such a deformation of the
filament has several times been observed after a
flashover, and the deviation of the wires was some-
times such that mutual contact or contact with
the control grid occurred. In one case even one of
the wing was torn free at the terminal. At the same
time traces of the discharge' were observed on the
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filaments, sometimes in the form of many -branched
figures, usually as irregular cavities in the wires.

While these facts are explained qualitatively
by the above sketched mechanism, it is also de-
sirable to 'obtain a more quantitative picture of the
phenomenon. The calculations and experiments
undertaken to this end will be discussed briefly
in the following, while a discussipn will also be given
of the way in which the damage can be avoided.

The whole calculation may be divided into three
parts: 1) the discharge currents; 2) the forces hereby
exerted on the filaments, 3) the deviations of the
wires thereby caused. (The effect of the heat de-
velopment will not be considered). -

Calculation of the discharge current

For the calculation of the 'discharge current we
,begin with' the diagram of fig. 1 in which the con-
denser C is charged to a voltage V and at the mo-
ment t 0 is dicharged via the self-induction L
and a resistance R. The latter, in ordinary connec-
tions,  consists only of the loss' resistances in coil
and condenser and of the resistance of,the filaments.
AP and BP in parallel. We assume that these
filaments are traversed by the current in their full
length, from A to P and from B to P.

With the help of alternating current theory the
following expression is found for the discharge
current i(t):

- im sin flt e-at, (1)

where

Laz = V/43,

a = R/2L,

.1/ 1 R 2 .

/ LC 2L)

(2)

According as a real or an imaginary value is ob-
tained for fl..(the latter is the case according to
equation (2) only with sufficiently large damping R),
the expression (1) will represent a damped sinusoidal
vibration or an aperiodically varying' function:

As an example let us consider a case in which de-
fects were actually caused by the Rocky Point ef-
fect. In this case V = 12 kV; L =1 950 p.H; C = 32

Each filament (at the working temperature
of 2 500 °K) had a length 1= 10.63 cm and a diam-
eter d = 0.0892 cm; with the specific resistance
of tungsten at the working temperature (73.9 x 10-6
ohm cm) a value of about 0.07 ohm is calculated for
the resistance of the two wires in parallel. As the
total resistance of the dicharge circuit (in which are
included 'the lo'ss resistances C and L) We therefore
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assume -the round value R = 0.1 ohm. With these
values we obtain .

im = 1 540 A; a = 25,6 sec -1; fl -74 000. seCl:

 The current is thus actually found to reach very
high values. Its variation with time (equation (1))
is shown in fig. 3. It may be seen that the discharge
has a rapidly oscillating character (frequency
/3/2 .7.6 =--: 640 c/s), while the damping is such that
the current amplitude after about 40.3 sec., i.e.
20 cycles of the oscillation has fallen to one half.

A '

1500

1000-

500 -

0

- 500-

-1000-

- 1500-

J8565

Fig. 3. Variation of the current i upon discharge of a condenser
of 32 1.1.1? charged to 12 kV, via a self-induction of 1 950 p.I-1
and a resistance of 0.1 ohm. .

Calculation of the mechanical forces

We .shall assume that the current is diVided
equally between the two wires, so that each wire
bears the current i/2. If r is the distance between
the wires the magnetic 'field sirength which the
current in one wire exerts on the other wire is

1,

r

Due to the fact that this other wire itself carries
the current i/2, it experiences a force per unit length
of

i2
p .H  -= -

2 2 r
dynei/cm,

when r, is given in centimetres and i in electromag-
netic '11.- nits. If we measure i in, amperes, then

i2

.11 = 200 r -dynes/cm . (3)

Since the current has the , same direction in both
wires, the direction of p is such that the wires are
always drawn toward each other. If in. (3) we. fill
in the expression (1) for the current, we obtain

P
im

(1 cos 219t)
400r

-tat (4)

In. fig. 4 this variation of the force with time is
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plotted with r = 0.617 cm as in the example con-
sidered. If we neglect the damping for the time
being the force may be described roughly as follows:

dynezn4 p

20000-

15000-

10000

5000

oo 1( A IA t
001 0,02 0,03 C(04 sec
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Fig. 4. Variation of the force p which is exerted by the dis-
charging current of fig. 3 on 1 cm of each of the two filaments
AP and BP.

from the moment t = 0 a constant force of the
magnitude

im2

P° = 400 7'.

acts upon each of th.e 'two wires, while upon this
is superposed a force with the amplitude (5) varying
at the frrquency 2N27t = 1 280 cis., .With the
given values .of iF and r, pobecomes 9 620 dynes or

. !about 10 g per cm length of the wire.
The damping is here twice as great as for the cur-

rent, so that the force has' fallen to one half after
about ,0.15 sec.

(5)

The bending of the filaments

The filaments may be considered as rods whicli
Will be set vibrating by the force (4). The quantity
in which we are interested is the maximum devia-
tion which the rod thereby makes. The fact that
these deviations will not be only very small can
easily be, understood when it is, considered that the
wire in our case, according to the data in table I

. weighs about 'PI, g, whil7. at the beginning an

Table I

Data about the filaments of the valve in question fdr the
working temperature of 2 500 °K.

Length
Thickness -

Cross section.

Density
Mass .
Modulus of elasticity
Equatorial moment of

inertia
Separation of the wires

. _

1 = 10.63 cm
d = 0.0892 cm
q = nc1214 = 0.00622 cm2
e =. 18.6 g/cm2,

nd21e14 = 1.24 g
E = 2.83.1012 dynes/cm2

nd4/64 = 3.1110---2 cm4

= 0.617 cm -
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. ,

average load acts upon it of 1130 = about 100 g,
i.e. 80 times its own weight.

In order to obtain an idea about -the bending of
the wire in a simple way let us consider it as a rod,
which is supported at both ends. Furthermore
we assume that the rod has the same elastic prop.-
erties. throughout its whole length 1). For such an
elastic system the frequencies at which it will come
into resonance can be calculated according to
the formula

(2n 1)211 EI
f"'= - , with n = 0,1,2, ... (6)

2 /2 pq

The length of the rod 1 occurring herein, the modulus
vof elasticity E, the equator ial moment of inertia I

of the cross section of the wire, the density e and
the cross section q (all at the working temperature)
can be taken from table I. One then finds:

fo = 121 c/s,
= 1 085 c/s,

12 3 020 c/s, etc.

None of these frequencies lies in the immediate
neighbourhood of the frequency of the varying
force component (1 280 c/s). Resonance phenom-
ena need not therefore he expected, and the order
of magnitude of the result will not be affected if
for the sake of simplification we entirely neglect
the varying term of the force (4). Furthermore
it may be seen that the rod vibrating at its fun-
damental frequency fo has already completed almost
two full cyrcles before the force has fallen to one
half. In calculating the maximum deviation there-
fore no large error will be made if the picture is
further simplified by also neglecting the damping
of the torce 2).

The problem is now reduced to the case represent-
ed in fig. 5:.a uniformly distributed load of the
magnitude .po (equation (5)) is applied at the mo-
ment t = 0 to a homogeneous rod supported at both
ends.

Such a suddenly applied load always causes a

1) The first assumption is not entirely correct, 'since the
- filament is clamped at one end, while at the other end the

fastening is intermediate between clamping and supporting.
At the latter point the wire passes by means of a =kink over

 into the adjacent wire. This kink is kept in place by a hook.
The second assumption, that of homogeneity of the. rod,
is also not entirely correct, since the temperature of the
filament is somewhat lower at its ends due to heat con-
duction from the supply terminal and hook, so that the
modulus of elasticity is higher than in the middle.

2) A more exact calculation in which the damping was
not neglected gave as, a result that the maximum deviation
already occurs Eater 0.004 sec, i.e. after even less than half
a period of the fundamental vibration.

greater deviation than the same load in the equi-
librium conditiOn (static load). -  In  oscillation
systems' with a single degree of freedom, for exam-
ple, it is known that this makes a difference of a
factor 2. We* shall therefore find a lower limit for
the expected deviation of the rod if we simply as-

.

1

a)

Fig. 5. The filament is considered as a homogeneous rod sup-
ported at the ends; on which acts a uniformly distributed
load p (a) of the character shown in (b).

1 1 1 11 1 1 1 1 .1 i
t p

t,

J8567.

ume a static load of the magnitude po. The fol-
lowing formula is then valid for the greatest de-
viation (3 occurring at the middle of the rod:,

- /
384 EI * -

(7)

With the data of .table I it follows from this that

6 = 0.1.83 cm (8)

. If we now calculate the maximum tensile stress iS
occurring at- the middle ,of the rod, for which in
the case of fig. 5a the following formula .is valid:

a = 4.8
Ed
q2

6 dynes/cm2,

we find a value of about. 2 000 kg/cm2. Since the
tensile strength of tungsten at the working temper-
ature of 2 500 °K is only 470 kg/cm2 3) the material
will begin to yield long before the deviation given
by (8) has 'been reached. The wires will therefore
either break or undergO permanent deformations
which may' be considerably greater- than the- bend
according to (8). Since already at a = (r-d)/2
0.265 cm there is contact between the two wires
which attract each other, it is of little use to give
amore exact calculation for the rough estimation
here given 4). For a slightly different situation,
however, a more exact calculation will be given:
below.

3) According to W. E sp e and M. Knoll,. Werkstoffkunde
der Hochvakuumtechnik, J. Springer, Berlin 1936, fig. 15. ,

4) It. 'must be pointed out that the various simplifications
which are introduced 'have mutually opposite effects: the
damping of the force, the fact that the current may only
flow through a part of the wire, that the wire is more or
less clamped and is somewhat stiffer at its ends due to
the lower temperature, all these facts make the deviation
smaller. That the loading is not static, but suddenly ap-
plied, makes the deviation greater, in the same way the
varying force component contributes to this. All in all
it is fairly certain that the region of yield will be reached,
and this is already sufficient for the train of thought here
followed.
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Experiments

While the calculation given above already makes

38568

Fig. 6. Connections for the experiments with a model. The
filaments k are placed in a bulb B. The condenser C is charged
to 1 000 volts by the rectifier G1, and can be discharged via
the relay valve J and the filaments k. The relay valve, a glass
vessel with a carbon anode, an auxiliary electrode and a pool
of mercury as cathode, flashes over when an impulse voltage
is applied to the auxiliary electrode; it serves here as a switch
for the very high currents. By means of the rectifier G2 the
filaments are heated in order better to imitate the working
conditions (smaller modulus of elasticity, lower yield value).

it clear that the damage observed due to the Rocky
Point effect can indeed be explained by the simple
mechanism proposed, it nevertheless still seemed

Fig. 7. After a number of discharge impulses a clearly visible
permanent deformation of the filaments had occurred: a)
initial condition, b) after 6 discharges, c after 12 discharges,
d) after 18 discharges.

desirable to obtain a graphic confirmation of this
by imitating the effect experimentally. For this
purpose the same type of filament as in the example
considered was mounted in a glass bulb, while with
the connections represented in fig. 6 a condenser
of 540 tiF which was chaiged to 1 000 volts could
be discharged via the two parallel branches of the
filament. Here also a clearly visible permanent bend
in the wires occurred upon discharge. By repeating
the discharging of the condenser several times the
bend could be made greater and greater, as may be
seen in the photographs of fig. 7a -d. If afterwards
the direction of the discharge current in one of the
two branches of the filament was reversed (the two
branches had separate leads out of the bulb for this
purpose, see fig. 8), the wires which then repel each
other could be forced apart again to the original
condition by a number of discharge impulses.

a)
38369

b)

Fig. 8. The two branches of the cathode are led out of the
bulb separately, in order to be able to send the discharge cur-
rents through the adjacent wires in the same direction (a)
as well as in opposite directions (b).

In these experiments, where the mechanism
which was assumed as an explanatory one is as it
were isolated, and other phenomena which might
play a part in the complex structure of a transmitter
valve are excluded, the typical deformations of the
Rocky Point effect actually do occur.

Combatting the damage

The obvious question now is what must be done
to avoid the defects described? As long as it is
impossible to attack the evil at its root (the spon-
taneous freeing of a small amount of gas) attempts
must be made at least to eliminate the harmful
effects of the discharge. This can be done very
simply by including in the supply line of the
anode a resistance of adequate size. This resist-
ance is connected directly in series with the choking
coil L (see fig. 1).

If in this way the total resistance of the discharge
circuit is made 40 ohms, for instance, then in for-
mula (2) the "angular frequency "9 becomes
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imaginary, namely /3 = j  3 200. The discharge
is therefore no longer oscillating but aperiodic.
Equation (1) now becomes

i = im [e-(a-Y)t . .

with y = 191j = 3 200 sec- 1,

(9)

V
= 960 A,

2 Ly

a
2 L

= 5 100 sec -1-.

771.

In fig. 9 this curve is plotted. The peak value of the
current, which is reached after about 1/4 000 sec,
is in this case also still considerable, namely about
480 A; there is, however, a very much greater damp-
ing than in the above discussed case where
R = 0.1 ohm: the current has practically disap-
peared after 0.002 sec. For the force which acts
per cm length of the filaments we find with (3)
and (9):

2

P 200 r
{e-2(a-y)i-i-e-2(a+Y)t-2e-21. (10)

This is a similar curve to that in fig. 9 with a still
gieater damping. Thus in this case a force is exerted
on the eleastic rods for only a very short time, and
consequently only relatively small deviations will
occur.

Since the loading' now no longer resembles the
static case in the least, the calculation of the devia-
tions should be carried out by means of the differen-
tial equation of the vibrating rod. This calculation
is sketched briefly at the end of the article. We may
however, also obtain a good idea of the expected
deviation again by a rough estimation.

Due to the fact that the force acts for such a short

A
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Fig. 9. Behaviour of the current i with a discharge similar to
that in fig. 3, but with a resistance of 20 ohms in place of that
of 0.1 ohm. The discharge is now aperiodic and practically
dies out after 0.002 sec. The scale of the abscissa is 10 times

,that used in fig. 3 For the sake of comparison the behaviour
of the current in fig. 3 is indicated by a broken line.

time we may assume that the whole impulse
P = fpl dt i's applied to the rod while it is still at
rest.- All the particles of the rod then 'take on a
certain initial velocity v and the rod therefore re-
ceives a kinetic energy K = 5112 v2 dm. If we assume
that all the particles of the rod move in phase (fun-
damental vibration of the rod), the' rod will have
reached its greatest deviation only after a quarter
period of the vibration, the kinetic energy is at
that moment entirely converted into work of defor-
mation U. If the shape of the' rod in vibration cor-
responds to that upon static bending - an assump-
tion which will certainly not be far frOm the
truth -, there is the following  relation between
the work of deformation U and the deviation 13 at
the middle:

= 5 y240 13
LT384 E I (11)

We may therefore calculate 13 directly from (11)
if we know the relation between 'the initial value
K -(= U) of the kinetic energy and the impulse, p
applied. To find this we;'eonsider that the initial
velocity v at the ends of the rod will be zero at
the middle a maximum '(vmA). If we assume that
at the middle the impulse is completely converted
into movement then the -` following is valid (irt is
the total mass of the rod):

 m
vmax ='f p dt -

1 , 1

and with a sinusoidal distribution of the initial
velocity (corresponding to a sinusoidal foim of
the bent rod) the kinetic energy becomes

= f 1
2

1
thus K P2.. .

4m

(vmax
1

sin -n ,
=

4
-v -max,

The impulse -P = fpldt may be calculated from
equation (10), where for the sake of simplicity
one may integrate from zero to infinity, since the
"fail" of the force curve does not furnish any ap-
preciable contyibution. The result of the integration
is: -

. P 10..0 dyne See.
Thus - U = K' = 20.2 ergs
and according to (11): 0.0105' ems.

A more exact calculation gives a value which agrees
very well with this (6 = 0.0117 ems, see below).

The deviation of the wires is thus reduced to a
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fraction of the original value (equation (8)) by the
connection of the resistance of 20 ohms in the anode
connections. The highest tensile stress in the wire
becomes only about 100 kg/cm2 in this case and no
permanent deformations .result.

Appendix: Exact calculation of the deviation

If x is the coordinate along the rod, u the transverse de-
viation which depends upon x and the time t, the folio:wing
diffeiential equation holds:

o4U p(x,t)
612, Ox4 eq

where
EI

and where the initial conditions are

(12)

u(x,0) -= 0 and (-3u) = 0.at g.-o

In our case, where the force p depends only on t and not on
x, the solution of the differential equation may be written in
the forin 5)

CO

u(x,t) = fri(x)(pr.(t) (13)

5) The general solution which also holds for the case where
p depends upon xis found in H. Schmidt, Zur Theorie
der erzwungenen Transversaschwingungen homogener
Stilbe konstanten Querschnitts, Z. Phys. 64, 411, 1930.

The total vibration form is here built up of the so-called
natural vibration forms

(2n+1)7rx
/

(14)

each multiplied by a certain time function:(12na

4/2
1 c(t-s)PIO ds . (15)

o

) - aseqc (2n + 1)3 -/PO) sin 12

In (15) the factor 1/(2n + 1)s occurs which decreases rapidly
with increasing n, in addition to which the integration also
gives a factor of the order of 1/(2n +,1)2. We may therefore
neglect the contribution of the higher natural vibration forms
to the total vibration, i.e. the rod moves practically according
to its fundamental vibration (n = 0), whereby according to
equation (14) it takes on the form of a half sine. The solution
(13) now becomes simply

sinnxu(x,t) - To(t),
1.

where the time function oro(t) for our example (with R = 20
ohms) can be calculated in an elementary way from (15) when
the expression (10) for the force is substituted in it. The max-
imum deviation 6 in which we are interested occurs in the
middle of the rod in the fundamental vibration, where
sin nx11 = 1, so that /3 becomes equal to the maximum value
of gro(t). By setting the differential quotient dq)0(t)Idt equal to
zero it is found that the first maximum occurs at t = 0.0025
sec, and that 6 then has ri value of 0.0117 cm.
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A METHOD *OF MEASURING IN THE INVESTIGATION OF BICYCLE DYNAMOS

621.313.322 : 629.118.3by H. A. E. KEITZ.

If we consider an A.C. dynamo with constant
magnetic field, connected to an ohmic resistance,
and plot the terminals voltage E as a function of
the number of revolutions 72, we obtain a curve of
the type sketched in .fig. I. The voltage at first
increases proportionally with n and reaches a

constant value at higher values of n. The region of
the characteristic on which the dynamo will work
when in use depends not only upon its construction
but also very much upon the resistance to which it is
connected.

n
, 38328

Fig. 1. General form of the variation of the terminals voltageE
of an A.C. dynamo loaded with a resistance, as a function of
the rate of revolution is.

In the case of bicycle dynamos the aim will be
to have the operating point in ordinary use lie
on the flat part of the characteristic as far as pos-
sible. The rate of.revolution in the case of the bi-
cycle dynamo varies very widely, since it is prac-
tically proportional to the speed of the bicycle,
which may vary for instance from 3 to 20 m.p.h.
If the characteristic is, not' sufficiently flat in the
region corresponding to these speeds, it means that
the lamp connected to the dynamo is already
very much overloaded at speeds slightly higher
than the normal, and Will therefore quickly suc-
cumb, while at speeds slightly less than normal it
gives hardly any light.

We shall not at this moment go into the struc-
tural measures by which the desired characteristic
can be obtained 1), but shall explain the important
influence of the resistance in connection with the
shape of the characteristic at normal rates of re-
volution. This could be demonstrated by plotting
the relation. between terminals voltage and speed
of the bicycle for a number of different resistances.
In practice, however, the dynamo is not loaded
With a constant resistance, but with a lamp whose

1) See on this subject: H. A. G. H az eu and M. Kiek, An al-
ternating current dynamo with a flat characteristic for
bicycle illumination, Philips techn. Rev. 3, 87, 1938.

.

resistance varies quite sharply with the tem-
perature of the filament and thus also with the
terminals voltage. It is therefore better to study
the relation between the terminals voltage and the
speed of revolution for a given lamp.

In fig. 2 this relation is given for the Philips
bicycle dynamo, type No. 7 405 in connection with
different lamps. It may be seen that with the lamp
of 6 V-0.5 A, for which the dynamo is designed, the
terminals voltage varies from 3.3 to 7.7 V for the
two extreme speeds of the bicycle. With a lamp of
6 V-0.4 A the corresponding variation is from 3.8
to 10.7 V, with a lamp of 6 V-0.6 A it is 2.9 to 5.7 V.
The lamp of 6 V-0.4 A, being too small, already
reaches its nominal voltage at the low speed of
5 p.m.h., and at higher speeds therefore it ,will
quickly succumb; the too large lamp of 6 V-0.6 A
does not burn at the nominal voltage(and with the
nominal light flux) even at the highest speeds of
20 p.m.h.
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Fig. 2. Terminals voltage of the Philips bicycle dynamo 7 405
as a function of the speed of the bicycle for a load con-
sisting of one of a number of different lamps. The best com-
promise between length of life and light flux of the lamp is
obtained with the characteristic indicated by a thick line.

This shows clearly that dynamo and lamp must
be mutually adapted 2).

,The testing of this adaptation amounts to re-
cording the characteristic of the dynamo, preferably
under normal conditions of use. Special attention'
must hereby be paid to two points. The load on
the dynamo may not be changed by the connection
of the measuring instruments, since the charac-

2) If two lamps in parallel are connected to the dynamo,
the total current must have the prescribed value. If for
example there is a lamp for 4-6 V-0.04 A in the rear light
of the bicycle, a lamp of 6 V-0.45 A must be chosen for the
headlight if the same characteristic is to be obtained as
for a 6 V-0.5 A lamp alone.
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teristic is so very sensitive to such a change, i.e.
the measurement' of the voltage must require prac-
tically no energy. Furthermore the A.C. voltage
furnished by bicycle dynamos is. in general not
truly sinusoidal, so that account must be taken of
whether or not the voltage measured actually cor-
responds to the effective value.

A very simple method of measuring, which avoltds
all difficulties in this respect and which we have now
used for some time, is the following. The lamp
which represents the load on the bicyle dynamo is
connected successively to the dynamo and to
an accumulator battery with a variable series
resistance. If this resistance is so adjusted that the
lamp gives the same light flux in both cases, the
voltage on the lamp will then also be the same in
both cases. The measurement of the terminals
voltage of the dynamo is thus replaced by a simple
D.C. voltage measurement which can be carried
out , with great accuracy. In order to be able to
adjust the lamp to equal light flux, it is placed
in a photometer sphere, fig. 3 (instead of a sphere
a box of any desired form may be taken) at the meas-
uring window of which a photoelement is placed
(a blocking -layer photocell). The photo current,
which is read off on a milliammeter, is a measure
of the light flux.

38330

Fig. 3. Arrangement for the recording of dynamo characteris-
tics. The dynamo D is driven by a motor with a variable num-
ber of revolutions which may be read off with a tachom-
eter. The lamp L which is placed in a "photometer sphere"
F is connected alternately to the dynamo and to an ac-
cumulator battery B by means of the switch S. The series
resistance W is so adjusted that the lamp gives the same
light flux in both cases, which is checked by means of the
milliammeter' V,, which indicates the photocurrent of the
blocking -layer photocell C. The lamp voltage measured with
the voltmeter V is then equal ,to the effective value of the
terminals voltage of the dynamo. If desired, the lamp current

' can also be controlled with A.

1
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The D.C. voltage measured will be equal to the
effective value of the A.C. voltage supply, if it is
permissible to assume that the light flux of the
lamp is determined by this effective value, and no
longer depends upon the form of the A.C. voltage.
This is indeed the case if the frequency of the A.C.
voltage is "sufficiently high. EXperience shows that
even at the ordinary mains frequency of 50 c/s
there is no measurable deviation of the light flux
compared with that upon supply be means of a
D.C. voltage equal to the effective value. Since the
frequency of the A.C. voltage furnished ly bicycle
dynamos is  in general considerably higher than
50 c/s in the case of the Philips dynamo 7 405
it is already 70 c/s at a speed of 3 p.m.h. - the
light flux may immediately be used as intermediate
in .the voltage, measurement. Furthermore the re-
quirement that no extra load on the dynamo may
result from the measurement is here automatically
satisfied.

The accuracy of the method is more than ade-
quate. The voltage measurement for each point
of the characteristic to be measured (i.e. for each
rate of revolution) requires three readings, namely
two on the milliammeter for the light flux and one
on the voltmeter for the lamp voltage. The read-
ings of the light flux are not, however, critical,
since with the lamps used here the light flux varies
about 3.5 times as 'much proportionally as the
supply voltage, so that an inaccuracy in the ad-
justment to equal light flux has only a small effect.

It might be imagined that the comparison of the
dynamo with the battery could be made superfluoui
by calibrating the milliammeter Vh, directly in
volts for a given -lamp. Instead of three readings
only one reading would then be necessary. This
immediately meets with the objection that the ratio
between light flux and voltage of the lamp changes
with time: especially upon the recording of measured
points in the region of high speeds (high voltages)
a relatively rapid blackening of the bulb of the
lamp takes place which would cause the calibration
to change gradually. , In the above -described
comparative measurements this of course causes
no difficulty if the readings are carried out in quick
enough succession.



RESONANCE CIRCUITS FOR VERY. 'UGH FREQUENCIES 

by C. G. A. von LINDERN and G. de VRIES.

Different concepts connected with the properties of electrical retonanec circuits are dis-
cussed in this article. In partioular the reasons are given why, in radio technology, from
a coil and a condenser there has been a development toward cavity resonators, Lech_er
systems and cavity iesonators for higher and higher frequencies.

Introducticin

A familiar property of Maxwell's equations
may be described in the following way. If all the
dimensions of% a system (and also the specific
resistance Q) are reduced n times, the same voltages.
and currents will occur in this system as in the
original one, if the frequency is multiplied by" 71,
(the wave length is it times smaller). It might be
supposed that this would furnish sufficient guidance

,

the construction of short wave apparatus,- and
particularly of resonance circuits for short :waves,
were it not for the fact that for all kinds of reasons
it is 'Often impossible to decrease all the dimen-
sions proportionally. Especially the reduction of
the specific resistance in ;the, desired proportion
is often impossible since copper is used for the
conductors even at low frequencies, and there is no
available' ,material which conducts appreciably
better. We must  therefore devise constructions
.which exhibit considerably better properties than
the coils and condensers ordinarily used at low fre

, ' quencies. Such constructions do actually exist; they
are not, however, used at low frequencies becauSe
their diniensionS' would be too large for that. pur-
pose. It is because of the fact that at high frequencies

. all the .components are proportionally smaller that
these relatively large dimensions are then no ob-
jection. While. of course the properties .of these
circuits also become worse upon reduction in size,
due to the fact that the conductivity cannot .be
increased, ne'vertheless, because they are  so much
better than the Ordinary ones at low frequencies,
they are still just good enough at high frequencies.

We shall attempt to discover the line which has
been followed in this development. Before doing
so we shall first review briefly afew of the concepts
connected with resonance circuits in general.

Resonance width, and quality factor

The simple LC circuit with which we begin is
represented generally as a connection, in series of a
resistance r and a self-induction L, in parallel to
which is connected a capacity C (fig. 1). The total
impedance Z of such an oscillating circuit is given
by the formula:-.

1 . .1
jcoC. . (1)

Z r'± jcoL

By resonance frequency we understand the fre-
quency for which Z is a niaxim'Um. With an ohmic

I J8835

Fig. I. -Simple oscillating circuit consisting
'self-induction L and capacity C.

resistance r which is small compared with.the reaC-
' 1

tances wL and - the following is approximately
co C'

valid for this frequency:-

coo2 LC =-* 1: .. . (2)

The total impedance Z of the LC circuit is real upon
resonance, and according to (1) and (2) can be
represented by

LR -
Cr

For an angular frequency which differs by dco/2
from the resonance frequency let the impedance
have fallen to R/112 (cf. fig. 2). For Awoke then
finds

r
(cf.) L).

L

(3) .

This quantity Aw is called the_ resonance width
of the circuit, and the quotient of the angular fre-
quency coo at resonance and this resonance width
dco is- a measure of the sharpness of resonance of
the circuit and is called the quality factor Qi

CO chL
(4),and with

d w (5)

The resonance is 'Sharper and the quality factor
greater, the smaller the ohmic resistance r and the
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greater the .self induction E. Under those circum-
stances a freely oscillating circuit also has the least
damping. This realtion between the sharpness of
resonance for a forced vibration and the damping
of a free vibration will be considered somewhat
more closely.

Izl

(00 CO 38036

.Fig. 2. Variation of the absolute value VI of the impedance of
a connection in parallel of a capacity C and a self-induction L
as a function of the angular frequency w. At the resonance fre-
quency w3 the impedance is practically equal to L/Cr, where r
repregents the resistance.

Quality factor and damping

' The free oscillation in an electric circuit with
a characteristic oscillation. time T may be written
as follows:

2
i -t

T
- i° 7tt

IIT sin - (6)

In this expression, if 0 is- small enough, i.l repre-
sents the "momentary" .amplitude of the slowly
decreasing oscillation ( fig. 3). The quantity* 0
is called the logarihmic. decrement and repre-
sents the natural logarithm of the' ratio between
two successive amplitudes. With an ohmic resist-
ance r the heat losses during one period T are equal
to 1/2 ilt rT. The total energy content of the oscil-
lating circuit is 1/2 Lii2 and it decredies proportion-.
ally with

let[e-e tap 1

Since w0T is equal to 27t, the following relation is
found between logarithmic decrement and quality
factor

If we write formulae (7) and (8) in the form

Q
27c LiltT

r

which is also in' accordance with (5), we have ob-.
tamed Q in a form which is also significant when we
are no longer, .concerned with a simple LC circuit.
Equation (9) is then read as follows:

field energy

(8) -

(9)

Q = 2n
energy dissipated per period

; (9a)

in many cases for more complicated systems (the
cavity resonators, resonating cavities and Lecher
systems to be 'described) it can .be proved that
equations (8) and (9a) are also valid.

An exception is formed by band-pass filters for example.
Under certain circumstances there may be several resonance
frequencies, two or more of these frequencies may not, how-
ever, lie too close to each other, as is the case in the band-pass
filter which is used in the intermediate -frequency amplifiers
of a radio receiving set.

Skin effect

For the resistance r occurring in tlie formulae
we must not use the ordinary D.C. resistance but
the A.C. resistance which is so much higher due to
the. well known skin effect. We shall not here go
into the theory of, the skin effect, but shall only
recall a few main features of it 1). At very high fre-
quencies, no, magnetic field -- or strictly Speaking
only a very weak,one will be found in the interior
of a good conductor. This is understandable when
it is kept in mind that due to the high frequency the
result; of amagnetiC alternating field would be that

The decrease per period is thus DL 42 and this Must high voltages would be induced in the conductor,
be equal to the. heat 1/2 ilt r T developed per period. which Would lead to strong eddy currents of Such
It therefore follows that. the logarithmic decrement a sort that they would cause in turn a magnetic

field which is oppositely, directed to the original
. . ' (7) field. Ina straight. wire of circular cross section at

very high frequencies the current flows in a thin
layer on the outside of the wire. The fact that this
situation satisfies the requirement of producing

. rTe .

2L
...

J8037

Fig. 3. Damped vibration.

1) The phenomenon of skin effect should not be conceived
as if the currents repelled each other because:.
1. conductors through which currents flow in the same

direction do not repel but attract each other,
2. the forces act between the conductors and not between

the currents as such,
3. there is no skin effect for direct current.
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no magnetic field in the interior is due to the, fact
that a cylindrical ring of uniformly distributed cur-
rent lines of force causes a magnetic field toward
the outside, but none toward the inside (fig. 4).

J11&78

Fig. 4. Diagrammatic representation of a straight conductor of
circular cross section in which skin effect occurs, so that the
current flows chiefly in the layer S.

The line integral of the magnetric force 27tRH,
which must be proportional to the  "enclosed"
current, will be zero when we choose our radius
smaller than that of the current lines cylinder,
since no current is enclosed on the inside.

The result of the skin effect is that only a part
of the cross section of the conductor is used for the
current, which amounts to an apparent increase
in the resistance. The current density in the current
carrying layer ,decreases from the outside inwards as
e-46, where x represents the depth below the surface
of the conductor (fig. 5). In the case of a wire of
circular cross section, this is therefore in the
direction of the radius. 6 is called the depth of
penetration. The current becomes very small in
the interior of the conductor, but .not` exactly zero,
in accordance with the e power. It May still be
asked how thick the wall of a hollow conductor.
must be to develop the same amount of biat as the '
solid conductor ,with a given total current in both,iti

x
J8840

cases. This might be called the equivalent thickness.
It is then found that the equivalent thickness is
equal to the depth of penetration 2).
Fora is found:

= A,

where e is the specific resistance and A the wave
length. The fact that the layer is thicker with higher
specific resistance is also quite easily understand-
able: the mechanism which keeps the interior
of the conductor free of field acts less perfectly
in a poor conductor than in a very good conductor,
due to the ohmic losses. For copper the depth of
penetration becomes:

oom = 4.10-5 fAcm . . . . (10)

For the resistance of a conductor of circular cross
section one finds:

rw ,e
2

(11)
nRd

instead .of, as in the D.C. case:

1

ro=e nR2

Furthermore for a flat strip (see fig.

rw =
e 2(b+a)6

(12)

(13)

If the 'frequency is not too high, so that the current
is no longer concentrated in a very 'thin layer, the'

38841

Fig. 6. Conducting wide strip. of a length 1, a width b and a
thickness a. The depth of penetration for a high -frequency al-,
ternating current amounts' to because of the skin effect.

formulae. are much more complicated 3) than the
simple exponential law mentioned above. Such
cases are, however, of no importance for our subject,
resonance circuits for very high frequencies.

If there is more than one straight conductor,

2)

Fig. 5. Curient distribution over the cross section of an elec- 2)
tric conductor due to the skin effect. The current density i
varies apriroximately exponentially with the distance x to
the surface of theconductor.'-

In the derivation the phase shifts occurring in the layer
must be taken into account.
See: H. G. Moller, Grundlagen and mathematische Hilfs-
mittel der Hochfrequenztechnik (Springer, Berlin 1940),
who on page 34 also begins with a coil of wide strip and
considers particularly the lower frrquencies.
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or if for other reasons a magnetic A.C. field is
already present, the current density is not the same
at every spot on the surface of the conductor, but
a current distribution occurs such that the field
in the interior of the conductor is again very small.
In order to ascertain on which side of the surface
of the conductor the most current will be encoun-
tered, use may be made of the fact that the current
on the surface is greatest where the magnetic field
is greatest.

Since the magnetic field within the current layer is negli-
gibly small, the line integral in fig. 4 is equal to Hds (the two
sides are perpendicular to H and thus do not contribute to
the line integral); the current enclosed becomes lids when
there is a current it per centimetre circumference of the layer,
so that H is proportional to il. This rule is only useful in cases
where the skin effect occurring does not alter the shape of
the magnetic field outside the conductor too much, but such
cases frequently occur.

Thus in the case of a cylindrical coil the greatest
current density will be found at the inside of the coil
where the magnetic field is strongest (fig. 7). Prac-
tically no current flows on the outside in the case
of long coils.

0 0 0 0 0 0 0

0 0 0 0 0 0 0
.38839

Fig. 7. Diagram of the current distribution in the wires of a
cylindrical coil as a result of the skin effect.

On the basis of a consideration of the coil made
of wide strip - which somewhat unusual type of

. coil is chosen because of the simplicity nf the cal-
culations - and the torus, we shall now attempt
to explain why high -frequency technique, beginning
with the ordinary coil has developed in the direc-
tion of the cavity 'resonator, Lecher -system
and cell -resonator which are always more im-
portant on short waves.

The long coilmade of wide strip

In a long straight conductor (fig. 6) with a length
1, a width b and a thiclpiess a which is, small com-
pared with b, a current 'of sufficiently high frequency
flows mainly through a surface layer of the thickness.

due to the 'skin effect just discussed, so that the
..resistance is

/ .

r"= (14)

This long wide strip -is now -bent to' form a coil of
one turn (fig. 8), forming thus a cylinder with a
thickness a, a circumference 1 = 2nR, When Rre-

presents the radius, and a length b. The result is
that current now flows only on the inside of the
cylinder (with the depth of penetration 6), as in-
dicated in fig. 8, so that the resistance of such a

38842
Fig. 8. Tb,e length of wide strip of fig. 6 is bent to one winding
with a circumference 1 = 27ER, a width k and a thickness a.
Asa result of the skin effect high -frequency alternating cur-
rents now flow only through a layer 6 lying on the inside of
the winding.

coil of wide strip for sufficiently high frequencies
is twice as great as the A.C. resistance for the
straight wide strip of which the coil is made. The
A.C. resistance for the strip bent to a coil of one
winding is therefore

/ 27cR

bb bb
(15)

If the strip is wound to a coil of n turns (fig. 9)'
the same considerations are valid, and the A.C.
resistance becomes:

2rnR

rw = ebd n.
(16)

The self-induction, when the coil is long enough 
with respect to its width, is:

L = 4n2R2 -  10-9 henrys. . . (17)

From forMulae (16) -and (17) for resistance and self
induction of. 4 long coil of wide strip, its quality,
factor follows directly:

cooL 606= = r../Trap , -  10-9
r rw e

(18)

Since 6 is proportional to_45-7070 the quality of the

coil is inversely proportional to 11e and directly
proportional to Vcoo. The latter fact seems to offer
hope for the high frequencies, but this is not the
case. It means that for a given coil the quality be -

38843

Fig.. 9. Straighi coil of wide strip, consisting of n windings with
a radius R, a width b and a thickness a.



JULY 1941 RESONANCE CIRCUITS FOR VERY HIGH FREQUENCIES

conies better at high frequencies - thus smaller
tuning, capacity -- but the difficulty is that for all
kinds of reasons it is often impossible to go lower
than a certain timing capacity so that smaller self
inductions are arrived at. This means according to

a decrease of the radius R with increasing fre-
quency, whereby according to (18) the quality
factor becomes poorer. This effect dominates over
the increase in Q with Vcoo just discussed, so that Q

 actually decreases with increasing frequency.
- In order to allow the radius R to remain as large

as possible at high frequency (small self-induction),
it is advisable to use a coil with relatively few wide
windings. A new source of losses then occurs,
however: the coil begins to resemble a loop aerial
more and more and will give off energy by r a dia -
t ion, which decreases the value of Q in exactly the
same way as the ohmic losses. The torus coil
Which we here include in the discussion exclusively
as a transition to the cavity resonator meets this
objection, and is sometimes actually employed for
this reason.

Strictly, speaking, it is not usually a question of radiation
of tuned circuits, but of induction in more or less poor con-
ductors in the -neighbourhood. Another way besides the one
here described of decreasing these losses consists in placing
the coil in a box of conducting material.

The torus coil

The torus coil is formed from the ordinary cy-
lindrical coil by bending it into a circular ring
(fig. 10), so that the magnetic lines of force are
continuous inside the coil. ,As a result of this the
formulae (16), (17) and (18), which were derived

. -

neglecting the radiation losses for the long straight
coil, are exactly valid, for this case. In order to ob-
tain a good Q even at high frequencies in spite of
the small self-induction, we may therefore make the
windings large but small in number, without in-
troducing appreciably large extra losses. Proceeding
in this way, fewer and fewer windings are used at
higher frequencies, until finally only one remains

Fig. 10. Rectangularly wound torus coil of wide strip, con -
silting of a large number of windings of width b, within which
the magnetic field is enclosed:
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which is just as wide as' the- circumference of the
torus (fig. 11). We then have a torus surface which
is cut open along a dick in its upper surface.

3,9045

Fig. 11. Rectangularly wound torus coil of one winding with'
a width equal to the entire4circumference of the torus. The
coil is cut open on its upper surface along a circular line.

The special form of self-induction L must now
be completed with a capacity to form a high -fre-
quency oscillating circuit. If we do this in the man-
ner represented diagrammatically infig. 12, we haVe
derived the so-called cavity resonator from the
torus coil.

11111111111011011111

L
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Fig. 12. Cavity resonator in which the concentrated capacity C
is introduced against the cover of the resonantor, while the
self induction L is furnished mainly by the two concentric
cylinders which are joined by the bottom of the resonator.

Cavity resonator

In the case of the cavity resonator in fig. ,12 the
capacity C is placed against the cover 'of .res-
onator. - The high -frequency alternating currents
to and from the condenser plates flow through the
axis, the bottom and the inside of the outer wall'.
The electrical and magnetic fields are both therefore
inside the resonator:

It may in general be said of the qudlity factor
of such a circuit that it is proportional to the quo-
tient of volume and surface of the resonator. -Al-
though the cavity resonator is not large compared
with the wave length, this is entirely analogous
to S abine's law about the reverberation time in a
room. This reverberation time in a room which is
large compared with the wave length of the 'sound
is proportional to the quotient of the volume and
the sound absorbing surface. The reverberation time,
is the, damping time and therefore inversely, pro-
portional to 'the logarithmic decrement, i.e. pro-

,
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portional' to the 'quality fa'etqr Q uccoiding W./ for ':ieSOnances- when the core his 'entirely disappeared.
mula (8). -FOrinfila (18) 'for the quality'faelor. of a Such a system is 'called 3a resonance cavity  (cf.
torus coffis'in-coMplete agroeineht with this general- -; fie 14)" -

statement, because according"to '-'thaet fo-rmidS Q ' Wey have" then, however, adopted a whole new
' is proportional to the radius R of the forus.
to the quotient -of volume and surface.

. Meanwhile it-.7-inust be kept in mind that .,this
statement only forms a- guide and must be used with

.1.
care. The proportionality factor als'o Tdontains cer-
tain other quantities which take`':into account the
shape of the space, especially 'When it is small with
respect to, the W:ave length., It therefore serves, no"
useful purpose to increase ,the volume by making
the core thinner," -on the contrary, `the higher ohmiC
resistanceNhichwillthereby be caused will quickly
make the value of, -Q considerably worse. It` -can,
however, he that' long thin resonator models
are poorer than' lesS --`Square" ones, since

lia`the latter ve-, a much more fairOurable relation
between volume -and `surface 4).

In order to reach a high impedance it is 'of still
greater unportance, than for :attaining very"good
quality to make the self-induction large, since
Q o,)L/r and R = LICr = o)21,21r. This is why
in cases where one is not bound for some reason
or other to a minimum capacity, the condenser of
the cavity resonator must be made as small as pos-
sible. The introduction of a specially concentrated
capacity as in fig. 12 will then finally be omitted,
and only a more or less shortened core is retained.
If its length is fairly large compared with the diam-
eter of the resonator the system becomes that of
two Concentiic conductors, which is usually called
a concentric Lecher system, fig. 13. The di-
mensions of our "circuit"_ are now no longer small
compared with the wave length, on the contrary,
the resonance wave length is found to be only about
four times as great as the length of the "core" in

 fig. 13; as follows from the theory of Lecher
systems; to which We shall return in a coming
nuMber of this periodical.

The attempt to increase still further the ratio
betWeen volume .and surface leads to inerea"sing
the 'diameter of the concentric Lecher system.
The relative thinness of the core, however, stands
in. the way of any considerable improvement in Q
due to its high ohmic losses: 7 ' .

It is found that when we haVe increased the diam-
eter of the resonator until it has the same order
of magnitude as the wave length; we then still find

s -

If one studies in detail what is the best model one does not
find that the, diameter should be exactly equal to the
length, bUt neither does one arrive at very long or flat
models.

grOup of  concepts in Our Considerations. From
the moment when we decreas'e the capacity of the
Cavity' resonator add therby 'increase the self-in-
duction so much that'all the' dimensions are no longer
small With respect to the wave length, the phenom-
ena are no .longer quasi -Stationary. -r

38817

Fig. 13. Concentric Lecher system consisting of a closed
metal cylinder with an empty core projecting inwards. The
system resonates for a wave length ;. which is about four
times the length of the core.

Quasi -stationary and non -quasi -stationary -

Stationary, quasi -stationary and non -quasi -sta-
tionary phenomena may be distinguished. Station-
ary phenomena are spoken of in the case of sys-
tems which are at rest (electrically and magneti-
cally). They are still considered to be at rest when
a direct current flows. In this case concepts occur
such as resistance, capacity and self-induction,
which are defined perfectly unambiguously, and the
current in a satisfactorily insulated condUctor is the
same at all points. In quasi -stationary phenomena
the state'of rest is disturbed; the currents and volt-
ages are not the same at each moment. The current
in a conductor. is indeed still the same through
its whole length, and as long as all changes take
place " slowly enough, concepts 'such as capacity
self-induction and resistance retain- their signif-
icanCe. In the equations which describe the phe-
nomena which take place in this region, total
differentiations with respect to time occur.

What must be understood by "slowly enough"
becomes clear upon studying the phenomena which
are indicated as non -quasi -stationary. The so-

called displacement current which leaves the con-
ductors laterally now begins to play a part, so that
the current through the conductor is no longer the
same at all points. The equations begin to contain
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Fig. 14. An L.C. circuit, cavity resonator, Lecher system and resonance cavity, all
of which are tuned to a wave length of about 1 m, are shown side by side for comparison
of their dimensions in this photograph. In the middle of the front wall of the resonance
cavity may be seen the connecting wires for the loop situated inside the cavity for the
purpose of bringing it into resonance.

partial differentiations with respect to time, their
solutions take on a wave character, and we are now
also able to define more sharply the "slowly
enough" of the foregoing paragraph. When the
dimensions are no longer small with respect to the
\rave length the phenomena are no longer quasi-
,tationary. In cases in which one dimension is of
the order of the wave length, while the others are
much smaller, one might speak of semi -qua si-
stationary. The Lecher system is an example of
this.

In "semi -quasi -stationary" systems a certain
significance may still be ascribed to the concepts
capacity and self-induction, if they are considered
for not too long sections of the system at once. In the
entirely non -quasi -stationary systems, to which
belong resonance cavities, there can be no question
of this.

For the sake of completeness it must be noted that the
criterion "large compared with the wave length in a vacuum"
is not decisive in all cases. The skin effect for example, where
the density and phase of the current depend closely upon
position, is a non -quasi -stationary phenomenon, in spite of
the fact that it takes place in a layer which is very much
thinner than the wave length.

Lecher systems

In our survey of the different types of resonance
circuits which are used in short wave technique we
have encountered the concentric Lecher system
but not the ordinary Lecher system. This is
because we were chiefly concerned with the problem
of keeping the value of Q satisfactory while
passing to shorter and shorter wave lengths. In
the meantime there are many cases where it is
more a question of the impedance Z. This quantity,
Zmax = L/Cr = co2L2Ir may still be very satisfac-
tory while Q = aiLlr is only moderately good, at
least when L is large enough, which means that C
should be able to be made small enough. In that
case it is advantageous to use the ordinary Lecher
system, which consists of two parallel conductors
with a short-circuiting shunt which may be moved
back and forth along the conductors. Although the
Lecher system is not a quasi -stationary system,
and one may not therefore speak of self-induction
and capacity without some reservation, it is neverthe
less clear that the system contains relatively, little
"capacity", and due to the fact that currents flow
in opposite directions through the adjacent con-
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ductors, the radiation remains quite small without
further shielding, so that the loss resistance does
not become too high. The fact that the Le cher
system has found such extensive application is due

 not only to the high value of Zmax, but also to the
fact that resonance occurs when the length of the
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system is a whole number of quarter wave lengths,
so that it can be used as a wave meter in a very
simple way. We shall devote a subsequent article
to the properties of the Lecher system, and shall
therefore not .go more deeply into the question
here.

ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS OF THE
N.V. PHILIPS' GLOEILAMPENFABRIEKEN

An adequate number of reprints for the purpose of distribution is not available of those
publications marked with an asterisk. Reprints of other publications may be obtained
,on applications to the Natuurkundig Laboratoriuth, N.V. Philips' Gloeilampenfabriken,
Eindhoven (Holland), Kastanjelaan.

1535: W: Nijenhuis and F. L. Stumpers: On
soineproperties of electrical networks (Phy-
sica 8, 289, Feb. 1941).

The relation between the real or imaginary part
of an impedance function and' the function itself
is derived, with special attention to transmitted
impedances. As a result of these considerations two
special types of electrical Connections can be
distinguished, namely those in which the modulus
and those in which the phase of the impedance does
not depend upon the frequency. The practical con-
struction of such networks is discussed in the ar-
ticle. In conclusion several general properties are
discussed of the, variation of the phase with fre-
quency.

1536: J. van Niekerk and M. S. C. Bliek: Het
geneiende effect van groote doses bestraald
provitamine D van dierlijken ' oorsprong
eenmaal, oraal of intramusculair, toegediend
bij rachitis. (The curative effect of large
single doses of irradiated provitamin D
of animal origin, administered orally or in-.
tramuscularlY, in. the Case of rickets).
(Ned. T. Geneesk., 85, 860-867, Mara 1941):

As a continuation of the experiments described
in 1532, it is now shown that by administering a

single large dose, of vitamin D of animal origin to
chicks orally, or injecting it into a muscle, rickets
can be cured. With the amounts used in. these' ex-
periments no noticeable difference in action could
be observed for the different methods Of admi-
nistration of the vitamin. The duration of the cure
does not seem to depend upon the quantity used in
nor upon the manner of administration. 'For insuring
further normal calcification of the new bone tissue
these conditions are, however, of importance. If'
the vitamin D is injected into a muscle a much --
smaller dose is sufficient when it is a qaestion of
preventing rachitic lesions after the cure is com-
pleted. If it is a question of curing rickets with a:
single dose of vitamin D, therefore, it is advisable
to inject 'it into a ,muscle.

Contents of Philips Transmitting News 8, No. 1,
March 1941.

H. B. R. B oosman and R. P. Wirix, Trans-
mitter and receiver tuning components.

5 kW tropic proof shortwave broadcast trans-
mitter.

Tj. D oum a, Resonance of circuits and lines.
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SMALL APPARATUS FOR MEDICAL ,X-RAY EXAMINATION

by H. A. G. HAZEU.

A description is given of the connections and construction of two small portable X-ray
apparatus for medial diagnosis, the "Centralix" and the '"Practix". The low -power
appliances are used in cases where the patient to be examined cannot be transported
to the X-ray laboratory of the hospital, and also for cases where it is unnecessary to use
high intensities of X-rays (photography of the teeth, etc.). In such small apparatus the
X-ray tube and the high -voltage generator are constructed as a single unit. In the "Cen-
tralix" apparatus this has been done by giving the iron of the high -voltage transformer
the 'shape of a hollow cylindrical ring, in the cavity of which the windings are placed
and in the axial core the X-ray tube. This gives a very compact and light unit. In the
case of the "Practix", for the sake of a better heat dissipation, a less compact structure
has been chosen; a heat balance shows that this apparatus may very well be used for
continuous routine work (fluoroscopy). The two appliances maybe used either without
special supports or in combination with diffeient specially constructed standards, some
of which are portable.

The visitor to -the X-ray laboratory of a modern
hospital will generally be impressed by the large
and seemingly complicated .apparatus which he
finds there: large X-ray tubes, supported by
heavy standards, large high -voltage generators,
heavy cables, complicated arrangements for placing
the patient and the film holder in position, etc. 1).
The fact that such large apparatus has been found
necessary in the development of X-ray technology
is due to the desire to be able to obtain the best
possible X-ray pictures in all cases, even for parts
of the body which are difficult to photograph, such
as lungs, stomach, pelvis, etc. For these purposes
high X-ray intensities and thus high -power appa-
ratus are required.

Because of its size and weight this apparatus is
more or less bound to a permanent position and
it is necessary to bring the patient to the apparatus
in question and to place him in a certain position
in relation to the apparatus. Often enough, however,
cases occur in which this is impossible. It is only
necessary to consider patients with serious frac-
tures, with fractures to be treated by extension,
patients who are confined to bed in their homes, etc.
In order, nevertheless, to be able to make an X-ray

1) See for example H. A. G. Hazen and J. M. Ledeboer.
A universal apparatus for X-ray diagnosis, Philips techn.
Rev. 6, 12, 1941.

621.386.1:616.073

examination in such cases, the doctrjr will be
Willing to' accept a lower standard of quality in the
X-ray picture or of universal applicability of his
X-ray apparatus, if he can have an apparatus which
is portable and which offers the necessary freedom
in setting it up.

On the other hand there are also cases where ease
in moving and adjusting the apparatus -. although
always an advantage - is not strictly necessary,
but where only such  row X-ray intensities are
needed that the . use of a high -power apparatus
would be extravagant. This is true for instance
of the X-ray examination of the jaw and teeth
by the dentist.

For theie cases in which either willingly or
unwillingly the doctor must accept a lower X-ray
intensity, Philips have been one of the first manu-
facturers to develop portable X-ray apparatus
of low power (the first was the "Metalix" Junior
apparatus which appeared on the market in 1927).
At present mainly two appliances of this type are,
being made, and they will be described in the
following. .

General construction of X-ray apparatus

It is clear that appliances of high power will be
large and those of low power small. But for a better.
understanding it is useful to point out the reasons
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for this on the basis of a survey of an X-ray instal-
lation.

The X-ray tube which works with  voltages
up to 100 kV in medical diagnosis, must in the
first place be large enough to ensure the required
high -voltage insulation, in particular that between
the anode and the cathode leads. The dimensions
become greater when the tube is surrounded by an
earthed jacket for the protection of doctor and
patient, since the necessary insulation distances
Must be maintained between jacket and leads.
Furthermore, when the tube is intended for con-
tinuous use (fluoroscopy) it must also have a suf-
ficiently large surface to dissipate the heat developed
on the anode without excessive rise in temperature.

The size and weight of the high -voltage
generator are determined, besides by the above
mentioned requirements of insulation and heat
dissipation, to a large extent by the desire to
keep the heat development low, for' which purpose
a heavy core and heavy windings of the high -
voltage transformer are necessary. At the same
time this heavy construction of the transformer
is also desired in order to limit the voltage losses
Which occur 2) when large tube currents are taken
off (up to 700 mA in large installations). In general
the A.C. voltage,, after having been transformed
upwards, is rectified, since by this means the yield
of X-radiation Per mm2 surface of the focus can
be considerably improved.

In order to be able to adjust the X-ray tube
sufficiently easily it is connected to the poles of
the fixed generator by means of two long flexible
high -voltage cables. As to the further acces-
sories such as standards, regulation arrange-
ments for voltage, current, time of exposure, etc.,
they become proportionally larger and more compli-
cated as higher and higher requirements are made
of the performance and universal applicability
of the installation.

If our requirements are lower, then in the first
place' a lower tube voltage and a smaller tube cur-
rent can be used. If the voltage is limited to 60
of 65 kV instead of 100 kV it is impossible to go
much lower since the efficiency of the 'excitation
of the X-rays and the penetration of the rays
becomes too small - tube and generator become
considerably smaller, since the insulation difficultie's
increase much more rapidly than the voltage. The
tube current can for many purposes be limited to
10 or 5, mA 3); the high -voltage generator then

.2) This is of special importance for' the fine regulation of
the tube voltage; see in this connection the article referred
to in footnote 1).
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becomes much smaller and lighter, especially when
we do not make too great demands as regards the
specific focal loading, and therefore omit the high -
voltage rectifier with the necessary valves and
other appurtenances.

When the tube and the source of high voltage
have been reduced in this way to more modest
dimensions it is only necessary to consider the
cable, because the other parts of the installation
have meanwhile disappeared automatically or
have shrunk in size appreciably. The support for
the patient is automatically eliminated in the appli-
cations for which the apparatus is intended, the
standard for the tube becomes smaller and lighter
in proportion to the tube itself, and the arrange:
ments for regulation also become much simpler
when we confine ourselves to less difficult objects
and thus make fewer or no requirements as to adjust -
ability of the voltage, etc. The dimensions of the
high -voltage cables, however, and of their leads
through the earthed covering of the tube are mainly
prescribed by the necessary insulation, and have
thus participated only to a limited extent in the
shrinkage of the generator. While the cable was
originally introduced, in order to be able to adjust
the tube easily free of the generator, it is now found
that, from a given power value on, the cable itself
becomes heavier and offers more hindrance to
manipulation than the generator ! It is obvious
that having reached this limit of power it is better
to omit the cable and combine the high -voltage
transformer and the tube to a single unit. The
necessary electrical energy can be supplied to the
"unit" thus obtained from the light mains by

-means of a thin low -voltage cord.
This fundamental principle is realized in two

different ways in the small Philips apparatus.
We shall first consider the simpler apparatus, the
"Centralix".

The "Centralia" apparatus
The connections

In the construction of this apparatus especial
attention was paid to its application in the dentist's

3) In fact the quality of the X-ray picture need not imme-
diately depreciate very much upon decrease in the tube
current. A smaller tube current makes it possible, with
the same maximum specific focal loading, to use a smaller
focus (with a smaller focus the specific focal loading even
becomes slightly greater due to the lateral heat dissipation
in the anode block): Because of this for the same geomet-
rical lack of definition, the distance between focus and

. object can be reduced, thus obtaining a greater X-ray
intensity on the film. When the object is thick, however,
an increasing distortion of the X-ray picture results. With
thin objects, such for example as the jaw and teeth. hands,
etc. this distortion is of no importance.
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practice. In this application the same tube voltage
of about 58 kV can always be used. Since in jaw
exposures the distance between focus and film can
be made very small (15 to 20 cm, with a focus of
1.2 X 1.2 mm, see footnote 3)) a tube current
of 5 mA is sufficient to be able to work with reason-
able exposure times (several seconds maximum)
in all cases occurring.

While in apparatus with adjustable voltage and
current a separate heating current transformer is
necessary in order to be able to vary the tube current
(i.e. the cathode emission) independently of the
tube voltage, in this case, where only one current-
voltage combination occurs and the heating voltage
thus has a fixed relation to the tube Voltage, 'the
filament can be supplied from a pair of extra wind-
ings on the high -voltage transfOrmer. The con-
nections thus become extremely simple, see fig. 1.
The secondary winding of the high -voltage trans-
former is earthed at the middle, so that each pole
need be insulated for only half of the voltage (about
30 kV). At the cathode pole the extra windings S3
for the heating current are added, as well as a small
resistance Rl with which the heating' current is set
at the correct value upon assembly of the 'whole.
The primary winding of the transformer is con-

. nected to the 220 V mains via a switch which is
operated by means of a timing device. With this
timing switch, which may be compared with the'

. shuttei. of a camera, the exposure time is regulated.

220Vti
-G

39159 "

Fig. 1. Connections of the "Centralix" apparatus. B X-ray
tube with anode A and hot cathode G; Si. primary,
S2" secondary windings of Ahe high -voltage transformer,
S, extra windings for the filament current; R1 regulation
resistance for the heating current (regulated in the factory);
P mains switch operated by a relay. Upon switching on, the
resistance R, is first in series for several tenths of a second,
and the voltage and current of the tube are slightly below
normal, so that practically no X-radiation is excited, while the
filament already nearly reaches the full required temperature.

The transformer

A nice solution has been found for the problem of
combining the X-ray tithe and the transformer. It is
illustrated in fig. 2. Fig. 2a shows the simplest
.and most commonly used form of a transformer
(so-called ,core transformer): the primary and
secondary windings are wound around an iron
core which- is continued in the form of a yoke

around the coils to give a closed magnetic circuit.
:The yoke can also be divided into two parts and the
second half can pass around the other side of the

b)

d)

39165

Fig. 2. By subdivision of the yoke of the ordinary core trans-
former' (a) one arrives, via the shell transformer (h) at the
cylindrical construction (c), from which by leaving  a cylin-
drical opening at the axis the form of the "Centralix". appa- '
ratus is °derived (d).

coils, see fig. 2b (shell transformer). In this case
it is found that less iron is needed for a given induc-
tion. Still less iron is used when we go a step farther
and divide the yoke into a large number 'of parts
whirl surround the coils radially, see fig. 2c. In
the "Centralix" apparatus this last method is,
actually followed, but with a space left free along
the axis of the cylindrical structure formed. The
X-ray tube is housed in this space, fig. 2d. In this
way an extremely small and compact whole' is
obtained.

In fig. 3 the construction of the transformer is
given in somewhat more detail. The two. halves of
the secondary winding lie side by side as two sepa-
rate coils around the cylindrical iron core, and
the earthed extremities (i.e. the middle of the ,

secondary windin0 lie closest to the iron. In the
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successive layers of the winding the voltage be-
comes ,higher and higher and the' outermost layers
finally carry the full voltage of about 30 kV with
respect to earth, so that here the two coils for
'about 30 kV with respect to the iron and for

- The .iron core is 'built up of laminae on planes
through the axis, so that the diagram in fig. 2c
of aniron- circuit divided in many independent yokes
is actually realized. The laminae do not -fill the
whole circumference but leave a small, sector

Fig. 3. Cross section of the "Centralix" apparatus. The X-ray tube B placed at the axis
is drawn with fine lines. T transformer core in the form of a cylindrical hollow ring. Si
low -voltage, S5' and $2" high-yoltage windings. C "Philite" cylindeks,D, and D2 anode and
cathode leads.

aboit 60 kV with respect to each other must be
insulated. For the insulation between the coils
'and the iron a relatively small diStance was already
'enough, because of the fact that the side of the
iron facing the coils forms a completely- smooth
cylindrical surface with no corners or edges which
might cause local increases of the field strength.
In order, however, to be able to reduce the distance
still further and thus make the iron body still
smaller for the same volume of coil, each coil was
surrounded by a' "Philite" cylinder (C in fig. 3),
,while the intermediate spaces were poured full of a

:solid insulating mass (compound). In order to
obtain the _necessary mutual insulation distance
between the tops of the two coils, the coils are
.wound with a cross section Which becomes'narrower
toward the outside (trapezium -shaped). As ..may
be seen in fig. 3,. a V-shaped opening thus auto-
matically occurs in .they' longitudinal cross .section,
which- is :necessary in 'order to allow .the. passage
of the effective beam of X_ -rays from the tube lying
inside. The X-rays emitted in other directions are
cut off by the transformer, so that no special lead
jacket, is necessary for protection against these
rays. This is an extra advantage of the ,method of
construction here chosen with the tube and trans-
former combined, as is also the fact that the focus
of the tube now lies close to the centre of gravity
.of the whole unit: because of this the focus remains
in the- same spot when the apparatus is suspended
on a standard and rotated and this makes the
adjustment easier.

open (fig.. 3) through which the leads D1 and D2
for the connections of the high -voltage winding
are laid to the X-ray tube. At the same time this
leaves the necessary opening in the transverse cross
section for the passage of the effective X-ray beam.

The X-ray tube

The tube itself is shown in cross section in fig. 4.
It is of the usual construction of Philip's tubes in
which the space between cathode and anode (dis-
charge space) is surrounded by an earthed metal
cylinder. This cylinder is here made quite long, in
order to ensure adequate protection of the glass

Dt
4
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I
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Fig. 4. Cross section of the X-ray tube of the "Centralix"
apparatus. A anode, G filament surrounded by cathode cap;
M earthed metal cylinder, V window for the X-rays, I bent
glass insulation sections.

parts of the tube against secondary electrons. In
order to obtain sufficiently long paths for creeping
discharges between the metal cylinder and the
electro.des without lengthening the tube, the glass
sections of the tube which connect these pang
mechanically and separate them' electrically are
bent as shown in fig. 4. In this way a very short



'AUGUST 1941 SMALL APPARATUS FUR X-RAY EXAMINATION 2Z9

Fig. 5. X-ray tube of the "Centralix" apparatus, designed
for a tube voltage up to about 60 kV and a tube current up
to about 10 mA.

and sturdy tube is obtained, see fig. 5. Especial
attention had to be paid to the insulation between
the tube electrodes and the iron core of the trans-
former. In order to obtain at all points the neces-
sary distances via glass and air between the earth
potential plane (the iron core) and the leads at high
voltage, the cylindrical opening of the transformer
body has at both ends the funnel shape visible in
fig. 3. Moreover, the leads are here again covered
with compound.

A remarkable feature of the tube is the construction of the
cathode. An ordinary X-ray tube works so far in the saturation
region of the cathode emission that at 1/3 of the maximum
working voltage the tube current already reaches its peak
value, see fig. 6a. The result is that over a large part It

of the period of the alternating current there is a considerable
dissipation of energy, while because of the sharp increase in
the efficiency of the excitation of the radiation with the
voltage, it is only in the neighbourhood of the peak value of

b)
.e

eo

e

/

/

of

the A.C. voltage that any appreciable X-radiation is obtained.
By placing a cathode cap of a certain form (a kind of "grid")
around the filament, the effect of the space charge which
tends to retard the emission of the filament, can be so much
increased that only close to the peak value of the tube voltage
does the maximum tube current begin to flow, fig. 66. The
ratio between the total X-ray energy and the total anode
load is hereby considerably improved. This device can of
course only be employed when about the same tube voltage
is always used, as is the case with the "Centralix" apparatus;
in the case of an ordinary tube which works with very widely
diverging tube voltages, it must still work in the saturation
region of the emission at the lowest voltage used, so that a
situation like that in fig. 6a is automatically excluded at the
highest voltages.

Method of suspension and use of the apparatus

The tube and the transformer are surrounded by
a smooth chromium -plated jacket, while the cylin-
drical body thus obtained, which can be rotated
about its axis, is hung in a metal fork, see fig. 7.

e, Fig. 7. The "Centralix" apparatus together with relay switch
mounted in a fork and provided with "Philite" cone for
directing the X-ray beam.

39160

Fig. 6. a) Cathode emission (tube current) i as a function of
the tube voltag: e in a normal X-ray tube. The maximum tube
voltage eo lies so far in the saturated region that the tube
current has the saturation value over a large part At of the
period T of the A.C. voltage supply.

b) Same as in (a) for the tube of the "Centralix" apparatus.
The tube current now only reaches its saturation value when
the A.C. voltage is near its peak value. The radiation yield
is thus better than in (a).

On this fork is also the relay switch which can be
set at exposure times between 1/4 and 12 seconds,
and which is operated with a continuous release such
as is used in cameras. Over the opening through
which the X-rays are emitted a "Philite" cone is
screwed, by means of which it is possible to ascer-
tain whether the central ray of the X-ray beam
is directed upon the object. This device for the
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directing of the beam is necessary because in this
case, in contrast to the case of the ordinary large
X-ray apparatus, there is no fixed relative orien-
tation of film, object and focus. The elimination
of this fixed orientation was the main object in the
construction of the small apparatus. Instead of the
cone a lead glass or metal tube can also be used,
which at the same time limits the lateral spreading
of the X-ray beam, or, with greater distances be-
tween focus and film, a telescopic centring rod.
This latter must of course be removed during the
exposure.

Since the apparatus (without fork) with a longest
dimension of 25 cm weighs only 12 kg, it is often
possible to improvise some kind of support for it
when it must be carried about. For use by the
dentist the apparatus can be hung on a movable
standard or on a wall bracket which can be extended
and turned in all directions. In photographing the
jaw the film is placed in the patient's mouth and
pressed against the teeth to be photographed. Fig. 8
shows a photograph which was taken this way with
the "Centralix" apparatus.

39105

Fig. 8. X-ray photograph of teeth (back right of lower jaw),
obtained with the "Centralix" apparatus. The extent and
position of the metal fillings is very clearly visible.

The "Practix" apparatus

In making a compromise between required per-
formance and permissible size of an X-ray instal-
lation, the emphasis may of course be laid as desired
more on the one or on the other feature. In the
case of the "Centralix" the emphasis was laid much
more on obtaining a small and simple unit. Expe-
rience has, however, shown that there is also need
for an apparatus where the emphasis is more in the
other direction: i.e. an apparatus which may still
be taken to the patient and adjusted, but which
for the rest may be somewhat larger and more
complicated in order to permit a correspondingly
greater versatility. This involves not only the
desirability of being able to make exposures with
a somewhat larger and an adjustable current, but
particularly that of being able to use the apparatus
in fluoroscopy. The "Practix" apparatus meets
these requirements.

The connections

This apparatus is designed for two voltages,
namely one of about 60 kV which is used for
photographs of the skull, shoulder, vertebrae, etc.
and one of about 52 kV for photographs of the jaw,
etc. 4). The higher'voltage is obtained very simply
by introducing a tap on the primary winding, thus
increasing the transformer ratio. In this case,
however, the filament of the X-ray tube cannot
be supplied directly from a winding on the high -

voltage transformer, since at the lower voltage
stage the filament voltage would then be 20 per cent
lower and the cathode emission (the tube current)
therefore about 90 per cent lower than at the higher
voltage stage.

220V I.,
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Fig. 9. Connections of the "Practix" apparatus with two
voltage stages for photography. On the primary winding S,
of the high -voltage transformer two taps 1 and 2 are intro-
duced between which a selection is made with the switch N,.
The correct tap on the series resistance R4 of the auxiliary
transformer Th for obtaining a tube current of 10 mA in each
case is hereby also selected. With the switch N, one switches
over to "fluoroscopy", whereby automatically a third tap
on R4 reduces the current to 3 mA. R, is a damping resistance,
the remaining letters have the same significance as in fig. L

In order to avoid this, in adjustable apparatus,
as was mentioned above, a separate heating current
transformer is used. For the sake of saving weight
and space in our case, however, a different method
has been followed which is illustrated in the diagram
of the connections, fig. 9. The filament voltage is
supplied mainly by a winding S3 on the high -
voltage transformer. In series with this is a small
auxiliary transformer Th, whose primary winding
is connected to the mains via a resistance R4
with different taps. By connecting in series a large
part of R4 at the higher voltage, and a small part
at the lower stage, the small transformer Th
supplements the filament voltage each time to
exactly the desired value (tube current 10 mA).
Since Th only has the character of a correction

4) The lower voltage stage is omitted in the apparatus
designed especially for dentists, since the higher stage is
sufficient for photographs for ordinary diagnostic purposes.
The commutation for fluoroscopy desrihed further on,
however, is retained.
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element, it may have a very light construction
(see below).

In fig. 9 it may be seen that the choice of low
or high expOsure voltage is made simply by moving
the switch N1. A second switch (N2) serves for the
transition from "photography" to "fluoroscopy.".
The high -Voltage transformer is hereby connected
-to the tap (I) for low voltage (via a damping
resistance R3), while at the same time by a tap
on R4 the tube -current is set at a smaller value than
for photography, namely at 3 mA (since with this
smaller tube current the voltage losses in the trans-
former, etc. also become smaller, the voltage is not
about 52 kV in fluoroscopy, but about 57 kV).
This decrease in tube current is possible since in
fluoroscopy a lower X-ray intensity is: sufficient 
and it is desirable since it would otherwise become
much more difficult to limit the heating up of the
apparatus to the necessary, degree.

The 'construction

In order to keep the temperature of the appa-
ratus sufficiently low in fluoroscopy, it is necessary
to limit the losses in the transformer as much as
possible, but at the same time to provide for a
good heat dissipation from the transformer and the ,

tube. This consideration made it necessary to give
up the elegant, construction principle of the "C_en-
tralix". In this case as far as the dissipation of heat
is concerned, the situation is very unfavourable
for the tube mounted inside the transformer as well
as for the windings which are carefully, insulated
and shut up inside the hollow transformer, while
at the same time the solid impregnating material,
with which the windings as well as the ends of the

.

tube are covered in order to limit the necessary
insulation distances, may 'offer difficulties upon
long continued heating; cavities Allay occur in the
compound due to expansion and contraction, which
cavities constitute a danger to the insulation 5).

For these reasons the classical core transformer
of fig. 2a was,again used in the "Practix" apparatus,
and oil was used as insulation material instead of
compound. Thanks to the high breakdown stability
(at higher temperatures also) of the oil the con-
struction may again be made very small. While the
filling with oil involves a greater weight of the
apparatus and causes a ' structural . complication_
in the necessity of an oil -tight seal, there is the
advantage that the heat dissipation is greatly
facilitated by the oil.

Fig. 10 shows a cross section of the whole appa-
ratus. The X-ray tube, which is identical with that
of the "Centralia" apparatus, is fastened against
the free arm .of the*transformer core. A lead jacket
around the tube provides the necessary protection
against undesired rays. Beside the tube is the auxili-
ary heating, current transformer (Th in fig. 9),
which could be constructed with a simple straight
core (thus with an open magnetic circuit) because
of the low power required, around which, separated
by an insulating tube are the low and high -voltage
windings. The whole is immersed in' oil and sur-
rounded by an earthed jacket .-whichl is soldered
in order to provide an oil -tight seal...The filling with
oil (impregnation) takes place in a vacuum in order

5) In the "Centralia", which is used mainly for photography,
the heating effect is so small that it presents no difficulties,

' mainly because of the fact that the compound is only
used here in thin layers in which no appreciable cavities
can be formed.

0

Fig. 10. Construction of the "Practix" apparatus. The high -voltage transformer has a core
T of the ordinary form (square with alniost square cross section) lying obliquely in the
apparatus. On one arm of the core which lies about at the axis of the apparatus are the
windings S,, S,' and S,"; against the other arm the X-ray tube B surrounded by a lead
jacket L is fastenend, and to this in turn the auxiliary heating current transformer Th.
The whole is immersed in oil and surrounded by the earthed mantle M. U are flexible cans
to allow for the expansion of the oil, 0 switch for protection against overheating.
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to avoid the presence of any residues of air and
moisture which would be harmful to the insulation.
Since with the tperature changes to be expected
(--10° C in the winter, to +60° C after long con-
tinued fluoroscopy, for example) volume changes
of about 5 per cent in the oil must be taken into
account, accordion -shaped cans of very thin metal
are attached to the side walls of the apparatus
(fig. 10), which permit a motion of the bottoms of
the cans of several millimetres and in this way the
necessary expansion of the oil.

The heat balance of the apparatus

Due to the fact that the oil is set in motion by the
heat during use, it may be assumed that the heat
developed in tube and transformer will be distrib-
uted quite uniformly throughout the oil and thus
over the whole apparatus. The power dissipated
in fluoroscopy amounts to 166 watts (namely 131
watts in the tube and 35 watts in the high -voltage
transformer and in the heating current circuit),
while the surface of the apparatus is 1 600 cm2.
If we count on a heat dissipation of 10-s W/cm2 °C,
which corresponds to that found in power oil -
transformers, it will be seen that upon continuous
use the temperature will rise until it is 166/1.6 =
104° above room temperature. Such a temperature
increase could not of course be permitted; but
actually it never reaches that point for two reasons:
in fluoroscopy the tube is not actually in continual
use, but there are occasional pauses, for instance for
adjustment and for questioning the patient being
examined and for calling the next patient. If the
apparatus is switched off during these pauses which
consume almost as much time as the fluoroscopy
itself - and it is desirable to do so in order to
expose the patient as little as possible to the
X-rays - the watt consumption is reduced by one
half, and the final temperature of the apparatus
is limited to 20 + 104/2 = 72° C with a room tem-
perature of 20° C. Moreover, it takes considerable
time before this final temperature is reached, be-
cause of the heat capacity of the apparatus.
The total heat capacity, i.e. for the oil and metal
parts together, amounts to 2 400 cal. Beginning
with the cold state (temperature To) the temper-
ature of the apparatus T varies as follows:

T-To = (Tmax-To) . (1-e-tie),
where t is the time, Tmax-To the above calculated
final temperature increase (104 or 52°) and e is the
quotient of heat capacity and heat dissipation per
second and °C. From this it may be calculated
that in the intermittent use referred to (ordinary

Fig. 11. The "Practix" apparatus mounted in a fork with
"saucer" and handle. On the right the hand switch which
contains the switches N1 and N2 for the two voltage stages
and for fluoroscopy, as well as the timing switch and the
resistance R4. In the foreground a telescopically extensible
rod which can be fastened to the window of the X-ray tube
for directing the beam and several diaphragms and filters.

fluoroscopy) and with the relatively high initial
temperature of 25° C, a temperature of 60° C,
which is permissible, is only reached after nearly
2 hours.

It is of course necessary when, as in this case,
the gain in heat is greater than the heat dissipation,
to introduce a safety device to prevent overheating
of the apparatus during long continued use. This
could very easily be done by means of the accor-
dion -shaped cans on the side walls mentioned above,
which are compressed when the oil is heated: on the
movable bottom of one of these cans there is a
lever which at a given displacement, corresponding

Fig. 12. Fluoroscopy with the "Practix" without the use
of a standard (examination of leg fracture).
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to the highest permissible temperature operates
a switch which interrupts the current supply to the
high -voltage transformer. A temperature of 60° C
is usually chosen as permissible limit.

The above calculation was found to be confirmed
satisfactorily upon use of the apparatus in routine
fluoroscopy examinations of the Medical Depart-
ment of the Philips Plant. In this case for example
in 1 hour and 40 minutes 70 persons were examined
without the automat coming into action.

Method of support and use of the apparatus

The apparatus soldered into its housing is 30 cm

Fig. 13. Method of supporting the "Practix" with its saucer
in the groove of a portable folding four -legged standard
(lung photograph in patient's own home; lung photographs
of satisfactory quality can be made with this apparatus).

long and weighs 14 kg. Like the "Centralix" it is
mounted in a fork in such a way that it can rotate
about its axis, see fig. 11. The relay switch which
regulates the exposure time in the same way as
in the "Centralix" is housed with the two switches
Nl and N2 in a so-called hand switch. In this hand
switch is also the regulation resistance R4 (see
fig. 9), with which, without opening the apparatus Fig. 15. Control photograph of a so-called nailing of the neck
proper, the tube currents for photography and of the femur taken with the "Practix" apparatus during the

operation. The photograph shows that a good picture can also
fluoroscopy can be further regulated if necessary. be obtained of such a relati'ely difficult object.

Fig. 14. The "Practix" apparatus, together with the folding
four -legged standard and other accessories are housed in a
small case.

Although it is also possible to take photographs
with the "Practix" with improvised supports and
also to use it for fluoroscopy in this way (fig. 12),
for most cases it is nevertheless desirable to be
able to fasten the apparatus to a standard. Great
care was devoted to satisfying this desire without
sacrificing the primary requirement of portability
and adjustability in the case of a patient who cannot
be moved. The simplest standard, which can
easily be carried, is a folding four -legged one
with extensible legs ( fig. 13). By means of the
ring with flange under the handle of the apparatus
(so-called "saucer", see fig. 11) the apparatus can
be hung between the two parellel horizontal tubes
of the standard and can then be rotated not only
about its own horizontal axis but also about a ver-
tical axis. When folded, the standard with the
apparatus and appurtenances can be housed in a
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small case ('fig. 14); the total,weight of this, port-
able installation is only 25 kg, so that, for example,
the general practitioner can easily  take it with
him in his car when he visits a patient in the
country.

In addition a somewhat heavier and more conven-
ient standard on wheels has also been developed,
with which the- apparatus can be fixed at. any
desired height between about 30 and 170 cm above
the ground and at 20 to 60 cm distance from the,
column of the standard, while the X-ray beam
can still be directed in any desired direction. Com-

bined with this standard the "Practix" apparatus
is particularly well suited for hospitals and field
dressing stations. It has been in such use for a
year with good results for the examination of
wounded, the checking of the correct position of
plaster casts and extensions, the control at the
operating table of difficult surgical manipulations
(fig. 15) and similar applications. It is the porta-
bility and ease in adjusting the apparatus which
are here found to lead to a wider application of
X-ray examination than would be possible if only
large apparatus are used.

AN APPARATUS FOR THE INVESTIGATION OF SHARPNESS
OF HEARING (AUDIOMETER)

by L. BLOK and 11. J. KOSTER. 534.771

Ear specialists are beginning to make more and more use of electrical apparatus which
give continuous puie tones of variable intensity instead of the mechanical -acoustical
devices which, were formerly used in testing the hearing. Such an "audiometer", which has
been developed from the tone generator GM 2 03'7 described previously, is here discussed.
The method of employment in the determination of the sometimes very low thresholds
of auditory sensitivity makes very strict requirements as to the freedom from interference
of the signal of the audiometer. The measures are described by which these requirements
can be satisfied. A discussion is also given of a number of auxiliary arrangements needed
by the ear specialist in his examination. The results of the examination can be recorded
in the form of an "audiogram" which gives the hearing loss in decibels as function of the
frequency, and which may serve as one of the bases for the diagnosis and subsequent
treatment.

The deviations in the sense of hearing observed
in the case of persons who are partially deaf may
exhibit great individual differences quantitatively
as well as qualitatively. Quantitatively in the degree
of depreciation of the sensitivity of the ear compared
with that of a normal person, and qualitatively
in the manner in which the deviation is 'manifested
for the different pitches. Cases are known for exam-
ple in which it is mainly the high tones which are
heaid poorly, 'and others in which the sensitivity
is decreased only for the low tones.

The 'object of the ear specialist who desires to
make an accurate diagnosis of a given case will in
the first place be to measure the depreciation in the
sharpness of hearing as a function of pitch. In ad-
dition he will attempt to determine the part of the
ear in which the deviation is localized. The infor-
mation obtained will not only furnish guidance for
the therapeutic treatment to be applied, but will
at the same time be important in deciding whether
the patient should use' some kind of hearing in-
strument and of -what type this should be.,,

Until -now the ear specialist has generally used
a set of tuning forks to measure the decrease in ear
sensitivity for different pitches. These tuning forks
were struck in -turn in a given way and allowed to
vibrate freely. The patient then had to state for
each tuning fork at what moment he no longer 
heard the sound. It is obvious that with a given
initial intensity and a given damping (decrement)
of the sound of the',tuning fork, the patient will
cease to hear the sound sooner, the lower his sen-
sitivity for that pitch. The degree of depreciation
of the ear sensitivity compared with that of a nor-
mal perion was then indicated directly by the spe-
cialists by the "shortening" in seconds.

The .objections to this very simple method are
immediately obvious. The damping of a tuning
fork depends very closely upon its' frequency as
well as upon, all kinds of details of its construction.
On the one hand, therefore, the results of different
examiners using slightly different tuning forks may -

vary considerably. On the 'other hand the "shor-
tening" found is not a good measure of the impor-

-
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small case ('fig. 14); the total,weight of this, port-
able installation is only 25 kg, so that, for example,
the general practitioner can easily  take it with
him in his car when he visits a patient in the
country.

In addition a somewhat heavier and more conven-
ient standard on wheels has also been developed,
with which the- apparatus can be fixed at. any
desired height between about 30 and 170 cm above
the ground and at 20 to 60 cm distance from the,
column of the standard, while the X-ray beam
can still be directed in any desired direction. Com-

bined with this standard the "Practix" apparatus
is particularly well suited for hospitals and field
dressing stations. It has been in such use for a
year with good results for the examination of
wounded, the checking of the correct position of
plaster casts and extensions, the control at the
operating table of difficult surgical manipulations
(fig. 15) and similar applications. It is the porta-
bility and ease in adjusting the apparatus which
are here found to lead to a wider application of
X-ray examination than would be possible if only
large apparatus are used.

AN APPARATUS FOR THE INVESTIGATION OF SHARPNESS
OF HEARING (AUDIOMETER)

by L. BLOK and 11. J. KOSTER. 534.771

Ear specialists are beginning to make more and more use of electrical apparatus which
give continuous puie tones of variable intensity instead of the mechanical -acoustical
devices which, were formerly used in testing the hearing. Such an "audiometer", which has
been developed from the tone generator GM 2 03'7 described previously, is here discussed.
The method of employment in the determination of the sometimes very low thresholds
of auditory sensitivity makes very strict requirements as to the freedom from interference
of the signal of the audiometer. The measures are described by which these requirements
can be satisfied. A discussion is also given of a number of auxiliary arrangements needed
by the ear specialist in his examination. The results of the examination can be recorded
in the form of an "audiogram" which gives the hearing loss in decibels as function of the
frequency, and which may serve as one of the bases for the diagnosis and subsequent
treatment.

The deviations in the sense of hearing observed
in the case of persons who are partially deaf may
exhibit great individual differences quantitatively
as well as qualitatively. Quantitatively in the degree
of depreciation of the sensitivity of the ear compared
with that of a normal person, and qualitatively
in the manner in which the deviation is 'manifested
for the different pitches. Cases are known for exam-
ple in which it is mainly the high tones which are
heaid poorly, 'and others in which the sensitivity
is decreased only for the low tones.

The 'object of the ear specialist who desires to
make an accurate diagnosis of a given case will in
the first place be to measure the depreciation in the
sharpness of hearing as a function of pitch. In ad-
dition he will attempt to determine the part of the
ear in which the deviation is localized. The infor-
mation obtained will not only furnish guidance for
the therapeutic treatment to be applied, but will
at the same time be important in deciding whether
the patient should use' some kind of hearing in-
strument and of -what type this should be.,,

Until -now the ear specialist has generally used
a set of tuning forks to measure the decrease in ear
sensitivity for different pitches. These tuning forks
were struck in -turn in a given way and allowed to
vibrate freely. The patient then had to state for
each tuning fork at what moment he no longer 
heard the sound. It is obvious that with a given
initial intensity and a given damping (decrement)
of the sound of the',tuning fork, the patient will
cease to hear the sound sooner, the lower his sen-
sitivity for that pitch. The degree of depreciation
of the ear sensitivity compared with that of a nor-
mal perion was then indicated directly by the spe-
cialists by the "shortening" in seconds.

The .objections to this very simple method are
immediately obvious. The damping of a tuning
fork depends very closely upon its' frequency as
well as upon, all kinds of details of its construction.
On the one hand, therefore, the results of different
examiners using slightly different tuning forks may -

vary considerably. On the 'other hand the "shor-
tening" found is not a good measure of the impor-

-



235

tance of the deviation. If, for example, two -frequen-
cies are considered for which the free vibration of

' the corresponding tuning forks is similar to that
shown in fig. la and b, it is seen that a given depre-

b) .

fq
38916

Fig. 1. Variations of the sound intensity upon the free vibration
of a tuning fork of low frequency (a) and of high frequency (b).
In both cases the normal threshold of hearing for the frequency
in question (.4) is represented by a full line, while the dotted
lme represents the raised threshold of hearing of a person with
defective hearing (.4). With a given ratio /2/11, i.e. with, a given
loss of hearing in decibels, a quite different "shortening" v
is found in the two cases.-

ciation in ear sensitivity (i.e. a given increase in the
threshold value measured in decibels) gives quite
different "shortenings" in the two cases 1). More-

Over, the sound intensity obtainable with tuning
forks is often so small for low frequencies (fig. la)
and the threshold value of the ear for these fre-
quencies §o high, that even with only relatively
slightly deficient hearing the patient hears nothing
at all from the very beginning, and thus no "shor-
tening" can .be measured at all, while with tuning
forks for high frequencies (fig. lb) the damping is
often so great that it is difficult' for the patient to
indicate 'the exact moment at which for. Mm the
sound ceases, so that the measurement becomes
very .inexact.

These disadvantages have led to an attempt
which' has become more definite in recent years
to replace the tuning forks and the other mechanical
acoustical de-rices of the ear specialist by, more
modern apparatus which produces instead of damped

- tones continuous tones of variable intensity.
The obvious solution of this problem is to use

the oscillators which are 'employed technically
in the testing of parts of electro-acoustic instal-
lations, such as amplifiers, cables, loud speakers,
etc. These oscillators give sinusoidal A.C. 'voltages
with frequencies which can be varied over the whole
acoustic range and with adjustable intensity. Such.
an apparatus, usually called a "tone generator",

1) The number of decibels hearing loss is alsO not an entirely
true measure of the importance of the deviation when
different frequency regions are compared. It is, however,
a much more useful standard than the "shortening" and
has, moreover, the advantage of being exact and.repro-
ducible.

although for the original purposes it did not need
to produce any "tone", has been described earlier

-in this periodical 2). By connection to a loud
speaker and several alterations in the construction,
as well as by the addition of ,various auxiliary ar-
rangements, an apparatus could be constructed
from this tone generator which is especially adapted
for the testing of hearing. The npparattis obtained

' (audiometer) and its use will be discussed briefly in
the following.

.

Construction of the audiometer

Fig. 2 gives a very much simplified diagram of
the. original tone generator (type GM 2 307). For
practical reasons 3) the A:C. voltage of the desired

I
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Fig. 2. Diagram showing the principle of, the tone generator
GM 2 307. G, and G2 oscillators; M mixing -valve, F filter, Yarn.-
plifier, D attenuator. A loud speaker L may be connected
behind D.

low frequency is not generated liirectly by an os-
cillator, but is obtained as the beat between two
higher frequencies f1 and 12. The two oscillators
G1 and G2 generate 'voltages of tliese two high fre-
quencies; the voltages are fed to the mixing valve
Al', in the anode, current of which, therefore, all
combination frequencies raff1 E nf2 occur. The signal
with the desired low frequency f3. ---f2 is filtered out
by the filter F and raised to the necessary level in
the amplifier V (normally,200 milliwatts). The out-
put frequencies fi..and.h of the oscillators Gl and G2
can be varied by means of rotating condensers.
between 100 and 101 or 100 and 85 Kc/s. By this
means the differential frequency, fl -f2 'obtained
can .be varied from 0 to 16 kc/s, i.e. within the
whole acoustic frequency range. The regulation of
the intensity is by means of the adjustable atten-
uator D.

For testing the hearing a loud speaker is now
connected behind the attenuator and the patient
listens to the sound from the loud speaker. With the
help of the attenuator the doctor can decrease the
intensity of the sound to such a degree that the
patient just barely hears it. If the attenuation factor
is d1 decibels in this Case, a greater attenuation d2

2) L. Blok, A Tone Generator, Philips techn.
1940.

Rev. 5, 263,

3) See the article referred to in footnote 2).
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will then be necessary for a normal person to reach frequency of 4 000 c/s, for instance, this patient
the threshold of ear sensitivity in a similar 'way. would not yet be able to hear the signal itself, but
The difference d2-d1 is the loss of hearing in decibels would, however, already be able to hear the 40
(depreciation in sensitivity of the ear) of the person' decibel weaker hum tone for 50-c/s, so that a false
with deficient hearing for the frequency in question. picture of the ear sensitivity would be obtained.

It is' clear :that at least for the calibration of the In order to decrease the' chance of such errors as
audiometer it is also necessary to attenuate the tone much as possible special measures have been taken
produced by the instrument to the threshold of ear to make.the hum of the apparatus still weaker. The .

sensitivity for a normal person. Since this threshold ,' plate voltage of the various amplifier valves is still
is extremely low - at 1 000 c/s the normal ear more carefully smoothed than in the tone generator,
perceives a sound intensity of 10-16 watts/cm?. and although_the cathodes of the valves are of the

be taken in the case of the indirectly heated type which of itself gives little
cause for hum, the cathodes are nevertheless fed
with direct current. The required D.C. voltage is
furnished by a small selenium rectifier with a simple
smoothing filter. In this way the hum is so limited
that even with a loss of hearing of 105 dB at 1 000
cis, which: must be considered as total deafness,
no errors can occur.

Similar considerations hold for the noise. The
level of the noise, however, in the tone generator
GM 2 307 is already so low that no special measures
needed to be taken to 'combat it.

In the case of the hum of the output transformer
of the amplifier V (see fig. 2), as a result of the me-'
chanical forces of the magnetic field a part of the
output is converted diiectly into acoustic energy,
thus without passing through the attenuator and
loud speaker. By keeping the patient sufficiently
far away from the audiometer this source of inter-
ference could of course be eliminated immediately.
In practice, hoinrever, the doctor who operates the
audiometer and the patient will usually. be seated at

60 a distance of only a few metres from each other,

ao
and at a distance 'of 3 m for example the hum of
the transformer was still observable in a quiet

20 room. From the nature of the case the effect can

much greater care must
audiometer than in that of the ordinary apPlications,
of the tone generator that there are no disturbing
sounds. The huin of the' alternating.ciirrent supply
(the 50 c/s of the mains) must be considered as
such, as well as the noise present in every ampli-
fier, the hum 'of the outpirt transformer, the
overtones caused by non-linear distortion and
finally the surges occurring when a tone is

switched on.
The amplitude of the hum voltage in the tone

generator amounted to from ,1/2 to 1 per cent of
that of the effective signal.. This means that the ear,
of the patient, in addition to the desired tone, would
also always be exposed to a tone of 50 c/s with
a 40 decibel lower intensity. If we consider -the ear -
sensitivity curve of a normal person, see fig. 3, it

as
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0 only lead to errors, when 'the signal of the. loud
speaker is very weak, i.e. when the attenuation
factor is very large. This hum* was therefore ren-
dered harmless in the following simple manner. The
attenuator,-which permits a maximum attenuation
of 155 dB - this -Is more than sufficient since with
an attenuation of about 105 dB the lowest threshold
which occurs is already reached -consists of a

-250 500 1000 2000 5000 f0000
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Fig. 3. Variation of the threshold value of sound intensity for a
normal ear as a function of the frequency (full line curve, ac-
cording to S. S. Stevens and H. Davis, Hearing, Wiley
and Sons, New York 1938, p. 50). The threshold for a frequency
of 1 000 c/s is arbitrarily set equal to 0 decibels. In a certain
case of deficient hearing the broken -line curve may for example
be found.

is clear that this caimot- cause- any, error,' since 'in
the case of no frequency does the threshold lie 40
.decibels higher than the threshold for 50 c/sec; on
the contrary; it lies much lower for most frequen-cies.
Let us now suppose, howeVer, that a patient must
be examined whose ear sensitivity is very- much
decreased only for high.tones, fOr instance according
to -the broken line threshold curve' in 'fig.' 3. At a'

variable part with eleven steps of 5 dB each and
two fixed parts each with an attenuation of 50 dB.
The latter are only switched on when the eleven
steps, of the variable .part have been traversed,
thus when attenuations greater than 40 dB have
been reached. Of these, fixed attenuators, which are
built up of a number of damping cells, a part with
an attenuation of 25 dB is now, however, not con- 
nected behind, but in front of the amplifier V, see
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fig. 4. The voltage on the input of the amplifier and
therefore also that on the output transformer is
thus now also attenuated by this factor. By this
means the hum is made inobservable even with the
highest attenuation factors:
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Fig. 4. The attenuator D consists of a part which can be reg-
ulated, in ld steps of 5 dB each and*two fixed parts each of
50 dB which can be put into connection in turn. The first of
these two 50 dB elements is split into two parts of 25 dB, one
of which is connected in front instead of behind the am-
plifier V.

At the same time this measure is useful for com-
batting the errors due to overtones. These errors
may occur especially with low frequencies, not only
because the distortion of amplifiers is in general
greatest here, but chiefly because of the' charac-
teristic shape of the normal ear sensitivity curve
in this region. If for example it is desired to measure
at a frequency of 50 c/s, the second harmonic of
.the signal (100 c/s) must according to fig. 3 be
at least 18 dB weaker than the fundamental in order
that the normal ear shall not hear the second har-
monic rather than the fundamental tone. With
deviating ear sensitivity curves still steeper slopes
(i.e. still greater threshold differences within an
octave) may occur, so that still higher requirements
are then made of the freedom from distortion.
In the case of the tone generator GM 2 307 the dis-
tortion amounts' to 'an average of 1/2 per cent with
the maximum output (at low frequencies, the
maximum is 1 per cent), so that threshold differences
of 40 dB in an .octave can still measured satis-
factorily. With not too much decreased ear sensi-
tivity, however, the performance of the audiometer
is still considerably better, since then, in the manner
described, an attenuating element of 25d B is con-
nected in front of the amplifier, so that it has a'
much weaker signal to deal with and therefore much
less non-linear distortiOn occurs.

The connection of a part of the attenuator in
front of the amplifier is, however, a disadvantage.
for the level of noise. The noise is to a large extent
generated by the first amplifier stage and will be of
less importance relatively, the stronger .the input
signal of the amplifier. It was for this reason that
the whole attenuator was not placed in front of
the amplifier, which would of itself have been
simpler and better for the desired combatting of
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the transformer hum and the distortion. In this
way the noise is limited to such a low level that it.,
can only become audible at a sound intensity of
70 dB above the threshold at 1 000 c/s.

Finally there remain the switching surges. When
the loud speaker is switched on in the ordinary
way there is always a click which ,may be 'consider-
ably louder :than the. tone to whick the patient
must listen. This must be avoided. For this purpose
the simple connections of the oscillator G, (fig. 2)
shown in fig. 5 are employed. As long as no tone
is desired the switch S &s closed and the condenser C
is charged to a voltage of 20 volts. On the control
grid of the oscillator valve therefore there is a neg-
ative D.C. voltage of 20 volts, the valve is over -
biased and, cannot oscillate. In order to switch on
the tone the switch S is now opened. The condenser
is slowly discharged via the lUrge resistance R,'
the grid bias of the valve becomes gradually less
negative and the valve begins to 'oscillate 'with an
amplitude which grows slowly to the final value.
Upon switching on the tone therefore no click oc-
curs and the sound gradually (within 1 sec 'for in-
stance) takes on the previously chosen intensity.

-50V

Fig. 5. Connections of the oscillator G1 with RC circuit for the
gradual raising of the oscillations to their final amplitude
(avoidance of clicking sounds in the loud speaker). With the
switch S closed the condenser C is charged to a voltage of
20 volts.

The- complete arrangement

50990

 .
Fig. 6 is a photograph of the audiometer with

several auxiliary instruments which are used in the
examination. On the audiometer itself may be seen
the dials of the two rotating condensers with which
the desired pitch is obtained. The frequency 'of
the. tone produced is given simply by the sum of
of the frequencies read off on the two dials. Above
may be seen the knobs of the attenuator, a meas7 -
uring instrument for insuring that the signal voltage'
without attenuation has the normal initial value,
and below various switches and lamps for sig-
naling purposes. '
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Fig. 6. Complete arrangement for the testing of the ear. A audiometer with frequency
scales, attenuator knobs, etc. P necessary supply apparatus. L loud speaker, S box which
is used by the patient for signalling. The loud speaker may if desired be replaced by the
bone conduction telephone B. M auxiliary apparatus for so-called masking.

For the examination to take place smoothly the
necessary communication between doctor and pa-
tient is by means of light signals. Both doctor and
patient have three lamps in front of them, yellow,
green and red (those of the patient are on the small
box below the loud speaker in fig. 6). When the
doctor switches on the tone the yellow lamp lights
up in both cases. The patient must now press one
of two buttons according to whether he hears the
sound or not. If he presses the button "yes" the
green lamps light, if the button "no" the red lights.
In this way the threshold of hearing is very quickly
and rapidly determined. By means of a switch the
doctor can also make the tone continuous and then
by variation of the frequency he can quickly deter-
mine the limits of hearing as far as pitch is con-
cerned. Finally the doctor also has at his disposal a
"simulator's switch". With this switch the tone
generator is put out of action, while the signal ar-
rangement continues to function. Then upon the
lighting of the yellow lamp the patient should
always answer "no", if he answers "yes" he is evi-
debtly desirous of making his hearing appear better
than it is. Fatigue of the patient which no longer
allows him to distinguish with confidence whether
he hears the sound or not can also be detected by
the doctor in this way.

A very small type of loud speaker has been chosen.
This is desirable since the two ears of the patient
must be examined separately, and with a large loud
speaker it is difficult to restrict the influence of the
second ear sufficiently. With the small loud speaker
used this is provided for by a cylinder of felt against
which the patient presses his head. The shielding
of the free ear would be still better with the use

of a head phone. This has not been employed,
however, because in the first place resonance may
occur in the relatively small column of air between
membrane and ear drum which would cause the
delusion of an increased sensitivity for some fre-
quencies; and in the second place because the hous-
ing of the telephone pressed against the external
ear also vibrates to a certain extent and may there-
fore stimulate an impression of sound through the
bony structure.

This leads us to another important point in the
ear examination: the localization of the defect.
A depreciation in the sensitivity of the ear may be
caused by defects in the inner ear (labyrinth) or by
defects in the external and middle ear which con-
ducts the sound to the inner ear (meatus, ear drum,
bones of the ear). In the first case, which may for
instance occur as a result of some disease or other,
like scarlet fever, one speaks of perception deafness,
in the second case of conduction deafness. The
method of distinguishing between the two cases
is by the bone conduction just mentioned: if the
middle ear is defective the patient will still be able
to obtain a satisfactory sound impression via the
bone conductors; of the defect is in the inner ear
the bone conduction will be of as little use as the
air conduction via the ear drum. For this examina-
tion a bone conduction telephone (see fig. 6) has
been provided with the audiometer. This is essen-
tially an ordinary telephone, but one which is so
constructed that the moving membrane makes
only small deviations but can thereby exert high
pressures. The membrane (actually the membrane
is formed by the whole housing of the telephone)
is pressed against the skull behind the ear. The
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ear -sensitivity curve of a normal person has Of course.`
.

a different form for bone conduction than - the
curve of fig. 3. We shall not; lioWever, do into that
here. . ,

The necessity already mentioned of only allowing
. sound- to reach the ear which is being tested pre-

..

sents another problem to the examiner when 'he
encounters a case ,of so-called unilateral deafness,
in which' one ear : functions normally or approx-
imately . so. If in this case the defective ear has a
consideiable hearing loss, ;so that high sound .in-

tensities are, necessary to reach the threshold of
hearing, it is often unavoidable that the normal ear .

already observes a sound via air Conduction around
the hed or via bone conduction through the head,
while the defective ear still hears nothing. In order
to eliminate this disturbing effect, or at least to
remove its effect on the results of the measurement
the normal ear is "masked". The- normal ear is
exposed to a "noise" of such an intensity that the
ear takes on a sort of artificial deafness for the tone
to be observed, while the perception of the defec-
tive ear is practically unafffected. As masking noise
a tone may be used which is very rich in overtones
and thus has a very sharp sound. The fundamental is
best chosen in the same frequency region as the

' pure tone to which the defective ear is exposed.
A small auxiliary apparatus has been constructed
for obtaining the masking; it is shown in fig. 6 to
the right of the "audiometer. It is essentially a small
tone generator giving a very distorted signal which,
can be set by means "of a switch on five different
fundamental frequencies appropriately distributed
over the whole acoustic range.

Instead of the examination with pure tones it
may sometimes also be desirable to carry out direct
-intelligibility tests, i.e. to discOver the intensity
level at which ordinary speech is understood by the
patient. For this purpose the audiometer is provided
with a connection for a gramophone pick-up, with
which speech recorded on gramophone plates can be

. supplied to the amplifier input. , -

In conclusion a few words must be said about the
- working out' of the results obtained. They can con-

veniently be recorded in an "audiogram", like
that shown in fig. 7. The loss oflearing in decibels,

increase in the threshold value. compared
with that of a normal person, is here Rlotted as a

'ffinCtieir'of the frequency, and the measured points
are the successive octaves of the note C (64 c/s)
according to the custom of eai specialists. The exam-
ple reproduced is a typical case of unilateral deaf-
ness.-The deft, -'ear is practically' normal' (broken
line curve); for the right ear the full 'line Curve is

..measured without masking, but the maximum in the
neighbourhood of: 1 000 c/s,. which corresponds
to a small maximum in the broken line curve,
mediately suggests that in this . threshold curve
the normal ear arse collaborated. With masking the
much' lower dot:dash curve was indeed. found,*
which indicates a practically total deafness of the
right ear.
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Fig. 7. Example of an audiogram. The hearing loss in dB is
plotted directly as a function of the frequency. This was a
typical case of unilateral deafness. 

The audiogram now forms one. of the bases of the
diagnosis to be made and serves at the same time
as docUmentation for later control of whether the
defect has developed further and in what direction
this has taken place. Finally the audiogram also
furnishes the instrumentmaker with the necessary
data when the ear specialist wishes to prescribe
the use of a sound amplifier with an especially
adapted frequency characteristic 4).

4) See for example K. de Boer and R. Vermeulen, On
improving of defective hearing, Philips techn, Rev., 4,316,
1939. .
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LECHER SYSTEMS

by C. G. A. von LINDERN and G. de VRIES.

The behaviour of Lecher systems with respect to travelling and stationary waves is
discussed. The way is discussed in which Lecher systems can be employed as supply
connections in transmitters, as high impedances in electrical circuits, as stabling resonators
for high frequencies, etc.

Two electrical conductors which are strung pa-
rallel to each' other, or which in certain cases are

.

concentric,"together form a Lecher system. In
the 'last decade of the previous century many
experiments had already been performed with such
systems and J. J. Thomson, among others, pointed
out their great significance in the excitation and
propagation of electromagnetic waves. They were
later used on a large scale in radio technology. As
was already mentioned in an article in,the previous
number of the periodical 1), the behaviour of such
L echer .systems can be described to an certain
extent by means of quasi -stationary concepts,
although they are not fundamentally quasi -sta-
tionary systems. We shall go into this in somewhat
more detail.

If we apply to the input of a Lecher system
(left in fig. 1) a voltage V1 of such a high frequency

 P
I I

R

11 =

. VI V
r -r
!,

I

H

)1(
 1

V2

-7` I ez1 5
J9093

Fig. 1. Lecher system with input PQ and output RS, to
which the voltages V1 and ff,, respectively, are applied, and
in which the currents it and i2, respectively, flow.

that the wave length is still large compared with,
the distance between the wires but not' large com-
pared with the length of the Lecher system, the
currents will indeed be equal and opposite in every
vertical cross section of the two conductors, but
hi ..the direction of length of 'the conductors . the
current i changes from point to point, as indeed
does the volta'ge V between the two conductors.
The change in current occurring along the conduc-
tors is a result of the fliSplacement currents which
flow through the capacity which exists between
two conductors. Since the conductors have the same
thickness at all points and are everywhere the same
distance apart, it is possible to ascribe to a Lecher
system a capacity Cz per unit of length.

1) Resonance circuits for very high, frequencies, Philip's
techn. Reii. 6, 217, 1941. -

:Vol. 6, .No. 8

538.566.5

In addition to this capacity CIper cm, a Lecher
system also has a self-induction LI per cm;* this is
by 'definition the -magnetic flux enclosed per cm
length of the Lecher system at a current of 1 am-
pere. It is then found possible with the help of this
self-induction ./,' and capacity Cf uniformly dis-
tributed along 'the conductor to describe the be-
haviour of a Lecher system satisfactorily, and
actually to apply to it the equivalent circuit of
fig. 2. Even though the length of  the Lecher

.Xr (900001) 0004006110 00 0 P./2

i
Ci V ala

v2--

T,--

X-1/4 001-0Q.0Q_OTQ_QA.0.) 00001.00.901-0_00_0
L/2 Z 39044 '

Fig. 2. Equivalent circuit for the Lecher system of fig. 1,
which has a self-inductibn LI per cm and a capacity CI percm.

wires is not small compared with the wave lengths,
the Lecher system can, nevertheleSs; be treated
in its transverse dimensions as quasi -stationary,
and we shall call such a case semi -quasi -stationary.
In our semi -quasi -stationary theory the difference
in voltage between the points P and R or Q and S
in fig. 1 may then not occur, since they are not
defined 2),* but this is no disadvantage since it is
only the differences in voltage between P and Q
or R and S which are important in the theory.

Travelling waves

It is a well known phenomenon that waves -trav-
elling along a Lecher system' can be propagated'
with a very 'definite velocity, and we shall now in
the first place treat this phenomenon in a simple
way 3). For this purpose we consider a charge e
(pOsitive on one wire, negative on the other) dis-.
tributed evenly over a length 1 of the Lecher

'wires, which causes "a voltage V betWeen the two

2) It makes a considerable difference with regard to the neces-
sary energy whether in fig. 1 a unit charge is moved from
P to R along curve I or along curve II.

3) Cf. H. G. Moller, Grundlagen and mathematische Hilfs-
. mittel der Hochfrequenztechnik (Springer, Berlin 1940) p.

1'72. See also 0. Heaviside, Electromagnetic theory,
Vol. III, 3 (1893, republished in 1922, Benn Brothers,
London).



 AUGUST -1941

_

wires (fig. 3). The following then holds: '-

= CI /V. . . (1)

If these two charges which are originally distributed
between x = 0 and x 1 move with linear velocity,
v towards the left, the current is

. ,

LECHER SYSTEMS

i = CI V v

Fig. 3. A charge + is uniformly distributed over a length /
of one of the Lecher wires; on the other wirein the same
way is the charge -e.

39045

(2)

The magnetic flux 0 between 0 and 1 at first
amounts of 0 = 1 LI i and decreages with time as
the charge inits movement toward the left moves
out of the region between x = 0 and x = '1. The
variation of (0 .with the time is given by

(/-vt) i = (1-vt) CI V v . . (3)

The voltage between the two conductors at the
point x is according to the law of induction equal
to the decrease in 0 per unit of time:

d0 V. (4)
From (4) the square of the velocity is obtained:

1v2 - 
LICI

,(5)

Any  given distribution of charge will also be
propagated at this velocity since such a distribution
can always be built up ,of different charge 'distri,
butions according to fig. 3. This simple result also

' follows directly from the electromagnetic vibration
equations, -which we shall now set up for a short
section 21z of a Lecher system, which' we may
consider as a current circuit with - self-induction
LILlz and capacity 021z, while we neglect the ohmic
resistance. The increase Ai of the current over a
length 21z of the Lecher system is then given by

d
Ai - -

dt
(V  CI) Az,

'

so that we obtain the following partial differential
equsation:

ai a V
CI

az at (6)

According to (3) and (4) the voltage difference 21V

excited over a length Az of the conductors 'is in the
same way equal to

 d
21V .,-- (i LI)21i,

which gives us the partial differential equation

a v
az

LI
ai
at (7)

By partial differentiation 'of these two electro-
magnetic.' equations (6) and (7) with respect to
z and t we find the same equation for V and i:

2v a2v
= Lit/

az2 at2

Lici=-
axe at2

(8)

'These formulae are 'analogous to the familiar
equations for mechanical waves which are prop-
agated along a stretched string, where instead
of V or i we are concerned with the displacement
of a point on the string, while instead of LI and CI
the mass per unit of length and the reactionary
force occur. Every twice differentiable function of
t zYLICI, the so-called d'Alembert solution,
satisfies equation (8). This means that every dis-
turbance of the equilibrium' which acts on the

-system at 'a given moment furnishes:- a solution to
the eqUation ifit is propagated unaltered in the
negative or positive z :direction ,with a velocity
v = 1/1/VCI, as Was the case with our rectangular
charge distribution at the beginning of this section.

-If we now take for the voltage A wave moving
to the right with the velocity 1/1FLT:

V 7 f (t illLI CI), .

.then with the help of (6). and (7) we
the current

= ,=,i f (t- LI CI) . . (10)

This is thus exactly the same form as for V, while
the phases of i and V alp° correspond exactly at
any point along the Lecher system. The quo-
tient of the momentary values of voltage and cur-,
rent is constant, and the following is valid at every
point along the Lecher system:

is called the
sYstem.

=V i/LI

wave resistance of the" Lecher

(9)

calculate for



242 PHILIPS TECHNICAL REVIEW Vol. 6, No. 8

This behaviour of the L e ch el.' system is quite analogous
to what occurs in an aerial which is emitting electro-magnetic
waves. The energy which is thereby radiated is manifested as
an apparent resistance of the aerial, the so-called radiation
-resistance. The wave resistance C of a Lecher system may
very well be considered as a one-dimensional radiation
resistance.

If we have a Lecher system of finite length
and connect the two wires at the right end by a
pure resistance.C, the' Lecher system . behaves as
if it extended, to infinity on the right. The relation
between V and i at the position of the terminating
resistance is exactly as in a wave moving to the
right on an infinitely long Lecher system. If, how-
ever, the terminating resistances have a value dif-
fering from there is a different relation between
V and i. This deviating relation is not realized by a
wave moving toward the right, but only by the
superpo'sition. of a wave moving toward the right
and, a wave moving toward the left, which means,
that reflection takes place. :

Velocity of propagation and wave resistance

For several cases of practical importance we shall
specify more exactly the self-induction L' and the
capacity C' per unit of length, in order to calculate
from them the velocity of, propagation and wave
resistance of this Lecher system. In the first.place
we consider two metal .strips with .a width b and
a distance apart ,d, lying parallel to each other
(fig. 4). If d is made small compared with b the

1

b

S9646 .

Fig. 4. Lecher system of wide strips. Thd distance between
the strips is d ,and their width b.,

.;
capacity per unit of length m the .z direction be-'
comes

Eb Eb 1

If t. is the permeability, the number of magnetic
lines of induction which run between the two wide
strips per cm in the z direction is Bd (J.Hd x 10-8,
and this by definition is the current i times the self
induction L' per unit of length:

iL' = p.Hd  10-8 amperes henrys . (14)

'From (13) and (14) it therefore follows that the self
induction in henrys/cm becomes

4 m id=
b

10-9 henrys/cm . (15)

The velocity of propagation v for electromagnetic
equilibrium disturbances in a Lecher system is ac-
cording to (12) and (15)

v = 1/}ILr C
1 /9 1020 3.1010

cm/sec.
sp. VW+ ,

Foramedium with a dielectric constant e = 1 and
1 and a permeability t. = 1 this becoines equal to
the velocity of light of 3 X 1010 cm/sec which is
universally valid for parallel conductors of any
given cross section..

According to formulae (11), (12) and (15) the
wave resistance becomes

/4 np.d 47i.d d (2.

= 9 102= 120n
b Y

- ohms.
sb eb

If in an analogous way the capacity and self-induction per unit
length are calculated for two concentric conductors with radii
Ri and ,R5 (fig. 5) one finds

Cr - e 1farads/cm,
21n R2/R3. 910"

In R2/./i1  10-9 henrys/cm:

The velocitY of propagationv = ogEr'now becomes
3 j< foio/) Eµ cm/ sec here also, while for the wave resistance
the folloWing is obtained:

iTcm/em = farads/cm, . (12)-vd. 47-cd 9  1011

where e represents the dielectric constant.
 The self-induction L' per unit of length for this

simple case is'also easy to'find with the, usual sim-
plifications. If we assume the magnetic field H
between the two strips to be homogeneous, and
outside of them equal to zero, then .

Hb = 047ri gauss cm;

2[1.1n R2/R1  2/e In R2/R1  9.102 = 60 In R2 1/LL s ohms.
R

If we are concerned with two parallel round wires with a
radius'of R, which is small compared with their distance apart

39047

Fig. 5. Lecher system consisting 'of two concentric cylinders
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(1

d (fig. 6), the capacity and self-induction per unit of length
become

e
CI

d d 9.10"
farads/cm,

4 In

Li = 4ii ln RA0  10-2 henrys/cm.

Fig. 6. Lecher system of round wires with a radius R, and a
distance d between them.

The velocity of propagation is of course again the velocity
of light divided by ell, and for the wave resistance one now
finds:

in  -4 In
R
d

 9.102 = 120 In 144 ohms.
R, e o

R,
8

In all these cases it is tacitly assumed that no
energy losses occur in the self -inductions and capac-
ities, so that the waves are propagated unweakened
along the Lecher system 4).

.4) In the propagation of light and of radio waves in a vacuum
no energy losses occur either, but nevertheless the ampli-
tudes decrease in inverse proportion to the distance to the
source of radiation, due to the spreading of the energy
over larger and larger areas. To this corresponds the fact
that upon propagation through space, instead of an ex-
pression of the form f(t-z/v), an expression of the form

(t-R/ v) occurs. The parallel conductors thus keep the
radiation energy better together in propagation along a
Lecher system.

If the heat losses which occur in a Lecher
system are taken into account, the amplitudes be-
come smaller during the propagation along the
system. Another cause for such a decrease lies
in the fact that due to the finite distance between
the two wires some radiation will always occur,
since to a certain degree they will act as a loop
aerial. We shall return later to such phenomena; for
the present we shall continue to describe the be-
haviour of Lecher systems in so far as the resist-
ance and the radiation loss play only a negligible
part.

Stationary waves

If a Lecher system is not terminated with its
own wave resistance but with an arbitrary im-
pedance, a wave is entirely or partially reflected
as already mentioned and stationary waves occur
(see fig. 7). Before formulating this process mathe-
matically we shall give a qualitative discussion
of the phenomenon for the simple cases of a short-
circuited or an open end.

In the left-hand half of fig. 8 there is a positive
and a negative charge which move on the upper
and lower wires, respectively, of the Lecher system
toward the short-circuited end. This end has
the resistance zero, so that the charges a there pass
unhindered, and will move back again with the
same velocity over the lower and upper wires, resp-
ectively, of the system, as is drawn below. The

Fig. 7. Two demonstration experiments of Lecher systems with sta-
tionary waves which are excited by a magnetron oscillator.

In a the Lecher system consists of two vertical tungsten wires in a
vacuum. At spots where the current density is high (current antinodes)
the wires glow. The wave length is about 30 cm.

In b a glass tube filled with neon lies above the Lecher system. At
spots where the field strength is high (voltage antinodes) the tube is
illuminated (wave length about 100 cm).



244 PHILIPS TECHNICAL REVIEW Vol. 6, No. 8

current i . and voltage 'V corresponding to .these
moving charges e are also indicatedand it is clear
that at this short-circuited end the current is reflect-
ed unaltered in the same wire, while the voltage

tt = e
e
.e

t2 e

031

represents a whole number, the voltage is always
zero. These points are therefore voltage nodes

 lying at intervals of a half wave length A. To the
travelling voltage waves V1 and V2 according to

ED

e

t2 '

e

V

J904.9

Fig. 8. DiaoTammatic representation of the motion of charge e, currents i and voltage V
in the neigEbouihood of a short-circuited or open end, respectively, of a Lecher system.

between the two wires -,isrefiected with reversed
sign. This corresponds to the fact that at the short:
circuited end 'current can flow, but that, there can
be no voltage here, since the incident and reflected
yoltage waves always compensate each other here.'

With an open end, to which the. right-hand half
of fig: 8 refers, an incident charge e is reflected on the
same. wire,- because it has -nowhere else to gO:.The
reflected current i is. thus. revelled hi; sign ,while
the, voltage V is ,reflected with the same sign. At
an 'open end, therefw.: there may indeed be a
voltage,,but no -current can floW,.since'the incident
and reflee_ted,' cnrient; waves alWays. compensate
each other there.

If we now consider a Lecher system extending
to an infinite length toward the left with a sho rt-
cir cuit e d end at x = 0 (fig. 9), on which as a
special case a voltage wave V1 = sin co (t-z/v)
moves from left to right, a second voltage wave
V2 = -sin co (t+z/v) is there reflected toward the
left, so that there is a resultant stationary wave V:

± V2 = - 2 cos cot sin coz/v . (16)

 At all points with coz/27r v = z/A = n/2, where n

Fig. 9. Reflection of the travelling voltage wave V, at the
short-circuited end at z = 0. The sum of the incident wave V,

. and reflected wave V2 is the stationary Wave V which has nodes
at intervals of a whole number of half wave lengths from the
short-circuited end of the Lecher .system.

(9) and (10) belong the travelling current waves

is

1
- 'sin co (

v
It- - -z)

1- sin OJ t
V

(17)

The§e always reinforce each other at the short-
circuited end where a current antinode will occur,
which may also be seen directly from the formula
for the stationary current wave which occurs as a
result:,

2
i = - sin wt cos coz/v (18)

If we now consider (16) and (18) somewhat more
closely, we see that with the short-circuited Lecher
system the current i is 90° behind the voltage V
'at points close to the short circuit, i.e. with suffi-
ciently small negative values of z, while' the quo-
tient of the amplitudes of voltage and current
amounts to tan coz/v at any given point. The,
short-circuit impedance 2), of a Lecher sys-
tem with, a length 1 is thus purely imaginary, and
is given by I

Zk - jC tan 2nll (19)

for a length 1 which is small compared with the
wave length A, therefore, the short-circuit impedance
becomes

Zk =jC27r-
CI

wl. f170= j(00, . . (20)

so that a small section of -short-circuited Lecher .
sYstem actually behaves as a self -induction -with a
value LI per cm of length: According to formula (19),
however, the reactance increases more rapidly
than proportional to the length 1 for the short-
circuit Lecher system, so that for a length of A/4,
for instance, we obtain an infinitely large reactance,
which means that at the" input of the short-circuited
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Lecher system a current node occurs. Such a
system can be used as an oscillator curcuit. For a
Lecher system with a length between A/4 and A/2
the reactance is negative, so that it acts as capacity.

In practice use is commonly made of short sec-
tions of short-circuited Lecher system as self-in-
duction. We shall give a few such examples here.
In the case of radio valves for short waves the
capacity is often quite large between points, be-
tween which it is desired to introduce an impedance.
One then does not make the capacity of the LC
circuit to be used variable, because this would
mean an extra capacity and therefore a reduction
in the impedance attainable. It is then better to tune
with a variable self-induction, for which a short
section of Lecher system with a movable short-
circuiting shunt (fig. 10) can very well be used.
Fig. 11 shows the practical application of this device
in an oscillator such as is used in the experimental
short-wave link 5) between Eindhoven and Tilburg.

Q
39051

Fig. 10. A short of Lecher system which is provided with
a sliding short-circuit bridge, functions as a variable self
induction with which it is easily possible to tune the relatively
large capacities between the electrodes of radio valves.

Another example is the following. When radio
valves are used at very high frequencies it often
happens that reflections of the electromagnetic
waves occur at the leads through glass. The capacity
which is responsible for such reflections can be
eliminated by connecting in parallel a Lecher
system with a suitably set self-induction (fig. 12).
A practical example of this is also given as applied
in a magnetron oscillator (fig. 13).

Just as we have seen in the foregoing consider-
ations that a small section of Lecher system with
a short-circuited end behaves like a self-induction,
it is also easy to understand that a small section of
Lecher system with an open end behaves like a
capacity. We here obtain as a special case of the
travelling current waves which must compensate
each other for z = 0 and the travelling voltage waves
which are equal at that point:

it = --I-
1

1
u)(t z/v)

i2 = - -1 sin co (t z/v)

5) Philips techn. Rev. 2, 173, 1937.

(21)

Fig. 11. Triode oscillator in which the admittances of the inter -
electrode capacities of anode and control grid are compensated
with self -inductions in the form of Lecher systems con-
nected in parallel. With the third Lecher system, which is
connected to the cathode, the back coupling is regulated.

and
Vl = sin cult - z/v), )

(22)
V2 = sin co(t z/v).

It then follows from (21) and (22) for the stationary
waves that

2= - cos wt sin wz/v,
(23)

V = 2 sin cot cos coz/v.

If we compare (23) with (16) and (18) we see that
with the open Lecher system the stationary waves

Fig. 12. Lecher system with movable short-circuit bridge
for tuning the capacity due to the lead through the glass.
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are shifted just a quarter of a wave length with
respect to those with the short-circuited Lecher
system.

Fig. 13. Magnetron oscillator with two leads through glass,
tuned by Lecher systems. The third Lecher system forms
the anode impedance of the two valves.

Furthermore, it follows from (23) thdt with the
open Lecher system at points with smL.11 negative
values of z the current leads the voltage by exactly
90°, so that the open impedance Z0 is negative
imaginary and becomes equal to

11Z0 =
6

c tan 27c - , - (24)
A

where Ti represents the absolute value of z, i.e.
the length 1 of the Lecher system. Z0 becomes
equal to zero at an uneven number of quarter wave
lengths from the open end, which means that there
the voltage nodes are situated. At an even number
of quarter wave lengths from the open end, on the
other hand, Z0 is infinitely large, which corresponds
to the current nodes. For a short section of open
Lecher system the impedance Z0 is now better
written as

./C VI! 1= ,Zo
tan 2all A

j
Cad

(25)

so that we immediately see its behaviour as capacity
C/ per unit of length:

1
zo

jwCll
(26)

If we multiply the short-circuit impedance Zk
and the open impedance Z0 by each other, formulae
(19) and (24), we obtain the following remarkable
relation:

ZkZo = (27)

which is valid for every length of the L echer-
system. The wave resistance is thus always the
geometric average of short-circuit and open im-
pedance, and may therefore be determined by
measuring the two as is often done in practice.

The difference in behaviour between a Lecher
system terminated by its wave resistance on the one
hand, and a short-circuited or open Lecher system
on the other has now been thoroughly dealt with.
In the first case current and voltage are everywhere
in phase and the energy is propagated unchanged
along the Lecher system in order finally to be
converted into heat in the pure resistance which
terminates the system. In the other case current
and voltage are everywhere shifted 90° relatively
in phase, and the energy thus oscillates continually
back and forth between the electrical and the mag-
netic field which must alternately be built up and
broken down by the stationary oscillations of volt-
age and current. The Lecher systems with trav-
elling waves may be used for the transfer of electro-
magnetic energy, while those with stationary
waves are often used at high frequencies in such
places where at lower frequencies an ordinary LC
circuit can%be used.

Lecher system as coupling line

If we have a Lecher system closed at point 1
by any given impedance Z1, the (travelling or sta-
tionary) electromagnetic waves at that extremity
satisfy the following condition:

=

At a point 2 at a distance of half a wave length
from 1 (fig. 14) all components of current and volt-
age are equal and opposite to those at 1 at every
moment, and this means that the impedance Z2,
which can be measured at point 2 of a Lecher
system which is closed by Z1 at 1, is simply the same
as this terminating impedance Z1.

-- 2 - = Z2 -
i2 -ii

In the same way of course for a Lecher system
of a whole number of half wave lengths which is

3.905.1

Fig. 14. A Lecher system closed at one end 1 by any given
impedance Zt exhibits at point 2, which lies a half wave length
from 1, an impedance Z2 =
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terminated by any given impedance Z, the imped-
ance at its input is always equal to this Z. From
this we see, therefore, that a Lecher system --
of a whole number of half wave lengths is suitable
for including in a given circuit the two terminals
of an impedance which would otherwise be inacces-
sible, without the value of the impedance being
apparently changed in this circuit.

.35054

Fig. 15. If the tuning bridge B cannot be put into position
because it would fall inside the valve, the same result can be
obtained by means of a bridge B' a half wave length farther
away.

When radio valves are used on short waves it
often occurs that in order to obtain resonance in
the anode circuit the bridge B should actually be
introduced inside the valve. Instead of this, how-
ever, there is no objection to introducing the bridge
B' half a wave length away on the supply lines,
as is represented diagrammatically in fig. 15. This
case is illustrated in fig. 7b. In order to make more
than one half wave length visible the bridge is in-
troduced two half wave lengths farther away than
in fig. 15. Fig. 16 represents such a connection
between the control grids of a double pentode.

Fig. 16. Double beam tetrode of the wireless telephone con-
nection Eindhoven -Tilburg. Between the two control grids is
a tuning bridge such as is shown diagrammatically in fig. 15.

Lecher system as impedance transformer

We shall now consider Lecher systems which
are a quarter wave length long and terminated at
the end 1 by any given impedance Z1. We are in-
terested in the impedance Z2 at the other end 2
which is separated from the closed end 1 by a
distance A/4. It is found that the product of these
two impedances is equal to the square of the wave
resistance:

Z1Z2 = C2 (28)

cuit by means of a Lecher system of an uneven
number of quarter wave lengths, it behaves as a
directly connected impedance with the value

C2/Z2. Thus in general a Lecher system of
the length (2n + 1) 2/4 acts as an impedance trans-
former, and it may be used to connect two circuits
of which it is desired that the loading impedance
of the first shall differ from the input impedance
of the second.

Such a case occurs for example when an aerial
must be adapted to a supply line. If a given supply
line is present, the question may be asked as to the
resistance with which this must be terminated so
that the losses will be as small as possible. The line
should then be terminated by its own wave resist-
ance so that travelling waves will occur. The aerial
to which the energy must be conducted will, how-
ever, in general have a different radiation resistance
than C, so that it is necessary to place an impedance
transformer between them. If for example the
supply line has a wave resistance of 300 ohms, while
the freely radiating dipole aerial of '/2 wave length
has a radiation resistance of 73 ohms, a quarter wave
length transformer with a wave resistance of

V300 x 73 ohms should be placed between them.
The adaptation between supply

ance to be supplied R (aerial for instance) might
also be achieved without an impedance transformer,
by so changing the distance between the wires
of the supply line that becomes equal to R. The
losses would, however, increase, since with a con-
stant current amplitude at the end of the supply
line the stationary waves pass over into travelling
waves, and the average current amplitude along
the supply line becomes greater. One may not
therefore say that the absence of stationary waves
on supply lines is desirable in all circumstances.

Resonance resistance and quality factor

We shall now take the energy losses into account
in such a way that we leave the current distribution
as if there were no losses.

For a short- circuited Lecher system of a quar-
ter wave length which is used as a circuit element,
we wish to know how its impedance changes with
the frequency. In the article already referred to 6)
we have made use of the quality factor Q to charac-
terize the behaviour of resonance circuits for high
frequencies. This is defined as the quotient of the
resonance frequency wo and the resonance width
Lk), and may in general also be considered as 2n
times the quotient of field energy and heat developed

If an impedance Z2 is included in any given cir- 0) Philips techn. Rev. 6, 217, 1941.
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per period:

coo field energy
Q

zi co heat developed
(29)

per period

From this it now follows for the short-circuited
Lecher system of a quarter wave length that

(30)

when 7.1 represents the ohmic resistance per cm
length.

The resonance resistance R is by definition equal
to the quotient of the mean square of the voltage V
and the heat W developed per second. In the case
of a Lecher system of a quarter wave length
one calculates for this

LI 4R. Q . .

ri 218 a

If it is desired to use a Lecher system of a quar-
ter wave length in an amplifier circuit, the reso-
nance resistance must be large, and at a given
sharpness of resonance, i.e. a given e, care must
therefore be taken that the wave resistance is
large. In the three cases of Lecher systems al-
ready mentioned (figs. 4, 5 and 6) one finds for the
resistance rr per cm, the quality factor Q and the
resonance resistance R, the formulae given in the
table below, in which 6 stands for the depth of
pentetration of the skin effect.

. . (31)

1.1 Q R

480d2
1)

2)

240a2d d

2 R1 R2 R2
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6 0n 6 ( 1 1

bo

480 RI R2 (1 R2\2

A kRi R2/ 6 n R, ad Ri-l-R,kn Ril

3)
120 7r6 2 R°

ln
d 960 R dtin -

oz RoRoA Ro

In general the quality factor Q is proportional to
the quotient of volume and surface of the oscil-
lation circuits. In the last case, two round parallel
wires, a volume of the system cannot well be given,
but this is possible in the first and second cases.
Particularly in the case of the Lecher system of
two parallel strips it is immediately evident that
from Q = dla it follows that Q is equal to 2/6 times
the quotient of volume and surface of the oscillation
circuit, which is also confirmed for two concentric
conductors whose radii R1 and R2 do not differ too
much. For two concentric cylinders whose radii

are very different the current density in the inner
cylinder is much greater than in the outer, and con-
sequently this general formula no longer holds
exactly. From the second line of the table it is
possible to calculate those ratios of the radii of the
two concentric cylinders for which the quality

Fig. 17. Concentric open Lecher system of slightly more
than a quarter wave length, which serves as a practically
loss -free small self-induction for the stabilization of the high -
frequency oscillations excited by a radio valve. The inner rod
is made of quartz to prevent thermal variations in length, and
is surrounded by a covering of copper in which there is an ac-
cordionlike connecting piece. In a the components may be
seen, in b the application of the system in a short-wave trans-
mitter of 1.2 m wave length.
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factor Q and the resonance resistance .R are as large
as possible. One finds then R2/R1 = 3.7 and ap-
proximately 9, respectively.

Lecher system as a stabilizer

The capacities between the electrodes of trans-
mitting valves do not remain entirely constant
while the valve is in use, and since these capacities
form part of the tuned circuit the frequency of the
oscillation excited varies. This is avoided by the use
of connections in which a large capacity is connected
in parallel with such variable capacities so that
the influence of the latter becomes much smaller.
The oscillation circuit is then further tuned to
resonance by *a self-induction which is in parallel
with these large capacities and which must therefore
be small-. In addition to cavity resonators, concen-
centric open Lecher systems can also very well be
used for this purpose. Such Lecher systems have
a very high quality factor; and with a length of
slightly more than a quarter wave length, :they
form a small, practically loss -free self-induction as
May be seen directly from (24). Such a concentric.
Lecher system to be used as stabilizer in short -
Wave transmitters is shown in .fig. 17.

Radiation losses

In the foregoing discussions we have only taken
into account the ohmic losses in the Lecher system
by ascribing to it a resistance /J.. Radiation losses
may, however, also occur, and we shall discuss them

briefly in conclusion. In practice radiation of energy
is often avoided by shielding the Lecher system
by means of a metal tube, If, however, this has not
been done, then with a short-circuited Lecher
system of a quarter wave length with a distance d
between the conductors, the energy radiated per
second is approximately

d2
P = 1 200 in2

A2watts,
. (32)

where io is the maximum current in the bridge.
The same amount of heat would be developed in
an equivalent resistance req per cm distributed
uniformly along the Lecher system:

d2
jo2 req 2.18 = 1200 7:02 ,

so that
9 600 d2

e (33)

For a Lecher system of a quarter wave length
which consists of round wires with a diameter of
2 mm stretched at a distance of 1 cm away from
each other, the following equivalent radiation resist-
ance is foimd at a wave length of for instance 75 cm:

req ='0.025 ohms per cm, . (34)

which is of the same order of magnitude as the ohmic
resistance rr per cm for this system.

e ,
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MERCURY LAMPS FOR USE IN MAKING HELIOGRAPHIC PRINTS

by A. A. PADMOS and J. VOOGD.

The requirements are studied which must be made of lamps for use in making heliographic
prints. A mercury discharge lamp with atmospheric pressure constructed for this purpose
is briefly described. In conclusion the best method of using this lamp in heliographic print-
ing machines is indicated.

Introduction

With the help of the heliographic printing process
it is possible to make reproductions quickly in
natural size of tracings, pages of typing and the
like. The method of the "contact print" is usually
applied. The light passes through the 'original".
which is to be reproduced and then falls upon, the
printing paper which is placed behind it. In simple
printing frames such contact prints are made one
at a time as in making copies in ordinary photog-
raphy. In larger printing machines the printing
paper, together with the original, is carried by a
transport band along the back of a bent glass sur-
face. The operation of such a machine is represented
diagramatically in fig. 1. A source of light <L illu-

L

C 38995

Fig. 1. Principle of the method of operation of a heliographic
printing machine. L source of light, G glass plate, T transport
band running over the cylindrical rollers A, B and C.

minates the cylindrically,bent glass plate P. .The
transport band ..rims -along the back of this plate.
At the roller A the diginal togeOipi-with the Printing
-paper is inserted between the glass and thetransport
band. The speed With Which the transport band T
carries the paper' aiongy the glass then deteiMiries-
the time of exposure. At' the roller B the originall and
the print are tayen off the, machine and the Pint
is then 'Ae.veloped. With' the help; of the roller c the
transpeit band may be :put under more or less
tension,

-
The success of this method is chiefly "due to the

fact that cheap kinds of printing Taper can be
tamed, which because of certain?. properties are
especially suitable for use on a -technical scale:` One
of these is the fact that with these kinds of printing

621.372.3 : 778.16

to such a small extent only in the ordinary illu-
mination of work rooms that no special precautions
need be taken for protecting the paper from the
light in order to prevent premature photochemical
reactions.

For the rapid production of prints an intense
violet illumination must be provided. The helio-
graphic printing process would not have become so
common if there had been no sources of radiation
available whose properties are well adapted to
those of the, printing paper. It was only because
of this that it was possible to use the short exposure
times, without which the modern heliographic
printing industry would be unthinkable.

Requirethents for the printing lamp

Originally ,heliographic prints were made exclu-
sively with daylight. The making of a single print
then required an exposure time of many minutes.
Practically no improvement could be obtained by
using electric lamps for printing, since they also
provide only very little violet radiation.

The introduction of the carbon arc lamp, however,
meant an important advance, since this lamp gives
a reasonable intensity of violet radiation so that
with it printing speeds are  reached which vary
from a half to several minutes, depending on the
nature of the original which is to be printed and
on the kind of printing paper used.

There. are, hOwever, disadvantages connected
with use =of the carbon arc lamp which justify
the search for a different type of light source for
irintinCni- achines. For example, carbon arc lamps
require- much care since new carbons must be
regularly inserter and 'the lamp glasses must be
cleaned. Furthermore they often fail to burn quietly,
'While due to the lack of uniformity in the light -dis-

-

tribution it is sometimes necessary to move the arc.
The developinent of mercury yapoar, lamps made it
possible to avoid all these difficultiei. These lamps
require, no upkeep; burn very regularly and can be
so constructed that ,they give a suitable light dis-

' tribution;
paper the photochemical reaction is caused by If we briefly examine the requirements Which are
the action of violet radiation. This radiation occurs made of a printing lamp, the first will be that of a

s.-

. .



AUGUST 1941 MERCURY LAMPS FOR HELIOGRAPHIC PRINTS 251

short exposure time. This means that lamps must
be used which have a high power and which more-
over give a large part of their radiation in the violet.
As to the total output of the lamps in a printing
machine, it will be limited by the maximum tem-
perature which is  permissible on the glass plate
and transport band. In large printing machines
with carbon arcs the lamps consume 6 to 10 kW.
The total power of the mercury vapour lamps which
must be installed in such a machine may therefore
not be greater than this order of magnitude.

In the second place the efficiency and the life
of the mercury vapour lamps should justify their
use as printing lamps economically also, while
in the third place the dimensions of the lamp should
be chosen 'so that a uniform light distribution is
obtained. The linear form of the mercury discharge
lamp is particularly suitable for this purpose. For
a printing machine with a transport band 1 m wide
a satisfactorily uniform light distribution can be
obtained with two lamps 50 cm long in a line.

Finally it is necessary that the current or voltage
should not be unreasonably high upon ignition or
during use. It has indeed been found possible to
construct a mercury vapour lamp which satisfies
the requirements here mentioned and which has
already proved its value as a printing lamp in prac-
tical use.

Construction of the printing lamp

In the development of the printing lamp the
foundation was a mercury discharge lamp with a
pressure of about 1 atmosphere. Since during use
the temperature of the surroundings and the cooling

of the lamp are practically constant a single layer
glass wall was sufficient. The distance between the
oxy-cathodes is 55 cm, while the external diameter
of the lamp is 3 cm. The length of the light column
of 55 cm was chosen in order to be able to illuminate
a width of 100 to 110 cm uniformly with two lamps
placed end to end or overlapping slightly. The lamp
consumes a power of 1 900 W at a current of 8.7 A
and a working voltage of about 240 V. In series
with a suitable choking coil the lamp can be con-
nected to an A.C. voltage of 380 V. With the help
of a specially constructed leakage transformer the
lamp can also be connected to 220 V. Lamp and
series apparatus consume a total of about 2 kW.
In fig. 2 this printing lamp with choking coil is
shown.

In order to characterize the spectral energy dis-
tribution of the lamp, the energy current density IA
in erg/cm2 sec in the perpendicular plane bisecting
the axis of the lamp at 100 cm distance from the
axis for different wave lengths is given in table I.
In the last column of table I the contribution of the
different wave lengths to the photochemical reaction
in the printing paper is given. For this purpose
is multiplied by the spectral sensitivity VA of the
paper and by the spectral transmission dl of the
glass plate. The values in the table are given on a
relative scale such that for the wave length 4 047 A
the value of 100 is obtained.

The speed at which prints can be made with this
mercury lamp is practically the same as with an arc
lamp of the same power. The exposure times neces-
sary for making a print vary between about 10 and
15 sec.

Fig. 2. Printing lamp with an arc length of 55 cm with corresponding choking coil.
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Table I

/A in erg/cm2 sec
at a distance of 100 cm

PHILIPS TECHNICAL REVIEW

IA VAdAina
relative scale

5 770-5 791
5 461
4 358
4 047
3 655
3 342
3 130
3 012

7 920
6 360
4 930
2 520
3 490

70
105

20

0

0

132
100

75
0.20
0

0

Use of the printing lamp
The mercury lamps here described have of course

quite a different light distribution from that of the
carbon arc lamps used formerly. In the end the
use of the new printing lamps will also lead to a
different construction of the printing machine,
but it has, nevertheless, been found quite possible
to replace the carbon arcs in existing machines by
mercury lamps.

Fig. 3 shows such a printing machine which is now
equipped with mercury lamps. By placing mirrors
at the ends of the lamps perpendicular to the axis
of the tube the distribution of the illumination could
be made more uniform and, moreover, the necessary
exposure time could be shortened. In practice,
however, it is found that the refitted printing ma-
chine of fig. 3 is quite satisfactory; the advantages of
the mercury discharge over the carbon arc are
fully exploited, while with the same power of the
lamps prints can be made at the same speed.

Vol. 6, No. 8

Fig. 3. Printing machine in which the carbon arcs have been
replaced by mercury lamps. To the left below the machine may
be seen the choking coils belonging to the mercury lamps.
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SEVERAL TECHNICAL PROBLEMS IN THE DEVELOPMENT OF A NEW SERIES
OF TRANSMITTER VALVES

. by E. G. DORGELO.

The,use of shorter and, shorter radio waves involves a steady decrease in the dimensions of
the transmitter -valves. When it is at the seine time desirable not to decrease the energy
dissipation in the valve, various parts of the valve become relatively more heavily loaded.

-An indication is given -in this article of how several technical problems connected with
t1;is are solved in the case of a new series of Philips transmitter valves.

Introduction

- Under the influence of the rising standard of
performance required in the field of television, a
great demand has arisen in recent years for trans-
mitter valves which can -Work 'witli high efficiency
on the wave lengths of 5 to 6 m `used in television.
The existing types could to some extent be used
for such wave lengths, but usually worked at low
efficiency, and, moreover, they often involved great
difficulties in the design and adjustment of the
transmitter.

In connection with this an entirely new series of
transmitter valves has been developed, which is
suitable not only for long waves but also for the
short waves mentioned above. In appearance this
type, of valve differs from the older types mainly
in its much smaller size. This small size was neces--
sary on the one hand to diminish the transit time
effects, and on the other hand to make possible a'
better adaptation to the transmitter by smaller
electrode capacities and smaller self- and mutual
inductions in the connections.

The series of valves now developed consists of
four triodes of about 250, 600, 1 200 and 2 500 W'
telegraphy output 1) respectively, three pentodes
of about 200, 500 and 1 000 W and a push-pull
pentode also of about 1 000 W (see fig. 1).

The application of the push-pull principle was
justified by the consideration that otherwise at

1) By "telegraphy output" we mean here the maximum
output in class C adjustment. With this arrangement_ the
control grid voltage is so strongly negative that anode
current flows for less than half A period.

621.396.615

the wave lengths of a few metres many of the ad-
vantages of the pentode connection ate lost (for
a detailed discussion of the advantages and dis
advantages of triodes and ,pentodes we -refer to an
article published earlier 2). While at =longer wave
lengths screen grid and, suppressor grids function
as shielding cage due to their constant potential,
and thereby make special decoupling measures
(neutrodyning) unnecessary,' at very short waves
this is no longer true. The self-induction of the con-
nections forms such a high impedance at these
frequencies that the screen -grid alternating current
causes the potential of the screen grid to vary ap-
preciably.

A solution of this is to connect two valves in
push-pull connection and supply the corresponding
electrodes together through a single line, so that
the alternating currents cancel each other in 'this
line. There then occurs no A.G. voltage along these
connections. BetWeen the common connection and
each of the electrodes, however, there remain con:
nections which are not in common. These connec-
tions may also still have too much impedance at
very short waves, so that recourse must then be had
to reducing their impedance with the help of series
resonance. The filament connection also must often
be tuned in this way (see fig. 2).
These precautions are, however, at least with wave
lengths of a few metres, not yet necessary when the
two electrode systems are assembled in a single bulb

z

2) J. P. Heyb o er, Philips techn. Rev., 2, 257, 1937.
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Fig. 1. Photograph of a series of new transmitter triodes and pentodes which were devel-
oped on the principles set forth in this article. The output in telegraphy adjustment.
class C, for the series of pentodes (lower row) is, from left to right: 1 000, 1 000, 500, 200 W,
and for the series of triodes (upper row) it is 2 500, 1 200, 600, 250 W.

and joined with the shortest possible connections.
A particularly compact solution is obtained by
surrounding the two cathodes and control grids
with a single screen grid and suppressor grid (fig. 3).
This concept is realized in the push-pull pentode
PPB 3/800 which can work entirely without extra
tuning to the shortest wave lengths which it can
reach (2.5 metres).

For the fundamental requirements which every
transmitter valve must satisfy we may refer to an
earlier article in this periodical 3). In addition to
the points touched upon here, which are connected
with form and manner of construction of the mod-
ern transmitter valves, the requirement of small
size also raises technical problems which will be
discussed in the following sections.

8) H. G. Boumeester, Philips techn. Rev., 2, 115, 1937.

a b
39235

Fig. 2. a) Diagram of two pentodes in push-pull connection.
The parts of suppressor and screen grid connection not pos-
sessed in common are tuned with the help of variable series
capacities. The regulation of the filament impedance is by
means of Lecher systems of the length 1/2 A. As oscillation
circuits in anode and control grid circuits Lecher systems
are also used (length 1/4 2.).

b) In the push-pull pentode PPB 3/800 only the grid and
anode circuit are tuned. The filaments are connected with
very short connections inside the valve. Furthermore there
is only one common suppressor and screen grid.
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Fig. 3. Cross section of the electrode system of the Push-pull.
It ' ! pentode PPB 3/800. ,,The shielding between -the two halves,

.' of the anode prevents electrons from the right-hand cathode
' from reaching the left-hand anode, and vice versa.

. '
' . .. .

' Fundamental differences between the modern .and
;,the older types of valves ' . .

. .
. .

- ...  We shall here first mention thoge parts of a valve
1 .to which special attention must be paid, and later
" discuss two of them in more detail. ' . - '

a) Grid.s.nnd anode

Small diniensions mean small, surfaces, and dins
with a given power a high 'sPeCific dissipation. It
is therefore necessary to use for the electrode system
a material which can withstand high temperatures.
Nickel and iron are less suitable because of their
fairly great volatility; molybdenum, tungsten and
tantalum are better. In the -new series of Philips
valves molybdenum has been used exclusively
for anode and grids, and all connections are clinched
with molybdenum rivets or welded directly.

b) Cathode

The high working temperature, which in the case
of the anode may amount to 800-900 °C, prevents
the use of anything but pure or thoriated tungsten
for the cathode. Oxide cathodes would be too much
overloaded due to heatindfrom.the other electrodes.
Considering the high emission of thoriated tungsten
compared with pure tungsten (about 70 mA/W
versus 6 mA/W) the former has been chosen. With
a relatively low filament power a good anode current
can now be obtained, so that these valves can deliver
a satisfactory output with a fairly low anode
voltage (3 000 V or lower). Especially.on the short-
est waves where the circuit losses beconie very
great at -high voltage this is important (see fig. 4).

100

255

t -

The ' fact that great..
,

power is dealt with in a
, ,

small electrode Tsystem necessitates making the
covering: of ,the valve, the bulb, either very large
in. -diameter or of a kindyof gla;S which does bot

.
easily *soften. When kard glass is.-,usedtthe bulb can
he 'made quite narrow;: so that'''short leads 'with

 slight self- ana mutual incinCian are obtained..The
Use`of this :glais at first preseniedsliffienities because
of, the, fact that Ahe existing linds of hard glass
beame- slightly conducting,' espetially 'at the
high, working temperature here, prevailing, 'so that
particularly :the 'fused -in leads were electrolytically
attacked: By Making ,nse 'of newly developed' glasses
and a Kising-in techniqUe borrowed -from the quartz
lamps, hoWevei; it was possible entirely to overcome
these ,diffieuges, .;as will be' described in the fol-
lowing. .  .d

1
j-

600

11111111111111111111111111111111111111111111111111111=
111=111111111111111131111111111111111111111111111111111M%

11111111111111111111111111211111111111111MMIEMUM
1111=1111111111111M11111111111111M

111111111111111111111AMialeillIMEIIIIIIIIIEN
111111111111111111111111M1111111111111111111111111111111111

111111101111031111111111111111111111111111111111111MMIN
111111/a11111M111111111111111111111111111111111111111111111
11111121111111111111E111/11111111111111111111111111111111
1111/111111111111111111111111011111111111111111111111111ME
11110111111111111111111M11111111111111,1111MMIE
111111111111111EMINIMINNIMENESIMI

If 17m
39237

Fig. 4. Output of a PPB 3/800 valve as a function of the wave
length. It may be, seen that'it is mote advantageous to lower
the anode voltage to a definite limit at short wave lengths,
since the losses; in the circuits of the transmitter increase too'
rapidly with the voltage. In connection with this effect it is
desirable to construct valves for short wave lengths for a
relatively low anode voltage.

d) Getter

Another result of the high temperature was the
difficulty of maintaining a sufficiently high vacuum
during use. Ordinary getterg such as barium and
magnesium could not be used here for various
reasons. Aside from the great - hindrance to the
heat radiation formed by the mirror deposited on
the bulb wall, the mirror also constitutes an un-
desired and badly reproducible capacity with re-
spect to the electrodes. At a bulb temperature of
300-350 °C the vapour pressure of barium and mag-
nesium is also already so high that one may scarcely
speak of a "vacuum".
-!Zirconium, whose getter properties have already

been discussed in this periodical 4), lacks the dis-
,

4) J. D. Fast, Philips techn. Rev. 5, 217, 1940.

C
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advantages mentioned. It can easily be deposited
on the electrodes in powder forni and thereby auto-
matically takes on the temperature necessary for
satisfactory functioning.

In the following we shall go into somewhat more
detail about the bulb and the getter.

The bulb and the electrode leads through the glass

As already mentioned, electrical conduction
,easily occurs in the glass of the bulb, especially
betweeri the fused -in leads. Conduction in glass,
like the electrolysis of liquids, is based upon the
movement of ions. In the Conduction in glass sub-
stances are also deposited at the poles. The presence
of these substances results in general in a lessened
reliability' of the fused -in leads. The oxide layer
usually present on the metal is discoloured, gas
bubbles are formed in the boundary layer and after
some time the valve begins to leak. As .a result of
di -electric losses which always accompany the elec.:
trical conduction in the case of bulbs of transmitter
valves, this phenomenon becomes more disturbing
the shorter the wave length.
' Since all the ions which occur in glass are not
equally mobile, by a suitable choice of compogition
of the glass a considerable improvement of the in-
sulating power can be attained. During recent
years types of glass have been successfully manufac-
tured whose electrical conductivity is many
thousand times smaller than that of ordinary hard
glasses (fig. 5).
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Fig. 5. Electrolytic conductivity of glass as a function of the
temperature. In a piece of glass two wires of 1 mm diameter
are fused in over a length of 1 cm at a distance apart of 1 cm.
Between the wires a D.C. voltage of 100 V is applied. The cur-
rent increases approximately according to a power of a with
the temperatbre. Four groups of glass can be distinguished:
a) Borosilicate glass. Softening point 525-550 °C. Resistance

low.
b) Soft glass (lead glass). Softening point about 450 °C.

Resistance fairly high.
c) Hard glass. Softening point 700-1000 °C. Resistance high.
d) "Electrolysis -free" glasses. 'Softening point 550-600 °C.

Resistance very high.
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Another great improvement was the introduction
of bare metal leads through glass. By means of the
correct technique of fusing in, in combination with
the use of suitable kinds of glass, it was found pos-
sible to fuse in leads of molybdenum and tungsten
entirely free of oxide. Such bare leads are distin-
guished from the earlier leads by the fact that even
at working temperatures of 400 °C and more they
remain absolutely vacuum tight.

. Leads through glass of this type are used in the
pentodes of the series here described for the base
leads (filament, control,, screen and suppressor
grids).

The top leads (anode and a second connection of
the suppressor grid) have a considerably larger
high -frequency current to withstand, since the out-

 put circuit is connected to them. Of themselves
the bare molybdenum or tungsten leads through
glass would be quite satisfactory here; it is, however,
difficult to fasten a suitable binding post arrange-
ment to them. Direct connection is out of the
question because of the brittleness of fused -in
molybdenum or tungsten.

A much stronger arrangement is obtained by the
use of heavy copper pins which are fused to the
bulb by means of a "fernico" ring soldered to them.
These leads can easily withstand 50 A or more.

In the triodes Of this series copper with fernico is
also used for the base connections (filament).

The zirconium getter

Pure zirconium has a very strong tendency, de-
pending on the temperature, to bind gases. When
used in powder form a large active surface is ob-
tained while gas is then taken up even at low tem-
peratures. In general it may be said that for bind-
ing oxygen and nitrogen red heat is necessary,
while hydrogen is taken up only 1.)37- the non -glowing
parts (see the article referred to in footnote 4).

In a transmitter valve all these temperatures are
as a rule present at the same time. Thus in the case
of the largest of the valves here described the
maximum anode temperature is about 800 °C, the
lowest about 300 °C, while connection strips and
the like may be still colder. Since a good vacuum is
necessary here in the first place for maintaining
the cathode emission (tungsten-thoriuni cathodes
are very sensitive to oxygen), it is obvious that the
zirconium powder should be placed in the imme-
diate vicinity of, the filament.

In the case 'of the pentodes of this series the
screen grid as well as the anode is covered with
zirconium. In the case of the triodes also it was
natural to make use of such a shielding cage which
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in this case could only be formed by the 'control
grid. While indeed the control grid of a triode
usually has a lower working temperature than the
screen grid of a pentode, the getter action is in
this case increased by the fact that the zirconium
On the control grid has a low electric potential with
respect to the surroundings, so that any positive
ions present^ire drawn to it. It was actually found
possible to maintain a, good vacuum in a triode
also by this means:
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Fig. 6. Grid current characteristics of the valve TB 3/1 000,
, a) without zirconium, b) with a very thin layer of zirconium

powder on the grid. Because of the fact that the coefficient
of secondary emission of molybdenum is greater than unity '
for electron velocities of several hundred volts, a negative
grid current may occur in a). In practice, however, a high
positive grid voltage is accompanied by a low anode voltage,
so that with a well constructed valve the momentary value
of the grid current always remains positive.

The covering of electrodes with zirconium has
still other results., As was described in the article
referred to in footnote 3), zirconium decreases the
secondary emission of the surface upon which it is
deposited. Since the total current to an- electrode
is the sum of the primary emission falling on the
electrode and the secondary' emission counter to
it, influence can be exerted on the total current
by covering the electrode with more or. less. zir-
conium.

In the case of the control grid the desire is as
a rule to make the total current as small as possible.
Every increase in the grid current is accompanied
by an increase in the excitation power and thus
a decrease in the energy amplification. It is therefore
best in this case when the secondary emission is
as nearly as possible equal to the primary electron
current received.

Now in the case of modern transmitter valves this
is usually approximately the case even without the
deposit of zirconium. They are constructed for low
voltage and great current density so that there is
so much space charge in the valve that secondary
electrons pass through it with difficulty, and the
secondary emission current, which of itself is' con-

siderably larger than the primary current, is reduced
to about the desired value.

Covering the grid with zirconium would in such
valves disturb the . equilibrium between the cur-
rents, and thus 'have an unfavourable effect. In
order to give some idea of the change in grid cur-

. rent caused by covering it with zirconium, several,
characteristics are shown in fig. 6. In the case of
the valve with zirconium -covered control grid, used -
in a high -frequency connection, the grid current
was 165 mA and the energy amplification 18 times,
compared with 90 mA and 39 times in the case of
the ordinary valve. In order to prevent such an
increase in the grid current, in the new valves with;
zirconium getter only those pa'rts of the control
grid were covered which are not exposed to a direct
bombardment by primary electrons. The parts
here involved are the grid rod and in some cases
the half of. the wire surface 'which does not face the
filament.

In the case of the anode also covering (the inside)
of the anode with zirconium affects- the charac-
teristic. In fig. 7 the is- Va characteristics of two
1 000 W transmitter tetrodes are shOwn. One has
a bare molybdenum anode; in the oilier the anode
is covered internally with zirconium. In the latter
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Fig. 7. The is-Va characteristics of two tetrodes. The upper
characteristic refers to a tetrode with molybdenum anode;
the lower characteristic is obtained when the anode is covered
internally with zirconium powder.
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Fig. 8. Two modern transmitter triodes (left) and two used formerly (right) of about the
same output. The photograph illustrates the enormous decrease in external dimensions.

case the familiar link which occurs as a result of
the secondary emission for Va<Vg2 has disappeared
almost entirely, and a characteristic is obtained
which may compare with that of an ideally con-
structed pentode 5).

Another favourable property of the powdered
zirconium is its great capacity for radiating heat,
which amounts to 80-90 per cent of that of a black
body 6). Because of this the specific dissipation of
the anode and grids could be further considerably
increased. It is clear from fig. 8 how this permitted
a reduction in dimensions compared with the
earlier valves.

Thanks to the measures here described a great
improvement could be obtained in the short wave
properties. Most of these transmitting valves can be
used on wave lengths down to 3 m without the ef-
ficiency, which amounts to 70 to 75 per cent for
long waves, being too much diminished (see fig. 9).
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5) In judging this characteristic it must be kept in mind that
different requirements are made of a transmitter valve to

than of a low -frequency output amplifier valve. Thus the
"zirconium tetrode" when used as low -frequency amplifier
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will still give too much distortion, while in excitation or Fig. 9. Survey of the maximum obtainable outputs of the new
amplification of high -frequency energy this is of no im- series of transmitter valves on short waves. In different cases
portance. the triodes give a higher output than the corresponding pen -

6) Other finely divided substances such as tungsten also pos- todes; this takes place, however, at the expense of a much
sess this property (see the article referred to in footnote 3). higher excitation power.
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LAMPS FOR USE IN PHOTOGRAPHY

by N. A. HALBERTSMA and J. A. M. van LIEMPT.

In lamps for photographic purposes the temperature of the filamentis much higher than
in lamps for ordinary use at the expense of the life of the lamp:A much higher luminous
efficiency is obtained, however, and this gain is manifested more strongly by the sensitive
photographic plate than by the eye. Quantitative data are given oil this subject. In con-
clusion the different types of electric lamps for photography by artificial light are briefly
discussed.

,

'At the present time there are' many kinds of
.sources of light available for making photographic
exposuies by artificial light. Besides magnesium
light, which was formerly much used for photog-
raphy by artificial light; and from which the flash-

_

light lamp was developed 1), electric lamps are
commonly s used, especially in studios. They give
of course less intense illumination and are also less
easily moved about than the flashlight lamp, since
this lamp carries its own store of energy, while
the incandescent lamp must be connected to the
light mains. On the other hand, however, it may
be regarded as., an advantage that with electric
lamps the object to be photographed can be studied

.,,beforehand in the full illumination in which it is;
to be photographed, and that the expense of the
electric lamp per exposure in less than that of a
flashlight lamp. Whether the advantages of the
flashlight lamp or those of the electric lamp are to
predominate will depend on the purpose in view.
So each of the two types of light sources has its
own field of application.

In recent years electric incandescent lamps have
been replaced in many fields of illumination' by
discharge lamps. Some of these digcharge lamps, as
e.g. the sodium lamp, exhibit unexpectedly fa-
vourable properties for photographic use 2). The in-

, candescent lamp, however, because of the ease of use
and the absence of auxiliary apparatus, will main-
tain its importance in this field, so that it is justi-
fiable to manufacture lamps adapted to the special
need's of photography. The following account of
the development of such lamps may serve to fa-
cilitate a choice among the different types of lamp
which are' manufactured for photographic uses.

Actinic radiation intensity and length of life,

The choice of temperature for the filament of an
electric lamp represents a compromise between two

1) For the flashlight lamp "Photoflux" see Philips techn. Rev.
1, 289, 1936.

2) On the application of sodium lamps and other gas -dis-
charge lamps in photography see Philips techn. Rev. 2,
24, 1937; 3, 91, 1938 and 4, 27, 1939.

771.448.1

requirements: that of a high luminous efficiency and
that Of a reasonable length of life. It is possible to
make lamps of very 'different life, but the longer
the life the lower the tempeiature of the filament as
-well as the efficiency will be. Lamps for general
lighting purposes are designed for an average life
of 1000 hours. The luminous efficiency then
amounts to 10-16 lm/W; depending upon the size
and the voltage of the lamp. The permissible load:
on the house fuses or groUp fuses does not permit
generally to connect more than 2 lamps of 500 W,'
corresponding to a light flux of 16,000 lumens.

Although the illumination which is thus obtained
'does not amount to more than a few per cent of
'average daylight, the adapted 4e 'Will consider 'a
robm illuminated with the light flux mentioned
as "bright as daylight". For photographic materials,
however, where the phenomenon of adaptation is
absent, the flux of light mentioned will be insuf-
ficient in many cases, especially when, for example
for the sake of depth of focus, the large apertures.
of modern types of lenses cannot be used.

It is therefore desirable to increase for photo-
_ graphic purposes the efficiency of electric incandes- .

cent lamps' at the expense of ' the length of life.
Since these lamps' are only used for a few minutes
at a time, their life is of only secondary importance
and a considerable increase of efficiency is not too
dearly obtained with the reduction of life to a few
hours.

The increase of luminous efficiency, when the"
temperature of the filament is raised, may be ex-
plained as follows: in addition to an  increase. of
the radiation for each wave length, the spectral
composition of the. radiation is shifted towards
shorter wave lengths (see fig. la) and since the
greatest part of the emitted radiation lies in the
infrared, this' means that a larger part ,of the
radiation becomes visible. Since the maximum
sensitivity of photographic emulsions lies at shorter
wave lengths than that of the eye, the photographic
efficiency of the radiation, when the temperature
is raised, will increase more rapidly than the
luminous flux. This photographic action, the ac-
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Fig. 1. a) Spectral intensity distribution of an incandescent
tungsten, surface for different temperatures which are indicated
in °K.

.

b) Spectral sensitivity curve V of the eye and the sensitivity
curves of different kinds of photographic emulsions (schemat-
ically): I non colour -sensitized, II orthochromatic. III pan -

'chromatic.
As a measure of the photographic sensitivity the,reciprocal

of the value of the radiation energy in erg/cm2 which is nec-
essary to obtain -a density 0.1 above fog is used.
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tinic value of the radiation, is of course also depen-
' dent on the nature of the light-sensitive emulsion;
in the case of panchromatic emulsions the actinic
value, of the radiation will be much higher, and
its variation with. temperature will be found to
correspond more 'closely with that of the visual

 efficiency than in the, case of orthochromatic or
ordinary, non colour -sensitized, emulsions.

As an example, the average spectial sensitivity
curves of a panchromatic, an orthochromatic and

an ordinary, non colour -sensitized emulsion are
reproduced in fig. lb together with the relative
eye -sensitivity curve V. With the help of the radi-
ation curves of fig. la the visual and actinic effi-
ciencies of the radiation have been calculated from
these curves by a .numerical integration for each
temperature 3).

The results are given in table I. Besides the visual
intensity (light flux and three different actinic
intensity values of the radiation), the table also
gives the voltage, the power consumed, the life '

and the luminous efficiency for each temperature
indicated. Since we are only interested in relative
values, the values in all the columns were set equal
to 100 for the normal filament temperature of
2650 °K, with the exception of the length of life,
for which 1200 houis were taken 4). ,

The table shows that the visual light intensity
and the actinic value, like the length of life, vary
very much with the temperature. If the tempera-
ture of the filament is raised by one per cent, the
visual light intensity of the radiation increases by
an average of 9 per cent. The actinic radiation in-
tensities, on the other hand, rise by from 10 to 12
per cent, so that the actinic effect per unitof light
flux becomes greater with increasing temperature.
On the other hand, a temperature increase of one
per cent causes the life to decrease by not lesi than
30 per cent. From this is follows that in order to
achieve a reasonable improvement in actinic in-
tensity a very large reduction of lamplife must be
accepted.

The different lamps for photographic purposes

Philips lamps for photography may be divided
into two classes: lamps with a life of 100 hours and
lamps with a life of 2, hours. For general photcig,
raphic purposes lamps with a life of 100 hours will
generally be used; lamps of 2 hours life should,
however, be preferred when very high intensities
of illumination are required, as in making instan-
taneous exposures and cinematographic exposures
or in working with colour film. Amateur photog-
raphers, as a rule, use these 2 -hour lamps.

3) The possibility of calculating the sensitivity for hetero-
chromatic light, starting with the sensitivity of the eye
or of a photographic plate for light of different wavelengths,
is based upon the addition law, see Philips techn. Rev. 6,
1941. The fact .that the addition law is really valid for
photographic emulsions, has been demonstrated by A. v.
Kr ev eld, Diss. Utrecht 1933 and Physica 1, 60, 1933.

4) The length of life depends not only on the filament tem-
perature, but also upon the dimensions and the form of
the incandescent filament. Therefore no generally valid
conclusions can be drawn from the values in the table.
The dimensions of the filament here assumed correspond
approximately to those of the "Photolita" lamp, type S.
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Table I

Properties of an electric lamp with tungsten filament for different temperatures *). The
data for the calculation are due to C. Z wikk er, Physica 5, 252, 1925.

Tern-
perature

Colour
temper-

afore
Voltage Power

consumed Life Light
flux

Luminous
efficiency

Actinic value of radiation (%)

pan-
chromatic

ortho-
chromatic

non
colour-

sensitized°K °K 0/o 0/0 h `Yo 0/0

2 650 2 710 100 100 1 200 100 100 100 100 100
2 750 2 820 113.5 119 270 141 116 148 154 159
2 850 2 930 125.2 141 70 196 135 212 230 244
2 950 3 040 138.4 164 19 265 156 299 336 365
3 050 3 150 153 191 6 349 181 408 473 526
3 150 3 260 169 223 2 455 209 548 657 747

Average percentage increase of above quantities for 1 per cent temperature increase

1 0.94 2.89 4.64 -31 9.0 4.3 10 11 12

*) The actinic values for the panchromatic, the orthochromatic and the non -sensitized emulsions are set equal to 100 for a
temperature of 2 650 °K, and may not therefore be compared with each other. To obtain comparable figures the values for the
orthochromatic and panchromatic emulsions should be multiplied by 1.57 and 3.56, respectively.

Besides the length of life of the lamp, its power
consumption and light distribution are also features
to be considered.

The lamps are made in sizes of 500 watts and
250 watts, for all the usual mains voltages. With
a life of 100 hours lamps of 500 watts have a light
flux of 11 000 lumens, while with a life of 2 hours
they develop a light flux of 16 000 lumens. The
latter flux is about twice as large as that which an
electric lamp of normal life would radiate for the
same power.

The gain actually obtained, however, is, as al-
ready stated, greater than represented by the ratio
of 1 : 2, since the actinic value of the light has
increased considerably. If the average of the
examples given in table I (the orthochromatic type
of plate) is taken as a basis for the comparison, a
lamp for photographic purposes of 500 watts, 11 000
lumens has the same actinic value as a regular elec-
tric lamp of about 13 000 lumens burning at normal
temperature, while the photographer's lamp of
500 W, 16 000 lumens has an actinic value equal to
about 25 000 lumens of ordinary electric light. If
ordinary coiled coil lamps would be used for photog-
raphy, the largest type of which has an efficiency
of about 15 lumens/watt, it would be necessary to
install a total of 870 watts instead of one 500 W
lamp of 100 hours and of 1 670 watts instead of one
500 W lamp of 2 hours life. In the case of the lamp
with the life of two hours the power consumed will
therefore be reduced in the ratio 3 : 1, which means,
that with a given permissible load on the mains
an actinic light flux can be excited with the lamp

of 2 hours which is three times as large as that
obtained by coiled -coil lamps. Colours are also
reproduced more faithfully by these lamps than by
daylight.

The light distribution of the different types of
lamps depends upon the shape of the bulb, which
may be partially covered with a mirror and on the
finish of the bulb (clear, frosted, opal). A certain
variety of types enables the photographer to con -

Fig. 2.
side of

The "Photomirenta" lamp with
which is covered internally with

opal -glass bulb, one
a mirror.
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centrate the light in various degrees depending
upon the object to be photographed. By this a
further appreciable gain can be achieved in the
illumination of the object. We shall now briefly
discuss the various types separately.

Lamps with a life of 100 working hours

The lamps with 100 working hours are manufac-
tured in 2 types: the "Photomirenta" lamp and the
"Argaphoto" lamp. Both have 500 watts, 11 000 lu-
mens, and thus, according to the above, an average
actinic intensity of 13 000 lumens. The "Photo-
mirenta" lamp (see fig. 2) has a spherical opal -glass
bulb 15 cm in diameter, one half of which is covered
internally with a mirror. In this way a wide beam
is obtained which by the diffusing effect of the opal -
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Fig. 3. Light distribution curve of the "Photomirenta" lamp
(see fig. 2) in a plane perpendicular to its axis.
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glass, gives no harsh shadows. In fig. 3 the light
distribution is shown. This light distribution forms
a satisfactory compromise for universal application
in the studio of the professional photographer.

The "Argaphoto" lamp has a small bulb without
mirror, so it should be used in combination with a
reflector. In fig. 4 the light distribution curve of a
"Philiray" reflector SC 255 with "Argaphoto" lamp
is shown. The maximum intensity is 20 times the
mean spherical candle -power of the lamp.

The "Argaphoto" lamp with reflector is especial-
ly suitable for taking photographs with artistic
effects, or for providing additional illumination to
that obtained with the "Photomirenta" lamp. For
infrared photography also, with or without an

infrared filter, it is a very satisfactory source of
light.

The lamp is furthermore important in taking
photographs with less sensitive kinds of films, such
as the so-called duplicate film (which can be
developed directly into a positive), and the modern
colour films for miniature cameras.
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Fig. 4. Light distribution curve of the "Argaphoto" lamp with
"Philiray" reflector, type SC 255.

0

Lamps with a life of two hours
The lamps of two hours are made in two sizes:

250 watts with a flux of 9 000 lumens, and 500
watts with a flux of 16 000 lumens.

These "Photolita" lamps, type SM and NM,

Fig. 5. "Photolita" lamp with mirrored bulb in an adjustable
lampholder.
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110°the bulb being inside frosted. They should only
be used with a separate reflector. Fig. 6 presents
the light distribution curve of the "Photolita"

9e lamp type NM.
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Fig. 6. Light distribution curve of the "Photolita" lamp with
mirrored bulb.

have a bulb of a special shape, part of which is
provided with a specular reflecting layer. The outer
surface of the bulb is frosted. These lamps can
therefore be used without reflector, which greatly
facilitates their use by amateur photographers (see
fig. 5). "Photolita" lamps type S (250 watts) and
N (500 watts) are made without reflecting layer,
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Fig. 7. Exposure diagram for a "Photolita" lamp NM or N
(the latter being used in a mirrored reflector. The diagram
is based on the use of orthochromatic material of 4 000 H. & D.
or of panchromatic material of 2 400 H. & D.

Fig. 8. The "Photolita" lamp with internal mirror. In order to prevent radiation of light
toward the rear, the neck of the bulb is blackened. The base of the lamp is provided with
a small spiral spring in order to make it possible to screw the lamp into the lampholder in
the prescribed position.
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In connection with the highly loaded filament
some precautions should be taken in using the,
"Photolita" lamps in order not to shorten still
more the already short life. Lamps with mirror
must not burn in any position, but only in that
indicated on the bulb of the lamp. Moreover, the
mains voltage must never be higher than that
marked on the lamp. Care must also be taken not
to switch on the lamp for a longer time than
absolutely necessary for making the exposure. A
convenient method of accomplishing this is the use
of a series -parallel switch with which two lamps
can be connected in series or in parallel as desired.
For the arranging of the light sources, which in
careful work may take considerable:time, the lamps
are connected in series, so that they burn at reduced
voltage and have a practically unlimited life (about
1 000 hours). Shortly before the exposure the lamps
are connected in parallel. The exposure diagrdm of
fig. 7 shows the exposure times which can be ap-
plied, when using "Photolita" lamps.

Lamps for exact colour' rendering
The combination of any given light source with

any kind of negative material does not in general
produce a correct colour rendering, i.e. the blacken-
ing of the negative does not entirely correspond
to the brightness values of the different colours by
daylight. If an orthopanchromatic or an panbhro-
matic emulsion is used for the negative these inac-
curacies will usually not be disturbing when electric
lamps are used. For very high requirements, 'the
colour rendering can sometimes be slightly improved
by the use of a blue-green or gieen filter.

For still more red -sensitive pan -material special
lamps are made provided with an inside -frosted
blue -glass bulb. There are two sizes, the photo-
graphic lamps type C of 500 watts and type E
of 1 000 watts. The life of these lamps is 300 hours.
These lampi can be used for extra illumination in
daytime, when making colour photographs on day-
light film, which does not give a correct colour ren-
dering with the light of ordinary electric lamps
without filter.
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A SIMPLE SYSTEM OF BAND SPREAD IN SHORT-WAVE RECEPTION

by C. J. van LOON. 621.396.662 : 621.396.62.029.58

While in the system of band spread described previously in this periodical use was made
of separate variation elements (variable condenser or coil) for the' accurate tuning within
each of the five.or six short-wave bands, a system has now been worked out in which
the ordinary rotary condenser used for normal tuning is also used for this accurate
tuning. The range of variation of the circuit capacity is in this case reduced to the desired.
small size by the additional connection of fixed condensers. The results of this, and several
particulars of the practical construction are discussed. The most' important advantages
of the system, in addition to. a better signal-to-noise ratio and complete freedom from
microphonic effect, are the simplicity of the mechanical construction and of the operation.
The latter is now reduced to the same manipulation as the tuning to long -wave and inter-
mediate -wave stations and also takes place with the same knobs.

Introduction

The resonance frequency of an oscillation circuit
which is composed of a fixed self-induction coil and
a, rotary condenser of the usual construction
generally changes between the extreme positions
of the rotary condenser approximately by a
factor 3.5. For the tuning of radio receiving sets,
therefore, the region of the long waves (about
.700-2 000m), the intermediate -wave region (60-560m)
and the short-wave region: (13-50 m) can each
be covered with the help of one definite coil which
is connected to the oscillation . circuit by means
of the so-called wave -length .switch.

In the region of short waves from 13 to 15 m a
complete turn of the rotary condenser thus cor-
responds to a frequency -variation of about
22 500 -- 5 800 = 16 200 kc/s. If two transmitting
stations in this wave -length region lie side by side
with the customary interval of 10 kc/s between
them, an 'extremely slight twist of the rotary
condenser (usually 1/1 600 of the full turn) will
change the tuning from the one transmitter to the
other. In order to make the tuning just as easy
at these short wave lengths as we are accustomed to
with ordinary broadcasting waves, there -would have
to he an extremely fine and accurately reproducible
setting of the rotary condenser as well as a very
much elongated station dial.

The structural)difficulties which are hereby en-
countered have led to a search for a solution in a
different direction. This solution is based upon the
fact that the broadcasting stations in the region
of short waves mentioned are concentrated accord-
ing to the present international agreement in
only seven relatively narrow bands,, see table I.

Each of these bands may be considered as a
separate wave region analogous to the regions of
long waves and intermediate waves, but with the
difference 'that within each of the bands the fre-

Table I

Band
Frequency limits

in .

megacycles/sec
in

df
kc/s Aflf

13 m 21.45 - 21.75 300 1.4% .

16 m 17.75 - 17.85 . 100 0.6%
20 m 15.10 - 15.35 250 1.7% '

.25 m 11.70 - 11.90 200 1.7% '
30 ra ' 9.50 - 9.70 200 2.1% ..

40 m ' 7.20 - 7.30 100. 1.4%
50 m 6.00 - 6.20 200 , 3.3%

quency need not be varied by a factor 3.5 but only
by a few per cent (column dflf table I). Therefore
one may tune to every band with the help of
an absolutely constant, fixed coil and condenser,
and the required slight frequency variation within
the band can be obtained with an extra variable
coil or condenser whose self-induction or capacity
need only be a few Per cent Of that of the fixed
elements, and therefore need not be so accurately
reproducible. Each band is in this way spread over
a full turn of the variation element and over a cor-
responding separate frequency scale with the nor-
mal density of stations. This is the origin of tile
common 'name of "band spread" for these tuning
systems.

In a previous article in this periodical)) the
principle, and two different systems of band spread
in practical use have already been discussed. In
the case of the first system the tuning to each band
was obtained by combination of certain fixed coils
and condensers. The set in which this system was
used was a superheterodyne receiver with three
tuned circuits, namely aerial circuit, high -frequency
amplifier circuit and oscillator circuit; the band
spread was, however, applied only to the last cir-
1) Ritdio sets with station dials calibrated for short waves,

Philips techn. Rev. 4, 284, 1939.
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cult. In order to tune the other -two circuits which
work without band spread at least roughly, they
first had -to be set on the band with the ordinary
set of rotary condensers; then by means of a
switch the condenser group of the oscillator circuit
was replaced by a fixed capacity with a separate
small variable condenser in parallel with it. The
latter had a separate drive and station dial by means
of which it was now possible to tune accurately
within the band.

In the case of the second practically constructed
system the same fixed coil was used for all the bands
and the tuning to each band was accomplished by
putting the set of variable condensers (linear action
condensers) used for the ordinary tuning into a
definite very accurately determined position me-
chanically. Thus all three circuits were already

/ tuned to the band, and in two circuits, namely
that of the oscillator and that of the high -frequency
amplifier stage, band spread was now applied by
tuning within each band with a small variable
self-induction (coil with sliding iron core), which
again had its own drive and dial.

We shall not go into the specific advantages and
disadvantages of these systems; attention must only
be called to the fact that the introduction of each
Of these band spread systems caused the appearance
of two new operating knobs on the front panel of
the set, namely one for the choice of the band
and one for tuning within the band. Although of
itself this is contrary to the universal attempt to
keep the operation of receiving sets as simple as
possible, it was accepted in the expectation that
when new facilities are offered the user will accept
a somewhat more elaborate operation into the
bargain. Then after some time, when the, novelty
has worn off, in addition to improvements the re-
quirement of simple operation again becomes im-

. portant, while at the same time the manufacturer
Will also try 'to use the new invention 'in cheaper
sets by simplifications in the construction; and thus
make it available to, a larger circle of users.

In conformance with this general line of develop-
ment, a new system of band spread has been worked
out by Philips, which makes the operation just as
simple as it formerly .was. The, basic idea is that it
represents a certain extravagance to use a separate
variation element for the, tuning within the band
while there is already a variable element present
in 'the shape of the ordinary rotary condenser.
The latter has of course a range of variation of the
capacity which is several himdred times as large as
is required for the tuning in  each band. The va-
riation 'of the circuit capacity resulting from this

can, however, be reduced to the desired size in a
relatively simple way. The separate operation ar-
rangements for the band spread may then dis-
appear again: the choice of band can be made with
the same wave switch and the tuning within the
band with the same tuning knob which is used for
the intermediate and long -wave regions 2).

The use of the ordinary tuning condenser as variation
element

How is the reduction of the variation range ac-
complished? More precisely stated,  how can it
be brought about that upon a full turn of the ro-
tary condenser the total capacity C of the oscil-
lator circuit varies only by a small amount Z1C,
and, ilfif = 1/2 LIC/C takes on the values indicated
in table I (or slightly larger) ?

a)

Fig. 1. In the oscillator circuit consisting of the coil L and the
rotary condenser Cd a fixed condenser can -be connected in
parallel (Cp in a) or in series (C, in b) with the rotary con-
denser. Cr, represents the parasitic capacities in the circuit.

The simplest way of reducing the variation range
of the capacity is to connect a fixed condenser
in parallel or in series with the rotary condenser,
see fig. la and b. Let us first consider fig. la. In this
diagram Cn represents all the parasitic capacities
of the circuit. Without Cp the circuit capacity
would change from the small values Cn Cd min
(when Cd min is the zero capacity of the rotary
condenser) to the value Cn Cd max upon a com-
plete turn of the rotary condenser. In a practical
case the following may be true: .

Cn = 30 [ttLF,
cdmin = 10 ty.F,
Cdmax = 450 ti.t.t.F

so that the circuit frequency may vary by the factor
1/450/40 '3.5 already mentioned. After the con-
nection of Cp, however, the ratio between maximum
and minimum capacity becomes

Cp Cn Cdinax

Cp Cn Cdmin

and it is clear that when the capacity Cp in parallel

2) In the first practical model of the new system, in order
not to make the wave switch too elaborate or complicated,
an extra switch was introduced for the choice of the band.
This is, however, not essential and can be avoided by using
a different switch mechanism.
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is chosen large enough the frequency variation AfIf
upon a full turn of the rotary condenser can be
reduced to any desired small value. For example,
in order to make AfIf = 2 per cent in the foregoing
specific example Cp would have to be 11 000 pF.
If fig. lb is considered in the same way it is clear that
the same result can be obtained by, the connection
in series of a sufficiently small capacity Cs; in
the example for Aflf = 2 per cent the series capacity
Cs would have to be. about 4.2 pF.

In the first case therefore the circuit capacity
is made very large, in the second very small. Neither
of the two cases therefore is of direct practical use.
The circuit capacity may not be too small, since
then the parasitic capacities of coil windings and
connections, which usually depend very much on
the temperature' and other influences, make up too
large a part of the whole capacity and their va-
riations would therefore cause the circuit capacity
to vary too much. On the other hand, especially
when we consider the oscillator circuit of a super-
heterodyne set, the circuit capacity may not be
too large, since it would then become difficult to
cause the circuit to oscillate. The diagram of the
oscillator circuit shown in fig. 2 illustrates this. At
a certain grid A.C. voltage on the valve an anode

Fig. 2. Diagram showing the principle of. the'connections of the
oscillator of a superheterodyne receiving set.

alternating current flows. This causes an A.C. volt-
age_ on the LC circuit and this in turn an A.C.
voltage in the back -coupling coil. This A.C. voltage
must be (at least) equal to the original grid A.C.
voltage in order that the oscillation shall not die
out. Now- this A.C. voltage will be greater the
tighter the coupling of L and Lt, and the larger
the impedance in parallel with the L.C. circuit
(i.e. the voltage on L). This impedance is given for
the resonance frequency w by R = Q/wC, where Q
is the quality factor of the coil. To make the circuit
oscillate, therefore, especially on short waves, 'the
back -coupling must be tighter the greater the
capacity C. Structurally it is not so easy to realize
the desired tight back -coupling, especially since
a smaller coil L is again necessary for the tuning
with larger C.

and C2 = Cry +

1
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These considerations led to the requirement for
the short waves here considered that the circuit
capacity must not be smaller than about 150 pF or
larger than about 250 pF.

38965

Fig. 3. Connections with which the percentage variation of the
circuit capacity upon a full turn of the rotary condenser Ca
can be reduced to any desired small value, while the total
circuit capacity can take on a prescribed value.

This requirement, together with that of a given
valUe of d C/C, can be satified by connecting
two fixed condensers Cp and Cs as indicated in
fig. 3 to the rotary condenser. - With this com-
plex of capacities the total' circuit capacity.for the
minimum and maximum positions of the rotary
condenser amounts to ..

C1= Ca ±
1

f, ,

udmin-r Cp

1
respectively.

1 1
,

udmax -r Up

. (1)

We may now prescribe definite values for C1 and
C2, i.e. for the circuit capacity and its variation, and
we then have in (1) two equations from which the
desired values of Cs and Cp can be calculated. If
for example with the yalues of Cn, Cdmin and
Cdmax we wish to obtain the values C1 = 162
C2 = 171 pF, we find that we must choose; 'Cs '=
160 pF and Cp = 750 pF. .

If the aim is to spread the frequency region tlf
of each of the bands of table I (plus a small fre-
quency region as reserve on either side) over the
complete deviation of the rotary condenser, a
different C1 and /or C2 must actually be prescribed
for each band, since according to table I, /Iflf which
is equal to 1/2 (C1---C2)/C1 is smaller for the short
waves than for the long. Now in order not to make
the switch which serves for the transition from one
band to the other too complicated, the same com-
bination Cs, Cp is used for all bands, while a fairly
equal spreading of the different bands is obtained
by connecting some, extra 'capacity in parallel with
the whole for. shorter -waves (i.e. CT, in equation
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(1) is increased). In this way the largest circuit
capacity is obtained at the shortest wave length.
This' is also an advantage in connection with the
drift of the frequency: it is exactly at the shortest
waves, where the tuning is most sensitive to small
capacity variations, that the parasitic capacities
subject to drift have the least influence.

Even without the desirability of equal spread
a' small adjustment capacity (trimmer condenser)
must be added for each band in parallel with Cm
in order to be able to tune the circuit accurately
to the band, even with slight deviations in the
capacity and self-induction values of the fixed con-
densers and coils used. It is of course a primary
requirement that the' capacity and self-induction
values mentioned should drift so little when in. use
that after the adjustment in the factory the trimmer
condenser need not be set again.

Incidentally, it may be stated that it was also
desirable to leave unchanged the combination of
Cs, Cp for all bands, in order to obtain the same
scales for the hands for every set in series manufac-
ture. The tuning, especially on high frequencies,
is very much affected by the parasitic self -induc-
tions of the connections between Cs, Cd and Cp,
which. are subjeCt to variations. A deviation in
length of 1 mm of the connecting wires (correspond-
ing to .a deviation of the self-induction of 0.001 p.H)
already changes the calibration of the scale for the
13 m band by 15 kc/s ! Due to the fact that with
fixed values of Cs and Cp the connection lines could
"be kept very short, it was possible to make the pa-
rasitic self -inductions sufficiently reproducible.

Other particulars of the connections

With fixed Cs, Cp the wave switch with which
the bands are selected need only provide for the
inclusion in the connections of the correct coil and
.of the supplementary capacities mentioned for
each band. Since with an increasing number of
positions of the switch the difficulties in its construc-
tion increase rapidly, we limited ourselves to spread-
ing five of the bands in table I. We chose the first
five since in the case of the last two it is relatively
less difficult to tune in the ordinary way. Even with
this limitation to five bands there occurred a dif-
'ficulty, although it was not serious, in connection
with finding space for the required fixed coils. The
coils were mounted in standardized cans e.ach of
which can hold two coils. Each additional can
means an increase of the space necessary on the
chassis and in general an enlargement of the whole
set. In order to keep the set as small as possible it
was very desirable to use as few coils as possible.

Now by choosing Cs and Cp within the available
limits, so that the same coil could be used for the
30 m band as well as for the continuous tuning from
13 to 50 m, and also by using a connection in parallel
of coils for the other bands, the number of coils
for the, whole short-wave region could be reduced
to four (i.e. two cans).

Until now we have always been speaking of one
circuit, namely the oscillator circuit, which is of
primary importance for the band spread, we saw
that in the system of band spread here considered
the ordinary rotary condenser of the oscillator
circuit is used for the tuning within the bands.
Now the rotary condensers of the two other
circuits (aerial circuit, high -frequency amplifier
circuit) which serve for the ordinary tuning are,
however; mounted on the same shaft as the rotary
condenser of the oscillator circuit. Since the other
circuits must also be tuned at least roughly to the
bands, and since the ordinary rotary condensers
can no longer be used for this, we must now provide
separate tuning elements kir these circuits.

This apparent complication is automatically solved
when we apply band spread to the other two
circuits as well. Tuning to the bands then again
takes place by the switching in 9f fixed coils, and
tuning within the band by *the ordinary rotary
condensers,, in parallel and in series with which .

fixed condensers Cp and Cs, respectively, are con
nected in exactly the same way as in the oscillator
circuit. The three switches which serve for the se-
lection of the band in the three circuits (connection
of coils, supplementary condensers, etc.), are placed
on the same shaft, like the three rotary conden-
sers. In the end, while the band spread is still better
than in the earlier systems described in the article
cited 1) (it is now applied to all three circuits),
the operation is nevertheless simpler, the same
tuning manipulations are required as in the long-

. wave and intermediate -wave regions.
The application of band spread in all three cir-

cuits involves the use of a larger number of fixed
coils and condensers' than in the case of band
spread in the oscillator circuit alone. There are,
however, other important advantages besides the
simplicity of operation. Without band spread,
thus when the whole short-wave region must be
covered with one turn of the rotary condenser,
the circuit capacity must increase with the square'
of the wave length. The result is that, according to
the above -mentioned formula R = Q/coC, there is a
lower impedance in parallel with the oscillator cir-
cuit at longer waves and thus also less building
up of oscillation (in the aerial circuit) or amplifi-

L
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cation (in the high -frequency amplifier stage).
With band spread, however, where a different coil
is used for every band, the circuit capacity can be
chosen equally small in all the bands, or on longer
waves (30 m) it may even be chosen smaller than
in the other bands (see above), so that now a greater
amplification and thus a better signal-to-noise ratio
can be obtained over the whole region. This ad-
vantage is even more strongly emphasized by the
fact that in the adjustment of the first two circuits
such a great accurary is not required, and therefore
such great care need not be taken to prevent a drift
of the total circuit capacity. Because of this, with
a given value of the parasitic capacities a smaller
total circuit capacity is sufficient. In our case the
fixed capacities Cp and Cs - in each circuit there
is again only one set Cp, Cs for all five bands -.have
such dimensions that a total circuit capacity- of

about 80 pF was obtained, while without band'
spread the circuit capacity in the 30 m band would
have had to be about 180 pF.

Summarizing it may be stated that there are
numerous advantages in the system of band spread
here described, although a fairly large number of
fixed coils and condensers must be used. Not only
is the tuning entirely insensitive ' to mechanical
vibrations and shocks (absence of the microphonic
effect) as in the case of all band spread system's with
fixed condensers for the bands, but, moreover, the
operation is just as simple as for the tuning on long -
wave and intermediate -wave stations; furthermore
no special expensive mechanical arrangements are
necessary for the band spread, and the signal-to-
noise ratio could be made considerably better than
in the case of short-wave reception without band
spread. -
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- THE MAXIMUM ELECTRICAL FIELD STRENGTH FOR SEVERAL SIMPLE
ELECTRODE CONFIGURATIONS 1)

by A. BOUWERS and P. G: OATH. 537.212 : 621.3.027.7

The maximum voltages which may occur on parts of high -voltage apparatus determine
the chance of breakdown, either toward earth or toward other points. Formulae and tables
are given for different configurations which may be of service in designing high -voltage
apparatus.

Introduction

Apparatus and installations have repeatedly
been described in this periodical in which very high
electrical voltages occur, such as X-ray tubes and
generators for very high direct or surge voltages 2).
In the construction 'of such apparatus one object
is . to decrease the dimensions still further while
retaining the same properties. The occurrence of
breakdown, which will usually be in air, when the
electrical field strength at some point on the surface
of one of the electrodes exceeds 30 kV/cm, deter-
mines in general how far this object may be pursued.

The, smaller the dimensions of such constructions
the more carefully the shape of the different compo-
nents must be considered. The familiar fact that
sparks jump much more easily between electrodes
with small radii of curvature (points) than between
electrodes with a large radius of curvature, with the
plane surface as a limiting case, furnishes the sim-
plest contribution to the knowledge which is re-
quired in all these cases.

In the articles referred to a number of methods'
are also discussed which may be used .to avoid
breakdown. For example, plane terminal electrodes
are fixed to points with great curvature, and in this
way the maximum field strength is decreased. For
such high -voltage installations thin wires with
a small radius .of curvature are not used for the
current supply, but thick hollow tubes which have
a much lOwer field strength on the surface at the
same potential. Components which are too sharply
curved at certain points are entirely surrounded
by spheres which are connected conductively to
them. Since noClectric field exists within the sphere,
and the field strength on the outside of the envel-
oping sphere is lower on an average than at the
sharp points of the components enveloped, break-
down takes place only at a higher potential.

In such considerations it is naturally important
to be able to estimate the magnitude of the field
strength in the dielectric with a chosen model. The

1) Adapted from Chapter II of A. Bou'wers, Elektrische
FRichstspannungen, Springer, Berlin 1940.

2) Philips techn. Rev. 1, 6 and 235, 1936; 2, 161, 1937; 3,
259, 292, 306, 331, 1938; 4, 153, 1939; 6, 46, 1941.

means of doing this are in the form of calculations
' which are based fundamentally on Laplace's equa-
tion and on Gauss' theorem and on several simple
empirical rules of calculation derived from the
former. Together these allow the constructor to
make, a fairly sure estimate of the load on the dielec-
tric in his design, which estimate is in this case'
of just as great importance as the insight into its
mechanical strength. Great accuracy is here of
less impoitance than the possibility of being able
to' apply the prescriptions efficiently, quickly and
reliably to all the configurations which he en-
counters.

-What electrode configurations are used in prac-
tical cases ?

This question cannot be answered for all cases
which occur, since each new construction may lead
to different designs which have not formerly been
used. If, however, we consider a fairly complicated
apparatus such as the generator for 1.4 MV repro-
duced in fig. 1, which is intended for the Laboratoire
de Chimie Physique in Paris, it strikes one that
certain simple arrangements of spheres and cyl-
inders aie repeated over and over again. In other
cases flat planes are encountered .in combination
with spheres and cylinders: This is not of course an.
arbitrarily .accepted principle of construction, but
the consequence of the necessity of keeping the
field strength on the 'electrodes as small as possible
with given potential differences and distances
between the electrodes.

At a given distance and a given potential differ-
ence the maximum field strength on the electrodes
is smallest when the field is homogeneous and the
lines of force are thus parallel, as is the case between'
very large, charged, plane plates. Such plates, how-
ever, always have edges at which the field strength
is locally much greater: it is greater the sharper
the angle at which the surface passes from  one
direction to another. By rounding off edges, there-
fore, the transitions are made as gradual as possible.
Curved surfacesq will therefore be encountered in the
construction; if they are curved in one direction
cylindrical electrodes are obtained, if in two direc-
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Fig. 1. Generator for 1.4 MV constructed for the Laboratoire
de Chimie Physique in Paris, which exhibits the arrangement
of doubly and singly curved surfaces often occurring in high -
voltage constructions.

tions spherical or ellipsoidal electrodes (mush-
rooms). The simplest general cases with which we
are concerned are therefore the following:
a) plane plates, no curvature,
b) cylindrical electrodes, curvature in one direction,
c) spherical electrodes, curvature in two directions.

Field distribution for several simple cases

In a space between charged electrodes of any
given form the variation of the potential q) can in
principle be calculated by solving the differential
equations of the electrostatic field. This description
of the electric field E (E is a vector, the component
in a direction s is Es = -*as) involves the fact
that usable solutions must have a mathematical
form which gives a constant value of the potential
on the electrodes. For electrodes of any given shape
it is difficult to satisfy this condition mathemati-
cally; in general it is easier to find a solution of a
differential equation than to satisfy fairly compli-
cated boundary conditions.

Even for very simple surfaces : plane plate, sphere

or cylinder, elementary considerations are only possible
when the second electrode is also a plane plate parallel
to the first, a concentric sphere or a cylinder with the
same axis, respectively. It is already difficult to
calculate the field distribution between two charged
plane plates which are not parallel. For two charged
spheres which are not concentric and one of which
surrounds the other the calculation of the field
distribution is also not very simple. Fortunately
the cases: parallel plane plates, concentric spheres
and coaxial cylinders, are so important practically
that we can carry out the main part of our task.
We shall begin by giving briefly the results confining
ourselves to the field in air (see later for other
dielectrics).

1) With two parallel plane plates at a dis-
tance a from each other the potential 9) which
satisfies Laplace's equation

,329, a2q, a2c,
=0 . . . (I.)ax2 ay2 az2

and the boundary conditions is:

co = Ax B,

where x is measured according to the normal and
A and B are constants.

If q7= for x = 0 and 9) = co2 for x a one
finds that

A = 9°2 - 991

a a

where U = co1--9'2. The field strength is

ag)Ex - - - =
ax a

It is constant and the field is thus homogeneous.
2) The field of a charged sphere (charge q)

is easily calculated according to Gauss' theorem,
which relates to a closed surface s which encloses a
charge q, and is as follows:

fE. ds = f
an

ds =4scq, . . . (G)

where n is the direction of the normal to the surface.
With this one finds for the radial field

4nr2Er = 4nq, Er = a

3) In the case of two concentric spheres one
finds from the foregoing that 9) = A/r B, where
A and B are constants and r is measured from the
common centre. If the radii of the two spheres
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are r1 and r2 "(r2 > r1)
potentials, then

so that

and q,1 and 992

1 *

)Pi -7 (P2 = A (-r1 -r2 U,

age U r1r2
Er -

OT T` T2- 7.1

The greatest value of Er is found at.the
the inner sphere (r = r1). It amounts to:

U r2 U T2=
r1 r2 -r1 a r,

where a = r2 -r1 represents the distance between

=

are their

surface of

the surfaces of the two spheres. The maximum field
strength is thus r2/r1 times as large as in the corre-
sponding case of two parallel plates at a distance a
apart. This result can also' be represented by means
of an efficiency factor 72. This quantity is de-

' ,fined as the quotient of the electrical field strength
4 between two parallel plates at a distance a apart
and the maximum electrical fieldstrength Em in
the case of non -planar conductors with a least
distance a apart at the same potential difference
U, so that

E (// plates; distance a)

Em (conductors with least distance apart a)

In our case therefore

ri ri= = <1.
r2 ± a

The efficiency factor approaches unity when r1
becomes infinite, a being kept constant, and it
tends to zero as ri approaches zero. This value of n
will be found in column (a) of table I. Its recip-
rocal l/n (in our case r2/r1) indicates how many
times greater :the maximum field strength is than'
in the' corresponding ca -se of parallel plates at the
same distance from each other.

The question may also be put as to how E1
varies when r2 and U are kept constant and
is considered variable (a is of course not constant
here). E1 then has a minimum for r1 = 1/2 r2. The
value of El in that case is

2U 2U
r1 a

while n = 0.5.
4) In the same way as in case 2) one 'finds for

the field around 'a charged cylinder

27trEr = 47vq, Er2q
r

Table I

Efficiency factor >> = EIE,,, for fields on a sphere surrounded
by 'a concentric sphere, compared with the same factor for
a sphere and a plane plate and for tuo similar spheres at a
distance from each other.

r+a
concen-

tric
spheres

(a)

sphere and
plane plate

two similar
spheres ,

r rigorous(1
k .=

(a)0 0.9
k TO

rigorous
(d)

k = 0.9
(e)

1.5 0.667 0.732 0.91. 0.74 0.850 0.88
2 0.500 0.563 0.89 0.555 0.732 0.74
3 0.333 0.372 0.90 0.37 0.563 0.575
4 0.250 0.276 0.91 0.275 0.450 0.45
5 0.200 0.218 0.92 0.22 0.372 0.37
6 0.167 0.178 0.93 0.185 0.318 0.31
7 0.143 0.152 0.94 0.16 0.278 0.275
8 0.125 0.133 0.94 0.14 0.244 0.245
9 .0.111 0.117 0.95 0.12 0.218 0.22

10 0.100 0.105 0.96 -0.11 0.197 0.20
15 0.066 0.068 0.97 0.075 0.133 0.14

(a) is calculated according to formula (1), (b) and (d) accord-
ing to Maxwell, (c) according to formula (6) and (e) ac-
cording to formula (8).

where q represents the charge per cm length.
5) As in case 3) it may be derived from this for

two coaxial cylinders (r2 > r1) that

= T

so that 95.1-992 = A hi r1/r2 = U

399 U 1Er = -
r In (r21r1)

The largest value of Er again occurs at the surface
of the inner cylinder. One finds there

and

El,
r1 In (r2/r1)

U 1

For the efficiency factor one finds

-F a-
a

(2)

Here also n approaches zero when r1 approaches
zero, a being constant, and n tends to unity as ri
approaches infinity.

Furthermore one can again ascertain the value of
r1 for which the maximum field strength Em = EI
has .its smallest value, with r2 and U being kept
constant. This is now the case for r2/ri = e = 2.718.
El then has the value .

-= 1.718 - ,
r1 a

while
1

= 1.718
= 0.58..



SEPTEMBER 1941 MAXIMUM ELECTRICAL FIELD STRENGTH 273.

Approximation for other electrode configurations

If, continuing in this way, an attempt is made to
calculate the fields for other configurations of
charged electrodes, in the case of rigorous solutions
the difficulties are encountered which were discussed
at the beginning of the foregoing section. For
example in the case of a sphere or a cylinder with
a plane plate, the potential on the sphere and on
the plate has a given value, and it -is clear that the
solutions found: T = A Ir B and T = A In r B
on the plate, for which r changes from point to
point can never be satisfactory. By means of certain
devices an adaptation of :the solution to the boun-
dary conditions is sometimes successful, and very
much work has been done in this direction; al-
though. the mathematical devices rapidly become
more elaborate than is desirable for practical work.
For this reason the practical constructor makes
little use of these results as a rule.

It is, however, possible to discuss in a simple way
several important cases which give usable results
on the basis of those already obtained, by means
of suitable appoximations. Such approximations are
possible because in general with a given potential
difference between two or more electrodes the maximum
field strength occurring at the surface of one of the
electrodes is not determined, or if so to only a reason-
ably small degree, by the shape of the other electrodes.
Because of this, with a given potential difference
the maximum field strength on a cylindei coaxial
with another cylinder does not differ too much for
example from the field strength of the cylinder with
a plane plate. This is shown in table II where E
again represents the field strength in the case of
plane plates a distance a apart and Em the maxi-
mum field strength in the cases being compared
with it.

In fig. 2 this coaxial cylinder is drawn as a
dotted line through point C of the plane plate. The
plane plate was an equip otential plane, and it is
therefore clear that if it is replaced by the coaxial
cylinder a higher value will be found for the field
strength on the inner cylinder. The surface elements

39428

Fig. 2. The field strength on a sphere and a cylinder opposite a
plane plate E lu;s a maximum value at the point P.

Table II

Efficiency factor = EI.Em for fields on a cylinder surrounded
coaxially by a second cylinder, compared with a cylinder with
a plane plate and with parallel cylinders at a distance from
each. other. .

r+a
coaxial
cylin-
ders

cylinder and
plane plate

parallel
cylinders

r rigorous = (a)
(b)

k = 0.9
(c)

rigorous
(d)

k ,----- 0.9
(e)

1.5 0.811 0.861 0.94 0.90 0.924 0.96
2 0.693 0.760 0.92 0.77 0.861 0.90
3 0.549 0.623 0.88 0.61 0.760 0.77
4 0.462 0.533 0.86 0.52 0.682 0.68
5 0.402 0.468 0.86 0.45 0.623 0.61
6 0.358 0.419 0.86 0.40 0.574 0.56 '

7 0.324 0.380 0.85 0.36 0.533 0.52
8 0.297 0.349 0.85 0.33 0.497 0.485

,9 0.275 0.323 0.85 0.31 0.468 0.45
10 0.256 0.301 0.85 0.285 0.442 0.43
15 0.193 0.228 0.85 0.215 0.349 0.33

(a) is calculated according to formula (2), (b) and (d) accord-
ing to a rigorous method, (c) according to formula (3) and
(e) according to formula (4). -

of the outer cylinder lie closer to the inner cylinder
than do those of the plane plate. Upon a comparison
with the results of the rigorous calculation, however,
it is found that the differences in the field strengths'
between the two coaxial cylinders and between a
cylinder and the plate which is tangent to Z at C
are relatively small. Table II gives the results. As
was to be expected, in the case of plane plate and.
cylinder the field strengths are somewhat lower than
for the substitution arrangement of two coaxial
cylinders. The difference is; however, slight: The
agreement becomes still better when a correction
factor k < 1 is introduced into the formula. This is
also shown in table II. This factor should increase
slowly with increasing value of r with a c9nstant,
and for r>> a it should approach .unity, since the
field is then practically homogeneous. For practical
purposes we, choose the value 0.9. In this way one
finds for the maximum field strength on the cylinder
with radius r at a distance a from a flat plane

9UErn=
10 r + a

. . (3)
r ln

For two parallel cylinders both with radius
r at a distance a from each other, one of which is at
the potential and the other at Pa the maximum
field strength on one of the two cylinders can be
approximated by a similar line of reasoning. The
plane which bisects, perpendicularly the shortest
distance between them is an equipotential plane
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with the potential (ch. + (p2)/2. This plane lies at a
distance a/2 from one cylinder. If one imagines this
plane again replaced by a coaxial cylinder at the
potential of the equipotential plane in question, one
finds for the maximum field strength on the cyl-
inder:

9 -T2Em= ch
10 2

1 9 U
-..= (4)

r In
r + a/2 20

r In
r + a/2

r r

Let us consider the case of two cylinders
which are not parallel but perpendicular to
each other. Apparently the maximum field strength,
which produces breakdown, occurs at the surface
of the smaller cylinder (radius r), at the point where
the distance between the cylinders is shortest
(P1). It has been found experimentally that the
potential difference at which breakdown occurs
in the case of unlike mutually perpendicular cyl-
inders at a distance a from each other (fig. 3)

39432

Fig. 3. Two mutually perpendicular cylinders have the greatest
field strength on the cylinder with the smaller radius at
point P1 which lies closest to the second cylinder. This field
strength is of approximately the same value as that for two
parallel cylinders at the point of intersection of a line perpen-
diculai to the axes with the cylinder of smaller radius.

does not differ very much from -the caseof parallel
cylinders a -Ca distance a from each other. Thus for
crossed cylinders at a iliitance P1P2 = a it is
possible to 'write for the greatest field strength that
occurs on the cylinders, as an approxiniation:

U
(5)

It is obvious from. the foregoing that in the case
of a sphere (radius' r) at a distance a from a
plane plate -the following may be written for the
maximum field strength on the sphere:

U r+ a
Em =

a r

The accuracy of this approximation can be verified
in table I, columns (a) and (b). As shown in column
(e) the agreement can here also be made better by
introducing a constant correction factor k, and in
this case also 0.9 is seen to be good average value
for the constant, so that for a sphere with a plane
we may write

 Em =
10 a ,r,
9 U r + a

(6)

Two spheres both of radius r at a dis-
tance a from each other may again in a similar
way be derived from the case of a' sphere and a
plane at a distance of a/2. Corresponding to (6) one
then immediately obtains

9 U r + a/2
Em- (7)10 a r

For the usefulness of this approximation see table I
columns (d) and (e).

The field distribution between two rings (tori)
lying in the same plane may be derived from that
between two parallel cylinders, like that of a
ring and a cylinder whose axes are parallel.

The maximum field strength in the second case,
when the cylinder and ring have the same radius,
is on the ring, since the ring exhibits curvature in
two directions at the point where the. distance to the
cylinder is smallest.

If the distance from ring to cylinder or from ring
to ring is a, while the radius of both is r, we find:

r + a/2
2r ln

(8)

No correction need be introduced here since due to
the double curvature of the ring the field strength
on it is greater than on the cylinder.

The case of a cylinder, for instance a wire
which passes through a circular opening,
can be derived from that of a ring through which a
coaxial cylinder passes. It is always possible and
also desirable to round off the edge of the opening
so much that the maximum field strength occurs at
the cylinder which thus has the smaller radius and
the greater curvature. If one imagines the ring which
encloses the cylinder to be replaced by a coaxial
cylinder with the radius of the inside of. the ring,
one again obtains

Another
formula

U.

r + a/2
2r ln

r

method of approximation leads to the

Em = (9)
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Em =
U .

r ln
r + a (10)

The lines of force strike the metal surface per:-
pendicularly. It is therefore, sufficient to calculate
the radial force. Er at the point r = R. If we set
x = COS a, then

which corresponds to (9) for a '< r.

influence of irregularities on the surface of the .

electrodes

In all the cases discussed until now the surfaces
of the electrodes must be absolutely smooth. A local
depression or projection leads to changes in the field
strength. In a first approximation the effects of such
irregularities can be seen by calculating the field
strength in the neighbourhood of a heinispherical
projection on a flat plane at a great distance from
which there is a parallel plane. To do this we first
calculate the disturbance caused by a metal sphere

- placed in a homogeneous field.

39427

Fig. 4. A conducting sphere in a homogeneous field with the
field strength E between two plane plates at potentials -U/2
and + U/2 has a maximum field strength of 3E on its surface.

It can be shown that upon placing a conducting
sphere of radius R in a homogeneous electric field
( fig. 4) the potential is given by

R3= -Ex ± E -x
r3

(11)

E is here the field strength, -Ex the potential of
the homogeneous field between two plates at dis-
tances +a/2 from the centre of the sphere. In -this a
is considered to be large compared with the radius
R of the sphere; 9,` + U/2 for x '= -a/2, and
cp = -:///2 for x = +a/2. The second term in for-
mula (1-1) is equal to the potential of a dipole imag-
ined to be situated at the centre 3) which has its
positive pole toward the right along the x-axis and
which has a moment of R3E. It is' easily seen that
for r = R the potential 9) = 0, i.e. constant, while
for r>> R only the homogeneous field remains. The
solution thus satisfies the boundary conditions and
of course L ap la ce's equation.

3) By this is meant a charge q at the.point x = a, combined
with a charge -q at x = -6, where 6 < R. The moment
of the dipole is 20.

-a E cos a
2 ER3

cos a . (12)
Or r3

or, for r = R:

Er = 3E cos a.

The greatest field strength thus occurs where a = 0
or 180°. It amounts to

= 3E.

It is thus clear that due to the presence of the sphere
in the field the maximum field strength is increased
by a factor 3. The calculation also holds when only
the right-hand half of fig. 4 is considered and the
plane x = 0 is considered to be conducting. For a.
spherical irregularity on `a charged plane plate from
which lines of force emerge, the maximum field
strength will therefore also become greater by a
factor 3. Every irregularity; even though it is not
truly spherical, gives a similar increase. Thus for a
semicylinder on a plane an increase of the maxi-
mum field strength by a4actor 2 has been calculat-
ed. Such an increase may be expected in the case
of an elongated irregularity (scratches). We give.
only a diagram (fig. 5) of the field distribution
for a spherical irregularity; that for a cylindrical
irregularity shows many similarities.
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Fig. 5. Curvature of equipotential lines and -lines of force in
the field between two parallel plates when there is a projection
in the shape of a hemisphere on one plate. At point P there
is a field strength three times as large as in the homogeneous
field. In the case of a half cylinder on a plate the maximum
field strength at P is twice as great as in the homogeneous
field.



276 PHILIPS :TFCHNICAt REVIEW

The role of the dielectric

Until, now we have not spoken of the role of the
dielectric, since our calculations were always carried
out with a dielectric constant 1. If in the problems
discussed all of the space were filled with a substance
with the dielectric constant a, the field strength
would not be changed for the same potential
distribution. The, dielectric displacement D = eE
is, however, in this case everywhere increased by a
factor E. Corresponding to this increase is a change
in capacity by a factor a.

Vol. 6, Did; 9 .

a':= 81 and c = 82 the capacity per cm2 is determined
by the two capacities C1 and C2 according to the
formula

1/C = 1/C1 + 1/C2,

whereC1= sj./4 yea/ and C2 = rat.

The voltages on the layers are distributed inverse-
ly proportional to the capacities, thus

: U2 = C2 : C1 = e2a1 : s1a2.

If we assume that U = U1 + U2, then

a1 82
(13)U1 .0

ale, ± a2 el

'and U2 -U a2 El
(14)

a) a1 82 a2 El
79417

Fig. 6. Different cases of media in which the dielectric constant
is not everywhere equal to unity.

If, however, space is only partly' filled with a
substance with a dielectric constant differing from
unity, the field strength changes. Different cases
hereby occur. We shall here confine ourselves to
those in which the boundary- surfaces are parallel
plane plates (fig. 6) or concentric cylinders (fig. 7).

a) In the neighbourhood of a point P (see fig. 6)
let E =' 1. If E > 1 everyiyhere else, then for a dielec-
tric bounded by plane plates the field strength at
P is E times as great, because the dielectric displace-,
ment along the lines of force is constant. A related
case occurs when there are air bubbles in an insu-
lator, for instance in the oil in a transformer. Due

'to the spherical form, however, the factor by which
the field strength is multiplied is only 3e/(1 + 2s).
Due to the greater field strength breakdown may
occur in the air bubbles, accompanied by ionization,
and thus depreciation of the oil.

b) In the converse case where s > 1 in the neigh-
bourhoo.d. of P and e = 1_ in by far the largest part
of space, the dielectric displacement D changes
only slightly and E1 in the insulator becomes a
factor a smaller. The .field strength E2 in the rest
of space changes only slightly.

c) In the general case of' two insulators with

J9429

Fig. 7. Different* dielectrics in coaxial layers.

The field strengths in the layers are (U/a = E)

Uei
El =

Us2
and E2 ... (15.)

(4.82 a2 81 a1 82 a2 El

If s2 = 1, the field strength in the two layers
becomes

Us1
and E2 =

a2 el
. (16)

The greatest field strength is E2.. For al. >> a2, E2
becomes equal to Us1/a3., for al. >> a2, E2 = U/a2.
These are the cases discussed under a) and b).

In more complicate&cases of stratified insulators
between parallel plane' conductors the value of E
may be found by remembering that everywhere
D = eE and that the voltages are distributed over
the different layers according to the capacities.
The determination of the field strength then always,
takes place in the way indicated for case c).

Several interesting' configurations deserve closer,
 consideration. In fig. 7 the case of concentric cylin-
ders is represented where the dielectric is divided
into layers. We have seen that the -field strength
increases as 1/r from the outside inwards. If the
values el, E2, 83 . . . En are chosen so that E1r1 = E2r2 =
... gni.", the 'field strength in the layers is about
equal. The condensers formed by the different layers
then have the same capacities per unit of surface:

27-6 rE re

4nd 2d

where d is the thickness of layer. The same voltages
thus act. Such an arrangement of dielectrics is

often proposed for cables.
Summarizing it may be stated that by the intro-

duction of insulators into an electric field the maxi-

:
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Table

- Maximum field strength E with a, potential difference U between the electrodes, for differerit
electrode configurations.

277,

.

Configuration Formula for E 
,

Example . .

Two parallel
. plane plates 

a

.

U
a

U =-- 100 kV, a= 2 cm,
E -,-- 50 kV/cm. 

,

- .

Two concentric
,. .

spheres

a U r + a ' U= 150 kV, r = 3 cm; a = 2 cm,
E = 125 kV/cm.a r ' .

Sphere and
plane plate

a
-

u r
0.9

U= 200 kV, r= 5 cm, a= 8 cm,
E . 58.5 kV/cm.a r

Two spheres at a
distance a from

each other
lat ilD
w," we

U r a/2
0.9

+ U = 200 kV, r = 5 cm, a 7 12 cm,
E =-' 33 kV/cm. .a

Two coaxial
cylinders

'Th
.i

a oblY
2r

U
 , J, ...

U= 100 kV, r= 5 cm, a= 7 cm, .-.
. E ---.° 22.9 kV/cm.'

.

r+a
2.3 lgr

r

Cylinder parallel

Ito plane plate

U
0.9

, , r '::-
,4

U= 200 kV, r = 5 cm, a -,-- 10 cm,
E = 32.8 kV/cm.

r+a
2.3 lgr

.

Two parallel
cylinders

0 49 .

0.9
U/2

-

=U= 150 kV, r = 6 cm, a 20 CM,
. ' .E .=---' 11.5 kV/cm.

. .

- 2.3 lg r+, a/2 .r
r

.

,

Two perpendic-
ular cylinders IAF..

-

Ill
Mr

U/20.9  U= 200 kV, r = 10 cm, a = 10 cm,,

E =-- 22.2 kV/cm.
r+ a/2

2.3 lg. r
r

Hemisphere on,
one of two paral-
lel plane plates 2r00

3 U .
----; ( a > r) 
a

U = 100 kV, a =10 cm,
E = 30 kV/cm.

Semicylinder on

one of two paral-
lel plane plates

2rE10a. 2 U
-a; (a > r)

.,-

U = 200 kV, a = 12 cm;
'

= 33.3 kV/cm. -
. c

Two dielectrics

plane

plates (al > BO 1 ,

N
a2 ,

U e U.. 200 kV 81=2,624 a=6 cm a=5 cm=,12

. E . 11.8 kV/cm,.
. .

ai 62 + a2si
..r....5
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mum field strength which existed in air is consider-
ably increased,' and in extreme cases (thin layer
of air) proportionally to 8, but in general less.

Examples

In table III a number of cases are collected of
configurations of electrodes which occur commonly
in the construction of apparatus for high voltages.

In addition to the formula valid for the configu-
ration an example is given for all cases. All the
formulae are derived in Briggs logarithms (to the
base ten) since many persons are more accustomed,
to their use than to the use of tables of Nap ierian
logarithms. We had -this chart in mind when we

- spoke of the prescriptions which may be used to
guide the constructor. Given a definite structural
design, it is possible with the help of this table to
calculate for every point the maximum electrical
field strengths occurring from the known dimen-
sions and potentials of the structural components.
A comparison of this field strength with the break-
down voltages of the surrounding dielectrics shows'
the constructor what are the dangerous spots in his
design. Devices for the improvement of such spots
are, in addition to changes in shape (consisting for
example in the increase of the radii of curvature
of the components), a possible replacement of the
dielectric by a different one according to the rules
given above. Sometimes, as already mentioned, the
electrode can be surrounded by one with a larger
radius of curvature.

-

Although the chart given furnishes an idea of
the 'maximum field strength occurring for a large
number of shapes .of electrodes, it is by no means

-complete.yven the case of two parallel plane plates,
where E U/a can, moreover, only be correct when
the plates extend to infinity. If the edges are

not well: rounded the first breakdown occurs at
that spot. This can be avoided by choosing curved
instead of plane surfaces, so that their distance

4).apart becomes greater toward the edges

5
E:111,1x1

Emax 4

3

2

0
0 20 30 40 50

394J1

Fig. 8. Plane plate with bent edge opposite an infinite plane
plate. Influence of the curvature of the bent edge on the
maximum field strength.

- A- problem which will consequently sometimes
occur in practical cases is the field distribution of.a,
round corner opposite a plane plate. The solution
of this is also by no means simple 5). Because of
the importance of this case we give the solution of
this problem in a graph (fig. 8), which indicates
values of Emax/E for different values of (e ± a) I e
distance between the plates,' = radius of curva-
ture of the rounded edge). E = U/a is here the field
strength between the plates, and it may. be seen
from the graph that for small values of e, Emax
may be more than 3.5 times as large as E.

4) W. Rogowski and H. Rengier, Arch. Elektrotechn.
16, 73, 1926.

5) A. Dreyfus, Arch. Elektrotechn. 13, 123,. 1924, see
fig. 10.
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EXPERIMENTS ON THE AUSTEMPERING OF STEEL

by J. G. C. STEGWEE.

In the process of hardening steel the cooling of the heated object must take place so
rapidly that the austenite (unstable below 720° C) is not converted into the soft perlite,
which is formed at temperatures above ± 500° C, but into the hard martensite formed
below 150° C. A closer investigation of the transformation has shown, however, that when it
takes place in the temperature range from 200 to 400° C a structure with remarkable
mechanical properties is formed (bainite): its hardness is indeed less than that of
martensite, but its toughness is considerably greater. The process used to obtain this
transformation product is called austempering. Several experiments are described which
where carried out with this method of hardening on a special spring steel and which
produced good results. For other applications also, for instance in the caps of the
"Philishave" electric shaving apparatus, for which the material, in addiiion to a high
resistance against wear, must possess a certain toughness, austempering produces better
results than the ordinary method of hardening.

The hardening of steel
In the ordinary process of hardening steel which

has been used for centuries, the object to be
tempered is first heated to a high temperature, for
instance 800° C, whereupon the iron is completely
transformed into y -iron in which the carbon present
is dissolved. In this way the so-called austenite
structure is formed. Below a temperature of
720° C y -iron is not stable, upon cooling therefore
transformation takes place into a -iron in which
carbon is only slightly soluble. The manner of
separation of the carbon and thus the structure
obtained depends, not only on the content of carbon
and other components, but also very much upon the
rate of cooling. With slo w cooling a more or less
coarse lamellar structure (perlite) is in general
obtained, which is soft; upon rapid cooling, on the
other hand, an irregular structure of fine crystalline
needles occurs (martensite), which gives the mate-
rial the desired great hardness. Fig. 1 shows photo-
graphs of etched surfaces of the various structures
mentioned.

A fairly recent investigation by Da venp ort

621.785.6

and Bain 1) has made it possible to define more
precisely the concepts "slow" and "rapid" cooling.
These authors immersed test rods of unalloyed
steel with 0.78 per cent of carbon 2), after heating
above 720° C, in different baths of molten salts
or alloys whose temperatures lay between 0 and
720° C. Each rod was thus quenched to a given
temperature below the transformation point and then
kept at that temperature. The transformation of the
austenite is then found to proceed imperceptibly
slowly at first, probably because a sufficient
number of nuclei of the new crystal structure must
first be formed, and only after a definite time t
does the conversion proceed to an appreciable
extent. After a time t2 the conversion is completed.
The important point in this process is, that not

1) Trans. Amer. Inst. Mining Metallurg. Eng. (Iron & Steel),
1930, p. 117.

2) This carbon content is chosen because at this content
there is aneutectic point of the iron -carbon system; at
other contents of carbon, upon cooling the steel, a
separation of iron or carbon already takes place above
the transformation point of the austenite.

a
Fig. 1. Etched surfaces of austenite (a), perlite (b) and martensite (c). The photograph
(a) is of a special kind of steel whose austenite structure decomposes only after a long
time even at room temperature. The successive laminae in the perlite structure (b) con-
sist alternately of ferrite (pure a -iron) and cementite (Fe3C).
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only the structure finally formed (and thus the
hardness), but also the times t1 and t2 depend very
closely upon the temperature T of the salt bath,
i.e. on the temperature at which the transformation
takes place.

800°C
T

700

600

500

400

300

200

100

0

t,

1 10 1102 101

Irvin Ih

104 105

Id

E -

c

106 isec
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Fig. 2. S-shaped region in which the transformation takes place
of the austenite unstable below 720° C. The curves were re-
corded by the laboratory of the U.S. Steel Corp. (Metal
Progress, 1939, p. 374) for an unalloyed steel with 0.78% of
carbon. For each temperature T the time t1 of the beginning
and t2 of the end of the transformation is plotted. On the
right the transformation products obtained at the different
temperatures are indicated: at high temperatures perlitic
structures are formed, below 150° C martensite:

. In fig. 2 the results of this investigation are
summarized. Although from the nature of the
case the limits and t2 are not sharp, an S-shaped
transformation region is clearly indicated. At temper-
atures only slightly lower than the transition
point, . for instance 700° C, the transformation
begins only several minutes after quenching, and is
complete after about one hour. At temperatures
between 500 'and 600° C the transformation begins
almost immediately and is finished in several
seconds. At still lower temperatures, for example
from 200 to 300° C, the beginning of the transfor-
mation is again very much retarded (5. to 10
minutes) and the transformation occupies several.
hours. Finally at temperatures in the neighbourhood
of room temperature the beginning and end of the
transformation again occur very quickly after
quenching (several seconds to 1 minute).

In fig. 2 the nature of the transformation product

obtained is also indicated. At temperatures only
slightly below the transition point, coarse lamellar
perlite obtained; as the ,transformation temper-
ature becomes lower the perlite becomes finer in
structure, until at 500° C the lamellar structure
is hardly recognizable any longer. Below about
150° C the austenite is transformed into martensite.

If after having been made' austenite by heating,
the steel is slowly cooled (normalized), the temper-
ature of the object will vary for example according
to line 1 in fig. 3. The transformation of the
austenite will begin at the temperature Ta and
end at the temperature Tb so that the result will
be a structure which is a mixture of the oft
perlitic structures which correspond according to
fig. 2 to the temperature range between Ta and Tb
Upon cooling the heated steel very quickly on the
other hand, the temperature of the object varies
for instance according to line 2, the transformation
of the austenite now takes place ,at the low
temperatures between Ta and Td, and a hard
structure of martensite is obtained. Therefore in
order to harden the steel it must obviously be
cooled so quickly that the temperature region
between 500 and 600° C is traversed before, the

=transformation can start.
800°C

700
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Tb

600

500

400

300

200

100
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Fig. 3. S-shaped transformation region for a certain kind of
steel and schematic variation of temperature upon the use of
different methods of cooling the object. 1, slow cooling (nor-
malizing); the transformation of the austenite takes place
at temperatures between T. and Tb, perlite is formed. 2,
rapid cooling (ordinary tempering); transformation at temper-
atures between Tc and Td, martensite is formed. 3, stepped
hardening. 4, austempering. -
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The position of the S-shaped transformation region
is not the same for all kinds of steel, and the rates
of cooling required for hardening differ accordingly.
There are kinds of steel for which the dangerous
curve of the S is shifted so far to the right that
.ordinary cooling in air is already "rapid" enough
to produce a hard product; in the case of other
kinds of steel quenching in oil instead of water
is sufficient (due to the higher boiling point and
the poorer heat conduction and convection of oil,
cooling in oil is much less sudden). In the case
of large objects this possibility of a more
gradual cooling is very welcome. Upon quenching
in water it is only the outer layers of the material
which can immediately be cooled to temperatures
below 100° C, while the cooling of the inner parts
always experiences a certain retardation. This may
result in the fact that the inner material does not
become hard enough, and due to the uneven cooling
and hardening all kinds of stresses and deforma-
tions may also occur in the object, expecially since
the transformation from austenite into martensite
is accompanied by a volume change (expansion'
of about 1 per cent).. Ordinarily the stresses occur-
ring in steel hardened in water are reduced by
heating the object for some time after hardening
to a temperature of from 150° to 300° C (tempering),
whereupon, however, the hardness is somewhat
diminished.

Another possibility of combatting strains is
the so-called stepped hardening, which has
been employed for several decades. In this process
the hot object is quenched in 'a salt bath of for
instance 200° C, left in it for several minutes and
then slowly cooled further in air. From fig. 3 in
which stepped hardening is represented by line 3
it may clearly be seen that also in this case a
martensite structure is obtained here when the
object is not left too long in the salt bath. Since
during this interval before the transformation the
object assumes a somewhat more uniform temper=
ature, and then cools further only gradually, the
stresses are a great deal smaller. In this case thus the
annealing precedes as it were the actual hardening.

Austempering

 The American investigations mentioned above
have not only given a deeper insight into the
different hardening processes, but have also -led
to the development of a new method of hardening,
"austempering". Upon a closer consideration of the
different structures which are obtained upon the
transformation of austenite at different temper-
atures, it was found that the transformation product

obtained' between about 200 and 400° C deserved
special attention. Until that.time it has been taken
simply for very fine lamellar perlite; compared
with perlite, however, it was found to possess much
greater hardness, namely 400-700 Vickers compared
with 200-300 for perlite, while at the same time
the toughness of the material was found to be
considerably greater than martensite which is
tempered to the same hardness. These properties
justified the expectation that in some cases where
the relatively low hardness is sufficient the marten -
site could be betterreplaced by the transformation .

product in question, which has been given the name
"bainite".

Indeed the bainite structure has been put into
practical use in America during the last few years.
The method of obtaining it is immediately clear
after the foregoing: the hot steel is quenched in
a salt bath of a temperature of, say 300° C, as is
done in stepped hardening. But in this case the steel -
is left in the bath until the austenite is completely
transformed, see line 4 fig. 3. The further cooling
may take place rapidly or slowly, the properties of
the material show no further appreciable change.

In the Philips factories several experiments have
been carried out recently to investigate the prac-
tical applicability of this method of, tempering
with different kinds of steel. In the first place a steel
was investigated which is.usea for making springs,
and whose composition is given in table I. For this
use the toughness of the material is especially
important.

Table I

Composition of spring steel for which austempering was tried.

carbon 0.6-0.7%
silicon 0.35%
phosphorus *) <0.03%
sulphur *) <0.03%
manganese 0.60%
iron remainIer

*) phosphorus and sulphur together <0.05%.

In order to apply the method of austempering
to this material it was first necessary to determine
the times necessary for the transformation of aus- .
tenite at different temperatures, i.e.. the houndaries of
part of the S-shaped transformation region lying
between 200 and 400° C had to be found as was
done by Davenport. and Bain 1). For this pur-
pose a number of strips of 70 x 8 X 0.8 mm of the steel
to be investigated were heated (this was done in
an atmosphere of nitrogen in order to limit decar-
burization and oxidation), and then all were
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immersed to gether in the salt bath of the'tempera-
ture T. After different times t a single strip was taken
out of the bath and quenched in water. By means
of a hardness test the degree could then be determ-
ined to which the austenite had been transformed. conversion can easily be read
As long as the times in the salt bath are so short
that the conversion of the austenite has not yet
begun and the strip in question therefore, still
consists entirely of austenite, the latter is entirely
transformed into martensite upon being*picched
in -water;- and thus' attains practically the -greatest
po'ssible hardness (alio& 840 Vickers). If alower
hardness is measured it means ;that in addition to
the martensite there is also a softer component
preSent (in this cage bainite), and that therefore the
tran1forniation of. the austenite had already begun
in the salt bath. The lower the hardness the .farther
the conversion had proceeded,. until, when the

. hardness no longer decreases, it may be assumed
that the transformation was complete and that the
prodUct obtained, contains no martensite but, only
bainite. In fig. ,4 the results of these experiments
for' a, series of , temperatures T, of the  salt  bath.,

-

10 t7 102 t2 103 104 sec
J93/I

,Fig. 4. Haidness measurements of strips of spring steel for
determining the S-shaped transformation region. The strips
which were quenched in a bath of the temperature T, where
each, after a certain time i quenched further in water, 'and the
hardness Hy in Vickers units was then measured. Hi, is
plotted as a function oft with the temperature T as a para-
meter. From each curve the time t1 of the beginning and the
time t2 of the conclusion of the transformatilin can be read off.'

330

are represented graphically by plotting the meas-
ured hardness as a function of the time t of
remaining in the salt bath. From each curve the
times t1 of the beginning and t2 of the end of the

off.

 460 Hv
490

540
610

640

J93/2

Fig. 5. Transformation region of spring steel. The times t, and t2
from fig. 4 are plotted against the temperature T, while the
final hardness obtained Hy (upon complete transformation into '
bainite) is also indicated.

In fig. 5 the times t1 and t2 deduced from fig. 4
are plotted as functions of the temperature T.
In this way the part of the S -region for the spring
'steel in question, which is of importance in aus-
tempering is determined. At the same time the
hardness which was finally obtained at each tem-
perature is indicated in the figure.

The course of the transformation may also be fol-
lowed by microscopic examination of the structure
of the strips quenched in water, instead of by
hardness masurements. Fig. 6 shows photographs
of the structure of ' eight strip,s taken' out of
the salt bath after different times, at a, temper-
ature of the salt bath -of 350° C. The light-coloured.
component  in these photomicrographs is marten -
site, the darker component is the more rapidly
etched bainite.

In order to ascertain how the austempered spring
steel will behave in practice the 'toughness and the
resiliency was determined of a number of strips which
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were austempered at different temperatures and
thus possessed different hardnesses. The resiliency,
which was determined with Tarnogrock i's
apparatus Hy bending the test strip 180° around a
mandrel of 20 mm, and measuring the angle
through which the strip springs back on removal

t = 15 Sec.

t = 11/2 Min.

111:
a "

30 Sec.

2 Min.

are thus confirmed for the steel here examined.
In fig. 7, in which the toughness is plotted against
the resiliency, the superiority of austempered steel
is very obvious.

Not only for springs, but also for other applica-
tions, the combination of qualities of austempered

A

45 Sec.

3 Min.

Fig. 6. Photographs of etched surfaces of strips of spring steel which were quenched in a
bath with a temperature of 350° C and remained in it for different times t, before being
further cooled in water. The light-coloured component is martensite, the darker is the
more rapidly etched bainite.

of the bending force, directly expresses the "springy"
qualities of the material. It is closely correlated
with the height of the limit of elasticity and thus
with the hardness. The toughness, which was deter-
mined by measuring the angle through which a test
piece can be bent around a mandrel of 1 mm without
breaking, provides a measure for the work of defor-
mation which the spring can take up. In table II
the results of the measurements are summarized.
At the same time for the sake of comparison in
table III the hardness, resilience and toughness are
given for a series of strips of the same spring steel
which were hardened in oil in the ordinary way
and then tempered for 15 minutes at different
temperatures.

It is found from a consideration of the two tables
that the austempered material has the greater
toughness throughout with a given resiliency (or
hardness). The conclusions of the American inves-
tigators about the favourable effect of austempering

1 Min.

4 Min.

Table II
Mechanical properties of spring steel which has been austem-
pered at different temperatures T.

T
in °C

t

in min. H v Resiliency
in °

Angle of
ben

in °
ding

225 120 657 88 47
250 90 647 90 44
275 60 632 86 50
300 40 572 76 ' 55
325 20 505 70 81

350 10 473 65 89
375 71/2 428 59 105
400 5 399 54 about 160

material may be useful, for example in cases where
at one and the same time a given minimum tough-
ness and the highest possible resistance to wear are
required 3). An example of this is found in the caps
8) It must be kept in mind that it can only be the case where

very great hardnesses are not required. Tool steel, for
example, which must also be tough, can certainly not
be austempered, since hardnesses of more than 800
Vickers are required.
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Table DI

Mechanical 'properties of spring steel normally hardined
in oil, after tempering at different temperatures.

Tempering
temperature

in °C
Hy Resiliency°

in

Angle of
bending

in °

275 639 . 89 27

300 599 - 85 86

325 556 82 39

350 546 78 43

375 . 512  75 49

400 485 71 52

425 450 68 54

450 428 - 64 58

475 * 401 60 67

500 366 56 73

of the "Philishave" electric shaving apparatus 4).
These caps, perforated plates less than 0.1 mm
thick, must be extremely resistant to wear since
the cutters pass over them as they rotate to cut
off the hairs. At the same time, however, the mate-
rial of the cap may not be tog brittle, since otherwise
upon, falling or being struck there would be danger
of its breaking. Experiments actually showed that
in the case of the steel of which these caps are
made, the simultaneous requirements of toughness

4) Philips techn. Rev. 4, 350, 1939.

and hardness could be better satisfied by austem-
pering.

140°
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rz)

0

t45 100

i-
'80

60

90

0

N

N N, 0

N'N

60 70
RESILIENCY

80 90°
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Fig. 7. For a number of normally hardened and tempered
strips (brokenline curve) respectively austempering strips
(drawn Vine) the measured toughness (angle measured in
bending test) is plotted against the resiliency (angle measured
with Tarn o gr o cki's apparatus).
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RECTIFICATION
In the article of J. F. Schouten, Non-linear Distortion of Sound Film with Oblique
Light Slit, Philips techn. Rev. 6, 110, 1941, it is has been presumed that until the
appearance of .the cited article an exact mathematical solution of this problem was
still outstanding. Dr. A. N a r at h kindly directs our attention to the fact that already
in 1936, be it on an entirely different argumentation, he published an exact solution
of this problem in Kinotechnik, 18, 177-180, 1936.
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DIODE AS A FREQUENCY CHANGING VALVE ESPECIALLY - WITH
DECIMETRE WAVES

by M. jr. Q. STRUTT =and A. van der ZIEL.

The frequency -changing` valves used in radio receiving sets for broadcasting reception
are not suitable for frequency transformation on decimetre waves. At these wave lengths
a diode can be used to advantage for that Purpose. The conversion amplification Which
can be attained with a diode is always less than unity and under the most fivourable con-
ditions may approach unity. For this a high impedance of the intermediate frequency
circuits is necessary, as well, as a high voltage of the auxiljary, oscillator. Under these
conditions the input and output resistance of the connections are also large, so that the
oscillation circuits in connection are little damped .by the frequency -changing circuit.
Upon frequency transformation by means of a higher harmonic of the oscillator 'voltage
the conversion ainplification obtained is almost as large as upon the use of the fundamental
freqUency. It is, however, advisable not to go farther than the fourth or fifth harmonic.
In the case of the diode frequency changers, developed by us, twodiodes are connected in
push-pull arrangement. Furthermore the valve contains a triode which'serves for, the ex-
citation of the voltage of the auxiliary oscillator. This voltage is .fed to the two diodes'
in the same phase, whereby a balanced intermediate -frequency voltage is obtained. In
Order to prevent as far as possible mutual effects,of the oscillation circuits in theconnec-
tion, the greatest Care should be devoted to the symmetrical construction of the connec-
tions. In conclusion several particulars of the construction, which bave been applied in
order to improve the short wave properties of these valves, are diScussed.

The . frequency transformation from high -fre-
quency oscillations to iriteimediate-frequeney bg-
cillations customary in modern receiving sets prac-
tically always takes place in Sets designed for broad-
casting reception by means of a hexode, heptode
or octode. In these types, of valves the high -fre-
quency oscillations received ,and those of the
iary oscillator are fed to separate grids, by which
means any mutual influence of the oscillation cif -
cults connected -to these grids is avoided as  far
as possible. By a, suitable choice of working con-
ditions, with the  frequency changers mentioned
a - large value of the ratio of the intermediate -
frequency A.C. voltage . obtained to the high -
frequency A.C. voltage:fed to the frequency changer
(conversion amplification) can be ot;tained. For
the reception of very short Waves (decimetre waves)
however, the "normal" frequency -changing valves
are unsuitable. The main objection to the use of a
multigrid valve as frequency changer on decimetre
waves lies in the very strong damping effect which
this valve exerts on the input and output oscil-

lotion- circuits ,in connection. As has already been
explained in' previous  articles in this Periodical,
the main causes of this damping "ate the self-in-
duction of the connection lines to die' electrodes
and the transit time of the electrons 1). The transit

, .

time of the electrons, moreover,. sets an upper limit
to the frequency region in which conversion am-
plification can be attained, just as -is the case in
high -frequency amplification. The aim of this
article is  to 'show that on decimetre waves a
diode can be used advantageously as frequency
changer. . .

Id conjunction with this we shall give a descrip-
tion of a type of frequency changer for short waves
deyeloped by us in' which the 'frequency trans-
formation takeS place by means of a diode, while
at the same time a triode is also built in which serves,
for the excitation of the auxiliary oscillator voltage.

The diode as frequency changer
The principle . of the diode frequency -changing

1) Philips techn.. Rev. I, 171, 1936, 3, 103, 1938.
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stage is represented in fig. 1. The arrangement con-
sists of a connection in series of the diode with two
sources of A.C. voltage, one of which furnishes the

39446 .

Fig. 1. Diagram showing the principle of a diode frequency
changer:

high -frequency voltage, Ei 'sincoit and the other
the voltage of the auxiliary oscillator Eh sincoht.
In practice Ei is always small compared with. Eh.'
Furthermore in the series connection are included
a source of D.C. voltage. V and an impedance con-
sisting of an oscillator circuit which is tuned to the
difference frequency coo.= coh--coi. This means that
this impedance is very small for all frequencies
exceptcoo, for which it forms a:pure resistance
Oil the resistance Ro, therefore, only an A.C. voltage
with the frequency coo can act; we call this voltage
the intermediate -frequency voltage .E0. The  ratio

' of E0 to Ei is called the conversion amplification.
We shall first examine the magnitude of this con-

' version amplification.
-- In fig. 2 the characteristic of an ordinary diode is
represented. The current which flows in the diode
'when a D.C. voltage is applied between anode and
cathode is plotted vertically. The voltage in qnestion.
is indicated along the horizontal axis. Thus when a
negative D.C. voltage V is applied -to the diode no
anode current flows in the valve. We ,shall how
first. assume that besides this D.C: voltage V only
the oscillation voltage Eh acts on the diode, and

Itliat this -voltage is so high that a certain' anode cur7
-: rent flows only'during a very small part of a period.

39447
A.

-

Fig. 2. Diode characteristic, in which is indicated the D.C.
voltage V and the oscillator voltage Eh sincoht.
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During the restof each period, therefore, the anode
current is zero. The variation of the voltage on the
diode as a, function of the time is represented in the
lower part of fig. 2.

At each 'point on the characteristic the diode has
a certain slope for a small A.C. voltage, such for
example as 'the signal voltage Ei. From fig. 2 there-
fore one finds a 'definite variation of this slope as a
function of the time. In fig. 3 the result of such a

2 77- air
39440

Fig. 3. Variation of the slope as a function of the time upon
the application of an oscillator voltage Eh and a D.C. voltage V
to a diode with a characteristic as in fig. 2.

I

constrnction* is given. The slope is here plotted.
vertically in microamperes per volt, while the ho-
rizontal axis is a time axis on which 27c represents
one Period of the oscillOtor voltage. This variation
of the slope as a function of the time can be ap-

-

proximated very well by a. set of triangles, as shown
in.fig. 4 2). The base of these triangles, 2b, is smaller

Smax

27T 317%

39449

I

Fig. 4. Approximation of fig. '3 by triangles.

the shorter the time during which current flows in ,

the diode, compared with a period of the oscillator
voltage. Since the use of the " approximation in
question simplifies the -following considerations
exceedingly, we shall in the following assume that
the variation of the slope as a function of the time
takes place according 'to fig. 4,'and we shall call the
function s(t). Like every periodic function s(t) can
be written in the form of , a Fourier series
which here has the form

s(t)=.40-413.cos aiht+Aocos 2coht-A ocos 3onit+ .. (1)

When we call the maximum slope 'attained in every ,

2) See M. J. 0. Strutt, Diode Frequency Changers, Wire-
lessEng. 1.3, 73, 193.6.
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period snia, we can calculate the following values
for the quantities A of the series (1):

1

A o = - Smax
7t 2

2 1-cosb
A1= smax

b

A2=
2 1-cos 2b
- smax
7r 4b

2 1-cos 3b '
A3 = - smax

7r 9b

etc.

. (2)

If now in addition to the oscillator voltage Eh
the high -frequency Voltage Ei is also applied, an
alternating current will flow in the connection which

"contains components with' different frequencies.
One of these components will have the frequency
coo and this will cause the- occurrence on the tuned
impedance Ro .of the required intermediate -fre-
quency Eo. If the amplitude of the A.C. component
with the frequency coo is equal to i0, then

Eo -7joRo (3)

The magnitude of i0 can be found by considering
that now, in addition to the' oscillator voltage, two.
small A.C. voltages act on the diode, namely Ei

' with the frequency On and E0 with the frequency coo.
The alternating current which occurs as a result of
these two voltages is given by the product of the
slope and the sum of the voltages mentioned, thus

i,= s(t)  (Ei sin wit 71- E0,sin coot). . . (4)

From. the series for s(t) only those terms are im-
portant which furnish an A.C. component with the
frequency wo. These are, firstly, the term Ao; which
multiplied by E0 sin coot, gives A0E0 sin root, and
secondly, the term -Al cos wht, which, multiplied
by Ei sin wit' gives:

-Ai cos wht  Ei sincoit
= 1/2213.Ei 3 sin (coh-coi)t -sin(wh coi)tj

Since wh-coi, = wo, a term with the frequency coo
is also formed from this. The total A.C. component
with this frequency is therefore:

1:0 sin wot = AoEo sin coot ± 1/2 AlEi sin coot.

From (3) and (5) it follows- that

Eo 1/2 Al
Ei 1

R+ A 0

Since the. phase of the intermediate -frequency

(5)

(6)

Eo
Ei

287

voltage obtained is of no importance, we give as the
conversion amplification ac, the absolute value of
the ratio of E0 to Ei, thus:

gc
1/2 Al

R +0 -4°

With the help of this last equation we shall now
make an estimate of the magnitude which ac can
attain.

According to (1) 440 is the average value of the
slope of the diode calculated over 'one or more
periods of the oscillator voltage. It is therefore the
average conductivity of the diode for every small
A.C. voltage which acts in the diode in addition'to
the oscillator voltage, thus for example for Ei or Eo.
The. reciprocal value of this condnctivity is called
theinternal resistance rd of the diode. This quantity'
thus depends upon the D.C. voltage V and the os- ,

clllator voltage Eh. According to the above .

.

From (2) and (8) it follows that

1 4(1-cos b)
A1=

rd ,b2

while by substitution of the last two equations in (7)
the following is obtained;

ac =
Ro 2 (1-cos b)

(9) ,

When, as is usually the case in practice, we are
concerned with a fairly large oscillator voltage,
amplitude Eh (several volts) and we choose the D.C.
voltage V so large that current flows =in the diode
only during a very small part of a period of the
oscillator voltage, b is small compared to n and
the second fraction in (10) approaches. unity. The
conversion amplification is therefore then

Ro
ac = (11)

R0 + rd

From this we see that ac is always less than unity.
If, howeVer, a very large value of Ro is used (inter-,
mediate -frequency circuit of _very good quality) a
conversion' amplification can be obtained which
differs 'only slightly from unity 3).

3) Although for ac<1 one may not actually speak of a con-
' version amplification, for' the sake of uniformity we

shall retain the expression for all values of a,.
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When the tuned impedance Ro on which the intermediate -
frequency voltage Et, occurs is not included directly in the
series connections as is represented in fig. 1, but via a trans-
former, a conversion amplification greater than unity can be
obtained. The extent to which this increase in the conversion
amplification is possible depends upon the ratio between the
internal resistance,.which the frequency -changing connection
exhibits for intermediate frequency, and the value of Ro. Since
Ro, the resonance resistance of an intermediate -frequency
circuit, will often be considerably larger than the internal
resistance of the frequency -changing connections for  inter-
mediatefrequency,this means of obtaining a greater conver..
sion amplification may often be applied. We shall return in
the following to the .calculation of the above -mentioned inter-
nal resistance.

In the reception of very high frequencies (deci-
metre waves) the excitation of the oscillator voltage
Eh with a frequency practically, equal to that of the
input signal may offer difficulties, either in that the
desired magnitude of several volts is not attained
or that the frequency is not sufficiently stable. In
such a case use is often made of an oscillator voltage
with a frequency several times lower. The inter:
mediate frequency then occurs as the difference in
frequency between the input voltage and - a har-
monic of the oscillator voltage. In the types of the
frequency -changing valves used in broadcasting
receivers this method of frequency transformation
under,normal working conditions is always .accom-
panied by a considerable loss of conversion ampli-
fication., It is, however, easy to understand that
this need not be the case ,upon the use of, a diode.
If we apply this method of frequency transforma-
tion, then coo = 2coh-an or coo = 30oh-coi, etc. If in

:equation (4) we again take only those terms pf the
series for (s(t) which furnish an A.C. component with
the treqUency coo, then instead of -A1 cos coht we
must use the term A2 cos 2COht or -A3 cos 3coht,etc.
Inkead of Al we then have everywhere A2 or A3,
etc., so that the conversion amplification becomes

1/2A2 1/2A3
ac ---= or ac = etc. . (12)

- Ao
Ro

Now for very small values of b the coefficients Al,
A2, A3, etc. of, the series (1) all approach the same
value, namely b.smax1.7r, which shows that with
Sufficiently small values of b the applicatipn of this
manner of frequency transformation does not mean
any depreciation in conversion amplification in the
case of a diode. For use at very high frequencies

. this property is especially important. Since the
coefficients An, approach the limiting value men.- ..-52

tioned with increasing V
Fialue

of n more slowly upon g. 6. Approximation of the diode characteristic by a straight
 decreasing b, in practice in frequency transformation line.

by 'means of a higher ..harmonic than the fourths
or fifth an appreciable decrease in conversion am-

.plification will, however, occur.

. Practical realization of the connections

As described in the above the D.C. voltage V
applied to the diode must be about equal'to the
amplitude Eh of the oscillator voltage. In practice
the voltage V is formed by allowing the diode
current to flow through a leakage resistance. Con-
nections for this are indicated in fig. 5. The high -'

Fig. 5. Connections of a diode as frequency -changing valve.

frequency voltage is taken from an oscillator circuit
coupled with' an aerial, while the oscillator voltage
is induced in a coil in the cathode connections. The
cOndenser C has such a large capacity that it re-
presents plactically no impedance for the alternating
currents occurring. The D.C. component of the diode
current, however, flows through the leakage resist-
ance R1 and causes the occurrence of the D.C. volt -

'age V therein. With a sufficiently large value of
Pi, VVc, will be almost equal to the amplitude*of
the. A:C. voltage Eh.

The part of a period of the oscillator voltage during which
current flows iri the diode, thus the angle b of fig. 4, can easily
be determined approximately from the size of the leakage
resistance and the properties'of the diode. For this purpose
the diode characteristic is 'approxiniated by a straight line.
The reciprocal of the slope .of this line is called the statically
measured internal resistance Rd of the diode (fig. 6). If we call
the negative voltage at which current just begins to flow in
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the diode, Vo, then during the short time that current flows
through the diode that current is given by

Eh sin coht - (V -V0)
Rd

The charge flowing through the diode during one period
is

('/in+ b)/(0
f Ehsincoht-(V-V0) 2 (Eh .sm b + V-Vo
j Rd

dt =
w h

(u/77r-b)lco

This charge is equal to that which flows through the leakage

resistance R1 in a period, namely
V 2n

; therefore
coh

V -V° V
Rd Rd -kin"

If one considers that (V-Vo)/E1, = cos b, after some work
one finds

V Rdtg b -b - V0 "RI (13)(13)

If, as is usually the case, one sets Vo « V, this equation may be
simplified to

-
tgb:-b=n-Rt (14)

If b is known, the value of V -V° is found from the condition
V --V° = Eh cos b, and with the helpof (14) it may be seen
that upon increasing the value of R1 the D.C. voltage V -V0
actually does lie closer and closer to Eh.

In the practical application of the connections
the input ,and output damping of the frequency -
changing stage are important as well as the con-
version amplification. The input, damping is given
by the resistance of the part of the connection to the
right of points 1 and 2 in fig. 5 for the frequency coi.
The latter is again found from equation (4) by taking
this time .from, the series for s(t) the terms which
account for the occurrence of the frequency coi.
These are again the term Ao, which; multiplied in
Ei sin wit, gives A0Ei sin wit,. and the term
-A1 cos coht which multiplied by E0 sin coot gives

-A1E0 sin coot  cos coht =

= sin (wh-coo)t -sin (0)h + coo)t # .

Since coi = wh-io0, the current component with the
frequency coi is

ii sin wit = AoEi sin wo 1/2'A/E0 sin ant.

According to equation (6)

112A3.'E E0 -
J

AO
RD

For the resistance of the part of the connections
to the right of points 1 and 2 for the freqUency coi
we now find;

Ao
ri - ii AoA02 _1/4Al2

Ro

Now according to (8), Ao 1/rd, while according
to (9) with the small values of b occurring in prac-
tice Al approaches 2/rd. If we substitute this in the
last equation y, e find that:

ri = rd Ro (15)

or, in words: the resistance with which the fre-
quency -changing circuit damps the input circuit
is equal to the sum of the internal resistance of the
diode and the resistance of the', intermediate
frequency circuit (or, of the primary side of the in-
termediate-frequency transformer) Jor the output.
frequency. The degree to which the input circuit
is damped in these 'connections thus depends upon
the construction of the intermediate -frequency
circuits.

Since the input voltage Ei and the output voltage
E0 are in series in the connections, the same reason-
ing which was followed above for the determination
of the damping of the input circuit can also be ap-

 plied for the determination of the damping .which
the' connections exert on the output circuit, thus
on' the intermediate -frequency. circuit or trans-,
former. This resistance is therefore again eqiial to
the sum of the internal resistance of the diode and
the resistance, which the input dircuit.represents for
the frequency coi. If we call this last resistance
then according to the preceding the resistance with
which the frequency -changing- connections damp
the output circuit is given by

ro -= Ri . . (16)'

A change, in the input circuit, for instance a shift
in its tuning over a given wave -length region:, will in
general cause a change in the damping of the first
intermediate -frequency circuit of the set in question,
and thus also a change in the selectiVity.

The value of To given by equation (16) is identical with the
internal resistance of the frequency -changing connections for
intermediate freqUency, which has previously been men-
tioned in connection with the possibility of obtaining a con
version amplification greater than unity by connecting ./20 via
a transformer.`

The internal resistance of the diode according to
(8) and (2) is given by

1 2.7r
rd = =

' -

A large value of rd, and thus also of ri and r0,
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.
can apparently be attained by making b small. Ac-
cording to 'equation (14) a large value of the leakage
resistance Ri is necessary for this purpose. Thus
while the use of a large leakage resistance is fa-
iiourable in connection with the damping of the.
 circuit connected with it, this cannot be carried
too far. From equation (11) it may be concluded that
a very large value of rd gives a decrease of the con-
version amplification reached. In practice, therefore,
in choosing the leakage resistance a compromise
should be made between the conversion amplifi-
cation obtained and the damping of the circuits
in connection.

The theory of frequency transformation given
above is actually only more or less exact at frequen-
cies which are not so high that the transit time of the
electrons in a diode is important. Wave lengths
shorter than 1 m, however, no longer satisfy this
condition. Due to the inertia of the electrons a phase
shift occurs between an A.C. voltage applied to the
diode and the alternating current caused hereby.
Thus for example the periodic variation in slope
caused by the oscillator. voltage will no longer be
in phase ,with the oscillator voltage, and instead
of fig. 3, a variation of slope will occur which is
unsymmetrical with respect to r, 3n, etc.. Fig: 3
can then no longer be approximated by a simple set
of triangles as sketched in. fig. 4. For all these
reasons it is evident that an exact theory of fre-
quency transformation by means of a diode at very
high frequencies_ eads to very complicated calcula-
tions. We shall therefore confine ourselves -in this
article to the reproduction of several results which
were obtained 'with this type of frequency -changing
valve on decimetre 'waves (see the following).

Push-pull frequency -changing stages 4)

In our considerations of diode frequency changing
we dealt always with connection with a single diode.
Now it has already been shown pleviously in this
periodical that in the solution of the problem of
voltage -amplification at very high frequencies, ad-
vantages Can be' obtained when use is made of A.C.
voltages which are balanced with respect to earth.
In this connection for example the high -frequency
amplifier valve EFF 50 was designed as a puSh-pull
amplifier valve 5).

Continuing on this line of thought the frequency -
changing valve .for decimetre waves was now also
prOvided with two diodes, whereby frequency trans -

4) See M. J. b. S trutt, Moderne Kurzwellenemplangs-
technik, Springer, Berlin 1939, p. 182."

5) Philips techn. Rev. 5, 172, 1940.

formation of A.C. voltages which are balanced with
respect to earth is possible.'

Two A.C. voltages in opposite phase are thus
applied to these diodes. If we call the high -frequency
Voltage on one diode 1/2 Ei sin wit, then the high- ,.

frequency voltage on the other diode is -1/2Eisincoit.
As concerns the oscillator voltage, there are now
two possibilities. The oscillator voltage can be fed
to the two diodes either in phase or in Opposite
phases. Connections are given in fig. 7a and b for
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Fig. 7. -Diagrams showing the principle of a push-pull fre-
quency -changing stage.
a) Upon feeding the oscillator voltage to the two diodes in

the same phase.
b) Upon feeding the oscillator volta0 to the two diodes in

opposite phase.

these two possibilities. In the first case a single
common cathode for the two diodes is found to be
sufficient, while in the second case each diode is .

provided with a separate cathode. In the connec-
tions according to fig. 7a intermediate -frequency
voltages are obtained on both diodes which are in
opposite phase with respect to earth, while in the
connections according to fig. 7b, where in addition
to the input voltage the oscillator voltage is also
fed to the two valves in opposite phase, two inter-
mediate -frequency voltages are obtained which have
the same phase with respect to earth. This differ-
ence between the connections of fig. 7a and b
should be kept in mind in adding the intermediate -
frequency circuit to the connections.

Frequency changer for decimetre waves

We shall now give a description- of a frequency -
changing valve with indirectly heated cathode,
suitable for the reception of decimetre waves. In
this valve two diodes in 'push-pull connection are
used, while at the same time a triode for exciting.
the oscillator voltage is also built in. (For the ex-
citation-_ of the oscillator voltage two triodes in
push-pull connection could also be used. In this
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description, however, we shall confine ourselves
to a type with one triode).

For the sake of the simpler construction and con-
nections the principle of fig. 7a was chosen. Fig. 8

Fig. 8. Laboratory model of the diode frequency changer.
Left interior view; right external appearance. The shielding
which surrounds the triode is partly removed to show the in-
terior.

shows a laboratory model of this valve as well as
a photograph of the interior of the valve. The com-
plete connections of the valve as a frequency
changer are shown in fig. 9. The oscillation circuit I
is the high -frequency input circuit on which the
high -frequency A.C. voltage acts which is fed to the
two diodes via the condensers C and C1. The oscil-
lation circuit is the circuit II, while III is the
intermediate -frequency circuit. The triode part of
the valve, together with the oscillator circuit II
forms an oscillator in the so-called three-point con-
nection in which the division of voltage takes place
by means of the internal capacities of the valve. A
choking coil S2 is included in the cathode connec-
tion, on which an A.C. voltage with the oscillator
frequency occurs. Since the cathodes of the triode
part and of the diode part are connected to each
other, the desired oscillation voltage occurs in this

Oi
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Fig. 9. Connections of the diode frequency changer, in which
the oscillator voltage is fed to the two diodes in the same
phase.

way on the cathode of the two diodes. Choking coils
(S2' and S2") are also included in the two heating
current lines. The intention is hereby to prevent
the capacity between cathode and heating filament
becoming connected in parallel with S2, which might
cause a decrease in the impedance between cathode
and earth, or lead to disturbing resonance phenom-
ena. In order to eliminate the influence of any
fluctuations in the capacity between cathode and
filament a condenser is introduced between the two.

The two intermediate -frequency voltages in op-
posite phase which are delivered by the diodes are
fed to the intermediate -frequency circuit III via
the choking coils S1 and S1'. In series with these
coils two large condensers are connected which
prevent the leakage resistances Ri and R/' for
direct current from being short circuited via these
choking coils and the coils of the circuits I and III.
The self-induction of S1 and S1' is chosen so great
that they possess a high impedance for the frequency
of the high -frequency voltage to be received, while
for the much lower intermediate frequency the im-
pedance of S1 and S1' is slight. The capacity of
the condensers C and C1 is kept so small that the
condensers have a high impedance for intermediate-

frequency A.C. voltages, while for the much higher
frequency of the high -frequency A.C. voltage the
impedance of C and C1 is slight. In this way the
oscillation circuits I and III are prevented from
affecting each other. The circuit III can naturally
also be formed by the primary circuit of an inter-
mediate -frequency transformer.

At wave lengths shorter than 1 metre the oscil-
lation circuits I and II cannot as a rule be composed
of a coil and a condenser. A system of parallel con-
ductors (a Lecher system) is usually used for this
purpose, which is provided with a sliding short-
circuit bridge 6). The length of the conductors
calculated up to the short circuit must then be
adjusted approximately equal to an odd number
of quarter wave lengths for the desired tuning
frequency..

By means of different devices the diode part as
well as the triode part of this valve have been given
the best possible properties for use on decimetre
waves. In the first place the distances between the
electrodes in both parts have been made as small
as possible so that the transit time of the electrons
is limited to a minimum. In the case of the two
diodes the distance between anode and cathode
amounts only to 0.15 mm. Furthermore the con-
nections of the electrodes to the pins are made as

8) Philips techn. Rev. 6, 241, 1941.
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short as possible. The triode part may be used as
oscillator down to a wave length of 37 cm. Upon
the use of for instance the fourth harmonic of the
oscillator voltage, therefore, frequency transfor-
mation can still be obtained at a wave length of
about 9 cm.

Special attention is paid to the damping which the
valve exerts on the oscillation circuits connected
to it. In addition to the damping which occurs
when a given current flows in the diode, which we
may call the active damping, and which in the first
part of this article we have already calculated, there
is also another source of damping present. Between
anode and cathode of each diode there is a certain
capacity; these capacities are connected in series
with the input oscillation circuit. In series with
these capacites is the resistance of the connection
pins which may cause a considerable damping of the
circuit in question.

The ordinary material for the construction of
connection pins is chrome -iron. Due to the skin -
effect pins made of this material take on a rather
high resistance on decimetre waves. This may for
instance, for the part of a pin which runs through
the glass wall, amount to as much as several ohms.
In order to diminish these resistances the whole of
the chrome -iron pin is copper -plated. The part
which projects outside the glass is covered in ad-
dition with a layer of silver. It has been found that
the damping of the circuits connected to them
is hereby appreciably decreased. It must still be
mentioned that the short wave properties of the
triode part can be considerably improved by con-
necting the anode and (or) grid to two instead of
one connection pin.

As has already been calculated, the conversion
amplification which can be attained when the in-
termediate -frequency circuit is connected directly
and not via a transformer is always less than unity.
With the valve described measurements of the
conversion amplification and of the input damping
in connections like those of fig. 9 were carried out
at a wave length of the input signal of 1.2 metres.
The oscillator circuit was here tuned to wave lengths
of 2.4, 3.6 and 4.8 metres, so that the frequency
transformation took place by means of the 2nd,
3rd and 4th harmonic, respectively, of the oscillator
voltage. If a leakage resistance .8/ of 50 kilo -ohms
was used and the intermediate -frequency circuit
was tuned to a frequency of 30 megacycles/sec
(wave length 10 m), conversion amplifications were
measured of 0.63, 0.55 and 0.40 7), respectively.
When the intermediate -frequency circuit was tuned

to a lower frequency, namely 10 megacycles/sec,
it amounted to about 7 kilo -ohms.

Fig. 10 shows an arrangement for measuring the

Fig. 10. Arrangement for the measurement of the conversion
amplification.

conversion amplification. The scheme of this arrange-
ment is represented in fig. 11.

In the constructions of connection according to
fig. 9 or fig. 11 special attention must be paid to the
symmetry of input and output circuits and the lines
connected to them with respect to earth. Only
in the case of such symmetry is an absolute inde-
pendence of the oscillator circuit II and the other
two circuits assured. In order to make this clear
several capacities present in the connections are indi-
cated in fig. 12. Cd1 and Cd2 are the capacities of the
two diodes, C C11, C2 and C2' are the capacities
of the wiring toward earth, while Cak and Cgk are
the capacities of anode and grid, respectively, of
the triode part toward earth. If C1 and C2 are equal
to C1' and C2' then, since Cd1-=.Cd2, in the presence
of an A.C. voltage between the extremities of oscil-
lation circuit I, no A.C. voltage with the frequency
on, will occur between the cathode of the frequency
changer and earth. The high -frequency voltage will
therefore have no influence on the oscillator circuit
II. Conversely, in the presence of an oscillator
voltage on the cathode, no A.C. voltage with the
oscillator freipiency will be able to occur across the
oscillation circuit I. The circuit I and II are thus
entirely independent of each other. If on the con-
trary C1 and C2 are not equal to C,' and C2', the
foregoing is not the case. In the presence of an A.C.
Voltage between the extremities of circuit I there
will also be an A.C. voltage on the cathode which
also causes the occurrence of an A.C. voltage on the
oscillator circuit II via the capacities Cak and CO.

7) Philips techn. Rev. 5, 172 and 257, 1940.
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Conversely, an: oscillator' voltage present 'on the
cathode can then also cause an A.C. voltage over
the oscillation circuit I. The result is that a change
in tuning of one of the oscillation circuits I or II
also ' affects the tuning frequency of the other
circuit, whiCh" ,Makes the 41.jUstment very' much
More difficult. second. result, is that the oscillator
circuit -II is daniPed`due to the presence of circuit

.whereby the oscillation of the triode part sometimes
.

becomes more difficult.

293

"
voltage E0 with the frequency coo acts between these two
anodes, Ei must be measured with the help of a selective am-
plifier (B in fig. 11) which only amplifies an A.C. voltage with.,
the frequency Wi. The measurement is made still more dif-
ficult by the fact that the occurrence of an .A.C. voltage with
the frequency coi, on the oscillation circuit I can practically
never be entirely avoided. On very short waves and in the
case of frequency transformation by, means of the first har-
monic of the oscillator voltage, the difference in tuning fre-
quency between the circuits I and II is only slight. This fact
sets high requiremente on the selectivity of the measuring
amplifier inquestion.  

39650

F'g. 11. Diagram of the arrangement for measuring conversion amplifications.
I = high -frequency circuit, II = oscillator circuit, III = intermediate -frequency circuit,
A = transmitter, B = selective amplifier for measuring the high -frequency voltage
between the diode anodes, C = diode for measuring the intermediate -frequency, voltage,
Ml and = instruments for measuring the direct current in the grid resistances
R1 and...N.' M2 instrument for measuring the direct current in the diode C.

The necessity of the symmetrical construction
of the high-freqUency circuit I, which was demon-
strated above, is also valid of course for the inter-

,

mediate frequency circuit III (fig. 9). Thns for
example the choking coils S1 and. Si should be as
similar as possible, while they should be mounted
in the same way .in relation to metal screens con-
nected to earth. ,

c/:t: -I -C2"Tr
1

V9

39455

TC2,

Fig. 12. Diagram of the diode frequency changer indicating
* the different capacities which play a part in the connections.

The measurement of the high -frequency voltage Es which
acts between the two diode anodes should be carried out with
great care on the measurements here in question. Since in
addition to the A.C. voltage Es with the frequency ?Di the A.C.

This amplifier is Calibrated by determining the propor-':
tionality factor, with the oscillator switched off, between the
high -frequency A.C. voltage on the diodes and the deviation_
of a measuring instrument connected to the amplifier. The ',
voltage on the diodes is hereby determined from the direct
current flowing in ihe leakage resistances.

A complete series of valves for reception of decimetre .

waves

With the developMent of the frequency -changing -

valve described, an entire series of electronic valves
for the reception of decimetie waves liai been com-
pleted. The series consists of the following valves:
the'valve EFF 50 as high -frequency amplifier valve,
the valve EF 51 'as intermediate -frequency valve
and the above described valve as frequency changer.
A detailed description of the first two Valves has

, already been given in this periodical 8).
The push-pull amplifier valve EFF 50 can be

used as high -frequency amplifiers approximately
down to a wave length: of 50 cm. To this wave length

8) Philips techn. ReV. 5, 172 res,351, 1940.
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therefore the complete series mentioned may be
used. The wave -length of the intermediate -fre-
quency oscillations may amount to from several
metres to approximately one hundred metres. For
wave lengths shorter than 50 cm the high -frequency
amplification with the valve EFF 50 is less effec-
tive. In such a case the frequency -changing valve
described can be used as first valve in the receiving
set. As was mentioned above, this valve can be used
down to a wave length of about 9 cm.

A diode frequency changer for battery supply

In addition to the valve shown in fig. 8, a short-
wave frequency changer for battery supply has
also been developed. Due to the large heating cur-
rent consumption which is always connected with
the use of an indirectly heated cathode, the valve
described is less suitable for battery supply. The
battery frequency changer is therefore of the di-
rectly heated type. The heating current for this
valve amounts to only 200 mA with a voltage of
1.2 volts, compared with 300 mA with a voltage of
6.3 volts in the case of the indirectly heated type.
Due to the fact that the filaments are strung in the
shape of a W, the distance between the cathode
and the other electrodes cannot be made as small as
in the case of the indirectly heated cathode. As a
result the triode part can only be used as oscillator
down to a wave length of 80 cm. The two diodes,
however, still work at considerably shorter wave
lengths.

Fig. 13. Interior of the diode frequency changer for battery
supply. Part of the shielding which surrounds the whole has
been removed.

Fig. 13 is a photograph of the internal construc-
tion of a laboratory model of the diode frequency
changer for battery supply. In the photograph part
of the metal shield which surrounds the two diodes
and the triode is cut away.



THE FLICKERING OF SOURCES OF ELECTRIC LIGHT

by P. J. BOUMA.

The variation of the light intensity during half a period of the alternating current (1/100
sec) is given for different technical light sources. The degree is studied to which this change
in light intensity is obierved as a flicker, a distinction being Made between two cases,
namely the observation of stationary and that of moving objects. In the first case it -is
found from measurements of the critical flicker frequency carried out under different cir-
cumstances that in the case of light sources which burn on an A.C. main of 50 c/s the flick-
ering of stationary objects can only'be observed at extremely high brightnesses. In the
second case the varying light intensity may much more easily cause trouble due to the
occurrence of stroboscopic effects. The contrasts which are observed in the field of vision
under 'such circumstances are calculated 'for different cases.

Introduction
When a source of electric light (incandescent

filament lamp, gas -discharge lamp) is connected
to an A.C. voltage, voltage and current and con-
sequently the amount of light radiated, will exhibit
periodic variations. Under certain conditions the eye
is capable of observing the results of these periodic
changes. The lamp in that case is said to flieker1). 

At what frequency does this phenomenon of
flicker appear ? In our discussion we, assume that'
the lamp is always connected to an A.C. voltage
of 50 c/s. If the oscillation time of 1/50 sec is
divided into two halves of 1/100 sec, the same voltage
variation takes place during each half, except
for the sign. Most sources of light have the property
that the' current also shows the same variation in
the two halves of the period except for the sign,
and that the light intensity algo varies in the same
way in the two halves nf the period. From this it
follows that the number of periods of the flicker
phenomenon 'will in general amount, not to 50,
but to 100 c/s.

Exceptions to this 'rule occur when the light
source does not behave in the same way in the two
phases of the A.C. voltage. This is the case when the
lamp has a 'rectifying action (the light of mercury
rectifiers), or when for instance in a gas -discharge
lamp the two cathodes are not alike. In these cases
flicker phenomena occur at 50 c/s. Since the 
latter frequency of flicker is much more disturbing
than 100 c/s, an attempt will always be made to'
avoid such lack of symmetry. 

The Nariation of the light' of several sources of
light during theperiodof 1/100 sec:

In figs. 1-5 may be seen the variation of the light
during half a period of the alternating current
(1/100 sec) for several types of light sources' which

621.32

were measured in this laboratory. The phase' angle
p' (expressed in degrees) is plotted along the ab-
scissa. As zero point of the measurement in each
case the moment was chosen at which the light
radiation is a maximum. As ordinate the ratio was
chosen of the light intensity I at a given moment
to the maximum light intensity 10.

1,0

Q6

Ihmax

25W 220V

o°  30° 60° 90°. 120° /59° /80°
J9482

Fig. 1. Light variation of electric lamps during one half of a
period (1/100 sec), in which the phase angle T. of the voltage "

increases from 0 to 180°.

Fig. 1 refers to gas -filled electric lamps. The
'variation here is practically sinusoidal. The magni- .

tude of the ripple' of 100 c/s depends very closely
upon the heat Capacity of the filament; it may be
seen that low -power lamps give greater variations
than larger types.

In fig. 2 are shown the curves of the light varia-
ation for different mercury lamps 2,3). It may be
seen that at very high mercury pressures (SP 500 W)
the part of the period in 'which very little light
is radiated increases rapidly.

Fig. 3 refers to the blended light lamp ML 500 4).
If the light intensity is measured in the direction

 1) Other flicker than the one here mentioned, 2) Philips techn. Rev. 1, 129, 1936.phenomena
 such as the !ticker of luminous flames, fall outside the 3) Philips techn. Rev. 2, 165, 1937.

scope of this article. . 4) Philips techn. Rev. 5, 341, 1940.

y. 's
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Fig. 2. Light variation of mercury lamps during half a period
(1/100 sec) of the voltage. A) Low-pressure mercury lamp.
B) Type HP 300. C) Type SP 500 W.

of the axis. of the lamp, a -much smaller variation
is found than in a direction perpendicular to it
(curves A and B). This is due to the fact that in the
former direction the contribution of _the ordinary
electric lamps is relatively much larger than in the
latter direction. Curve C gives the variation of, the
total light flux.
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Light variation of the blended -light lamp ML 500 during
half a'period (1/100 see.).
A) MeaSured in ,the direction of the axis of the lamp.

' B) Measured perpendicular to this direction.
 C) Average light variation. -

In fig. 4 may be seen the variation for low-pressure
mercury lamps with luminescence (TL 100 5)). If
we compare these curves with fig. 2 ,(curve A),
we see that the light intensity of the lamp TL 100
varies much less: during the part of the' period in
which the mercury discharge itself emits' no radia-r
tion at all,. the luminescent subStance emits,. and
thus partially fills up the sha.rp minimum of fig. 2.
The
upon

of this filling up dependg, very much
upon the choice of luminescent substances. '

Fig. 5 gives the light variation for the

5) Philips techn. Rev. 4, 337, 1939; 6, 65, 1941.

lamp SO 650 6). The. striking unsymmetrical form
of this curve is a result of the very low sodium pres-
sure at which the lamp works hi order to obtain
high efficiency. When the current is large, a large
part of the sodium vapour is ionized and therefore
can no longer emit the yellow, lines, so that the
latter are then only produced by a thin layer at the 
wall of the discharge tube, while inside it neon light
is emitted. The formation and disappearance of
this film on the wall does not take place symmetri-
cally within a period.
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Fig. 4. Light variation of luminescence lamps TL 100 during
half a period (1/100 sec) of the voltage. A) Daylight lamp.
B) Lamp with colour temperature of about 3 500 ° (warm
white).

The light variation of a light source can also be
determined by developing _the curves of figs. 1-5'
into Fourier series:

/ = 7 31-Fil, sin (cot+ 991)-F cc.2 sin (2cot+ T.2)± . (1)

In this series is the light intensity at a given
moment t; I the average light intensity; al, a2 . . .

the coefficients of the different Fourier compo-
nents; co = 27c times the fundamental frequency

0,2
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Fig. 5. Light variation of the sodium lamp SO 650 during half
sodium a period (1/100 sec) of the voltage. '

5) _Philips techn. Rev. 2, 353, 19371
.
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(here 1/100 sec) and (h., T2, . . certain phase _shifts.
For the curves of figs..1-5 we then find the values
for al, a2, a3 given in table I.

Table I

Kind of lamp ii2 ' a3

Electric lamp 110 W 220 V 0.0923 0.007 0.002
Electric lamp 75 W 220 V*) ' 0.123 0.003 - ,
Electric lamp 25 W 220 V*) , 0.179 0.016

Low-pressure mercury lamp*) 0.82 0.078 - -
Mercury lamp HO 1600 0.750 0.021 0.017
Mercury lamp HP 300 0.890 0.021 0.006
Mercury lamp SP 500 W 1.126 0.132 0.047

Blended light lamp ML 500 .
A) in the direction of the axis 0.244 0.016 0.024
B) perpendicular to A direbtion 0.622 0.045 0.055
C) average - 0.433 0.030 0.040

Mercury lamp TL 100 ,

Daylight - 0.569 0.048 :0.020
Warm white , 0.391 0.034 0.034

Sodium lamp SO 650 , 0.710 0.068 0.098
Sodium lamp SO 400 0.599 0.072 0.098

8) E. G. Andresen, Das Licht 7, 235, 1937

The flickering of stationary objects

Until now we haven spoken only of the purely
physical phenomenon of the light variation within
the period. As was mentioned in the introduction,
one may speak of flickering only when the eye
can observe the results of this variation.'

These results, may be divided into' two large
groups:
a) When a non-moving object is observed, under

certain conditions the variations of the bright-
-. ness of the object can be' ohserved' directly.

. .

b) When moving objects fall 'within' the field of
vision, strobosCopic effects can be observed:.

- one sees for instance instead of a continuously
moving rod, a whole series of separate stationary
images of the rod.

We shall first deal with the first group of phen.om-.
end.

When the conditions (brightness, frequency of .

the flicker, magnitude of al, a2, a3 . . ,etc.) are '

so chosen that a stationary object is seen to flicker,
and the frequency is then steadily increased; the
flickering will finally be seen to stop. The frequency
at which the flicker phenomenon stops is called
the critical flicker frequency.,

This critical frequency depends upon various
circumstances.

In the first place upon the form of the light varia-

tion during the period. From numerous experiments
with different vibrational forms it has been deter-
mined that only the quantity al of formula (1) is
important here: the higher harmonics (overtones)
have no  influence on the values of the critical
frequency, unless one of the overtones is several
times as intense as the fundaniental. According to
table I the latter is not the case for any of the com-
monests light sources: the strongest overtones occur
with the sodium lamp, but even here they do not -
amount to- more -than about 15 per cent of the
fundamental. ' ' -

In connection with this property we may in the
further investigation confine ourselves to 'a single,
definite vibration form. We have chosen the follow-
ing light variation for this purpose.

The brightness of the object amounts to B1
during one half of the period, during the other half

. it is ../32; the average brightness is 'therefore B
312 (B1 + B2).

In a preliminary series of observations B2 was
equal to zero.' A circular white disc was chosen as
flickering object. It could be observed within dif-
ferent angles of vision 'and' its centre was 'always
focussed on. The surroundings' of the disc were dark.
Fig. 6 shows how under tlicse conditions the critical
frequency n depends upon 'the average brightness.
B and the magnitude of the angle of vision.

The folloyfing was noted:'
1) n increases almost linearly with log Bin, the

brightness region from 0.5 to 200 cp/m2, which '
is of greatest practical importance;

no
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-Fig. 6. Critical flicker frequency c/s) 'as a function of
the average brightness B, with circular fields of vision observed
within angles from 0.9 to 39°. The brightness was equal to
2B in the first half of a period and ,zero in the second half.
The surroundings of the field of vision were dark.
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2) as the field of ,vision is made greater a larger
value of n is found.

The first property is known under the name of the
Ferry -Porter law. Only at very high and very
low brightnesses do deviations from the law clearly
occur. As to the slope of the straight sections of the
curves drawn in fig. 6 there is surprisingly good
agreement among the different authors. Thus for
example in the case of very careful and detailed
observations in Amerca 7), for an angle of vision
of 2°, slopes were found which varied between 10
and 11, while in fig. 6 we find for 1.7° and between
A3.5 and 200 'cp/m2 an average slope of 10.8.

The increase of it with the angle of vision is con-
nected with the fact that the peripheral parts of the
eye are more sensitive to rapid light changes than
the centre of the eye. Furthermore we see from
fig. 6 that we will practically never have trouble
with the flickering of stationary objects when the
light varies at 100 c/s. Even with the largest field
of vision brightnesses of more than 1 000 cp/m2
are necessary'to be able to observe the flicker. The
illuminated objects will never reach such bright-
nesses (for.a pure white 'object an illumination inten-
sity of about- 4 000 lux would be required). The
light sources themselves'. will, however, be able to
exhibit such high brightnesses, but they are always
seen within much smaller angles of vision, so that'
here also the critical frequency of n = 100 is never
reached at 'the highest brightnesses..
 In a second series of observations B1 as 'well as B2

was varied. For the rest the observations were
carried out in the same way with an angle of vision
of 39°. The results were worked out in the following

-, way. For a light variation as described above we
find upon development into Fourier components
that

4 Bi- Bs
a1 =

Each observation thus provided us with a corre-
sponding set of values for B, at and n. The relation
thus found between B, a1 and n has the advantage
that the results may be applied directly to a light
variation of a different 'vibrational form. For B2
0, the first case investigated (fig. 6), we obtain the..
maximum'value 4/.7z which 'al can take on.

We here find the same result as from fig. 6,

namely that a flicker with 100 'c/s can only be
nbserVed at extremely high .brightnesses and only
for values of a1 in the, neighbourhood of 1. The

. ,

situation would be quite different if the light varied
at 50 c/s. If we then used for example a  gas -
discharge lamp with' al = 0.50, the flicker would
already be visible at a brightness of abour 10
cp/m2, i.e. when a piece of white paper was illumi-
nated:with about 40 lux, while if an electric lamp
with al = 0.20 were used, illumination intensities
higher than about l.50 lux would not be permissible.
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Fig. 7. The brightness ota circular disc in dark surroundings,
observed within an angle of vision of 39°, varies with the time
according to the formula: B(t) = B(1 + al sin 2ntrt).' The
figure gives the values of al (as a function of B and a) at
which the flickering is just not visible.

The lowest value of al, which we can observe is
found to 'be about 0.005 at frequencies of 20 to
30 c/s and brightnesses of at least 100 to 1 000
cp/m2. .

In the investigations in the regions of very low
values of a1 the surprising fact is encountered that
there are two critical frequencies;nnly in the region
between these two frequencies can the flicker be
observed. Upon further consideration this property
is obvious: if the 'light intensity is made to vary
extremely slowly, ,we will no longer' be able to
observe the variation. With high values of al
and of the "upper critical frequency" n the "lower
critical frequency" lies much lower than n; in the

 region of low values of al, however, the two critical
frequencies lie closer and closer together and finally
coincide at al. 0.005, so that the 'flicker region
then disappears entirely.

The flickering of moving objects

In the foregoing it was found that with a varia-
tion nf the light intensity at 100 c/s there is no
danger of the occurrence of flicker with stationary
objects. On the other hand it.is well known that at
the same frequency moving objects can be  seen
to flicker, other words stroboscopic effects

-') S. Hecht and C. D. Verrijp, Proc. Nat. Acad. Sci. can be observed.
19, 522, 1933. This, phenomenon is considerably more compli-

-
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cated than that of the flicker of stationary objects;
this complexity is due especially to the large number
of variables which must in these cases be taken into
account.. In the theory Of the phenomenon which
will be developed below we shall in -many respects
be compelled to submit to restrictions. We begin
with the common method of determining "whether
or not a light source flickers", i.e. we take a light
coloured, preferably glossy rod (pencil, scissors)
and move it rapidly back and forth to see if we
can observe separate images. If this process- is put
into a somewhat more mathematical form, it runs
as follows. Move a rod of thickness d over a uni-
formly illuminated background with the- velocity v.
Let the rod take on a brightness B and the back-
ground the brightness Bo (B > Bo) with an illu-
mination of 1 lux. Rod and background are both
illuminated by a light -source of which the variation
of the light intensity during the period T is known.
The quantities required are the contrasts which are
seen to appear in the field of vision.

As to the variation of the light intensity, we shall
'confine ourselves to the types sketched in fig. 8.

The following times are of importance for the fur-
ther discussion of the problem.

T-D>P>D
a<1/2

Ira

D.aT.

D>P>T-D
a>1
jib

P.cD
P<T-D

D-aT

39506

Fig. 8. Different forms of the light variation for which the
contrasts occurring in, the field of vision upon observation
of moving objects are calculated.
T, D and P are the time of vibration, the dark period and the
time of passage (time in which the moving, object entirely
passes a given point), respecti4ely.

The oscillation time T, the "dark period"
D = a T and the "time of passage" P. = d/v, i.e.
the time needed by the rod. 'to pass entirely by a
given point in the field of vision. We assume that P
is always less than T; if the time of passage were
longer than, the oscillation time, the stroboscopic
images would overlap and thus become very
poorly defined.

If we now consider the discontinuous varia-
tion of fig. 8, .we must distinguish between the four
cases I, IIa, IIb and III, according as P is greater
or smaller than D and T-D.

In each of the four cases we must now discover
what is the greatest and what. is the smallest bright-
ness occurring in the field of vision. The brightness
observed at a given point consists of the brightness
of the background which amounts on 'an average
to Bo (1-ab) (for the meaning of a and b see fig. 8),
plus an extra contribution caused by the pasage
of the lighter -coloured rod. To calculate these contri-
butions we must remember. that the time of, pas-
sage is very short (for instance 0.005 sec) and that
for such short times the eye, like the photographic
plate, is capable of adding its impreisions. From
this it follows that we must calculate the, extra
contribution at a given point by integrating the
brightnesses during the whole time of passage
and dividing the result by the time M, which
represents the longest time over which the eye still
adds all impressions. This time M is of the order
1/20 sec., In this way for every point in the field of
vision the observed brightness at each moment
can be determined and then .from all these* bright-
nesses the smallest and the largest can be found
and the most favourable position of the time of .
passage with respect to the dark period can be
chosen.

In this way we calculate for the four cases the
differences between the highest and the lowest
brightnesses in the field of vision which are included
in table II.

If we divide these brightness ,differences by the
highest brightness occurring in the field of vision,
which is also -given in table II, we obtain finally the
required contrast C in the field of 'vision, which is
given in the last column of table II.

These four expressions for the ,contrast values'
enable us to survey the whole problem. We choose
for the purpose first approximately those values
for the different quantities which occurred in the
experiment mentioned at the beginning, namely:

= 0.01 sep, B = 10 Bo, M = 0.05 sec, d = 0.5 cm,
v = 100 c/s and P = 0.005 sec, while we assume
that b = 1/2,. a = 0.3 and therefore D = 0.003 sec.
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Table II

Brightness difference Greatest brightness Contrast C,

I (T-P)b - P -b (P+ -T)
' B0(1-ab)-11(B-B0)

" Bb(T-P) M P[B(B -B0) M MD
M

: + (1-b) + (T-D)b]-Bo (1 ab)

HDba (B -Bo) - -M
PB0(1-ab) -1-(B-Bo) -m BbD M P][B: (1 ab) +

-B 0

lib (T)b
.

P-b(PD-T)
B0(1-ab)+ B0 b(T-D) M+[B

(B -B0)
M (B : P (1-b) + (T-D)b]Bo(1 ab)

III Pb(B -B0) -M - B0(1-ab)- (B -Bo) bP P][B_BO: (1-ab) M+

We then have case and calculate C =-0.154.
We then vary successively the quantities B/Bo, v,
T, d, b and a and with the help of the formulae
derived we determine the variation of the contrast.
The result is reproduced in. fig. 9. On each curve
a point indicates the value from which we began
in our example. Various conclusions may be
drawn from these curves; Thus the first curve shows
that the contrast can be appreciably increased
by making B/Bo larger. This can be achieved by
choosing a glossier object. From the second and
third curves we see that v and d were fairly well
chosen; by increasing the velocity slightly or
Making the width of the rod slightly less, the con-
trast could have been increased somewhat: Further-

, more it may be seen that the contrasts occurring
in this experiment increase appreciably when T,
b or a is increased.

Froin the relations found we may also deduce
, directly how, with T, b and a given, the other

quantities must be chosen to obtain the effects as
clearly as possible. In the. first place B/Bo must be

.made as large as poisible; the rod must be as
bright as possible against 'a background as dark
as possible. Furthermore the time of passage P
must be so chosen that we work in region III.
This means that d/v must be chosen smaller than the
smaller of the \rakes aT and (1-a)T. Under these
favourable conditions the maximum possible value
of the contrast can be obtained, namely C =
i.e. the same contrast which is seen to occur directly
in fig. 8.

As a second example we consider a sinusoidal
variation of the light intensity, as indicated in
fig. 8. The calculation is the same; the integration
over the time is somewhat more complicated, but
on the other hand we are not compelled here to
investigate four cases. The following general for-.
mula is found for the contrast C:

0,1 I a

0,01 0,015 0.02 sec

Fig. 9. Variation of the strobOsCopic contrast C occurring in
the field of vision upon illumination according to the dis-,
continuous vibrational form of fig. 8, when one starts with an
example (indicated by a point in.the figures) and varies the
following quantities successively: '
BIB, = the ratio of the brightness of object and background.
v  = the velocity with which the objeet moves.
 T = the time of vibration of the light variation given in

the first four sketches of fig. 8..
d =' the width of the moving object measured in the

direction of motion.
a and b = the quantities indicated in fig. 8.
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2 7vP Bo T
C= - T sin -: M a1 sin  (2)

T  B-B0T
Here also_ we begin with a similar example, namely,
T = 0.01 sec, 0.5, B = 10 B0, M = 0.05 sec,
d = 0.5 cm, v = 100 cm/sec and P = 0.005 sec,
and we again vary the different quantities. Fig. 10
shows the results. Here also it may be seen that
the contrast could have been increased by choosing
B/Bo larger. The quantities v and d are found to
cause praCtically their maximum contrast value,
while the contrast still increases appreciably when
T and al are increased.

0i
0,005 aol. 0,015 G1020 sec ,

at

0.5

Fig..10. Same as fig. 9, but for the continuous vibration form
 according to the last sketch of fig. 8.

'. If the quantities T and al are given, the maxi-
mum possible contrast is again found by choosing
B/Bo as 'great as possible sand P = dlv as small as
possible. The maximum' value of C is then found
to be C = 2a1/(1±a1), again the same contrast

f0

- as is read off directly from fig. 8.
Now that the contrasts are calculated for the

different vibrational forms of fig. 8, we may ascer-
tain to What extent the rule which is valid for the
flickering of stationary objects may be applied:
the non -sinusoidal light variation is resolved into
Fourier components and only_ the fundamental
tone is taken into account.

Upon the resolution of the discontinuous vibra-
tional form drawn in fig. 8 we find:

J9490

2b sin na

n (1-ab)

If the rule mentioned is correct, then by filling
in this value in (2), a formula for C, would be ob-
tained which would give the same results as tableII.
From the nature of the formula we can.see imme-
diately that 'this can .never be exactly the case.
In order to obtain -some idea of the' magnitude
the errors' which are made by thus neglecting the
overtones, ,we calculate the contrast for several
values of a and b in two ways, namely 1) neglecting
the overtones and 2) with the help of table II. For
the quantities T, M, d and v, we assume the
values which we have used in the two previous 
examples. Table III gives the results of these calcu-
lations. It may be seen that upon neglecting the
overtones we always find too high values for C.
When a is not too small, the deviations are not
greater .than 10 per cent; with very small values of
a the deviations amount to about - 25- 'per cent.

In the above we have been concerned with the
calculation of the contrasts which oecur. In order
to judge whether a given value of C should be conJ

.

sidered. disturbing we must ,.still determine, by
means of measurements what the threshold value
for C is under these circumstances, in other words
what contrast C can just barely be. observ' ed by the
eye. At the same,time these measurements will be a
check on the correctness of -the theory: when .we
vary different variables (a, b, v, d, al, etc.) until
flicker can be observed, we must each time find
about the same threshold value for C.' Several
preliminary measurements gave a threshold value . .

of C = 0.10 at different illumination intensities,'
calculated on the assumption that M = 0.05 sec.

Until now we have only considered the case in

Table III

Values of the contrast C for different values a and b, when. the
overtones are neglected and With the help of the expressions
given in table I, respectively.'

(3).

I-->0 0.3 0.7

-> 0 1.20 ab ' - 0.0311 b 0.0311 b
_...

0.95' ab 0.0284 b 0.0284'b

0.3 0.36 a 0.098 - 0.110
0.284 a 0.090 0.1024

0.84 a 0.242 0.351
. 0.66 a 0.224 0.326

1 1.20 a 0.364 0.682
' 0.95 a 0.338 0.642
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which  a rod crossed the field of vision once. The
case is different when an object moves periodically
with the same period as that with which the light
flickers. Under these circumstances the strobos-

copic images will usually be very clear. In many
cases contrasts are then seen to occur which lie
close to the maximum value C = b and C
tai/(1+a1). 

THE SENSITIVITY. OF AERIALS TO LOCAL INTERFERENCES

Introduction
In ordinary radio, receiving sets with mains con-

nections, the use of a good outdoor aerial and a
good earth connection is always recommended. Due
to the great power of interception of this combina-
tion, weak transmitters can still be received with
sufficient intensity. Moreover, the relation between

' 'signal and noise is favourable so 'that many stations
can be received without noise, while the sensitivity
to local interferences (from motors or caused, by
switches, and the like) is ielatively low. The latter
is due to the.fact that the largest part of the outdoor
aerial is at a relatively great distance from the lines
of the electric installations of the house, along which
the high -frequency interferences excited in the net
are propagated.

The relation between signal and interference
can be still further improved by the use of a
shielded connection from the outdoor aerial to
the set 1).

Over against these advantages, however, the
outdoor aerial has several practical disadvantages,
namely:
1) In the installation of a good outdoor aerial

and earth connection the help 'of an expert is
usually necessary, which of course always in-
volves some expense.

1) This of course causes a certain weakening of the effective
signal, so that the sensitivity and the ratio between signal
and noise are soinewhat diminished, see Philips techn: Rev.
4, 320, 1939.

by P. CORNELIUS.

Although the use of a good outdoor aerial and earth connection is always to be recommend-
ed for good reception, their installation is sometimes impossible or undesirable for other
reasons. Indoor aerials usually give an unfavourableratio between signal and interference,
and this objection is'even more valid for a mains aerial. The latter type of aerial, however,
has the advantage that the set can be connected at any wall contact, independent of an
aerial connection. This advantage can also be realized with built-in and attached loop
aerials.

In this article it is shown that a loop aerial is in most cases less sensitive to local inter-
ferences than a capacitative aerial with the same power of interception. For the sake of .
further diminishing the sensitivity to interferences, not only from local sources of inter-
ference but also from Other transmitters, the directional effect of a loop aerial can often
be used successfully:

. .

2) The installation of wires in a finished room and
the assembly of the outdoor part of the aerial
often encounters aesthetic objections.

3) The installation of 'an outdoor aerial is often
impossible in large' cities because of lack of
space.

4) The receiving set must remain at the spot once
chosen for the aerial connection, although it is
often desirable to be able to move it from one
room to another.

In connection with these objections attempts have
often been made to construct efficient aerials which
lack one or more of these disadVantages. We shall
briefly discuss the commonest types of such aerials.
a) A possibility of eliminating the disadvantages

indicated under 1) and 3) is, offered by the"
 installation of a permanent indoor aerial with the
water main used as earth connection. An ob-
jection tosthis is thefact that a given set always
has a considerably greater sensitivity to inter-'
ferences with an indoor aerial than with a good

' outdoor aerial, due to the relatively 'short dis-
tance between aerial and light main. The sen-

, sitivity and the ratio between signal and noise
will nevertheless usually be satisfactory.

b) ,In order to eliminate the disadv'antages 2) and
4): the earth connection, may be omitted and the
aerial may* be given a length of only a few metres.
It may then simply be hung 'or laid on the floor -

 near the spot where the set is to be placed. The

621.396.67
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the assembly of the outdoor part of the aerial
often encounters aesthetic objections.

3) The installation of 'an outdoor aerial is often
impossible in large' cities because of lack of
space.

4) The receiving set must remain at the spot once
chosen for the aerial connection, although it is
often desirable to be able to move it from one
room to another.

In connection with these objections attempts have
often been made to construct efficient aerials which
lack one or more of these disadVantages. We shall
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a) A possibility of eliminating the disadvantages

indicated under 1) and 3) is, offered by the"
 installation of a permanent indoor aerial with the
water main used as earth connection. An ob-
jection tosthis is thefact that a given set always
has a considerably greater sensitivity to inter-'
ferences with an indoor aerial than with a good

' outdoor aerial, due to the relatively 'short dis-
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capacity of the chassis toward the mains ,and the
surroundings then acts as earth conneCtion.
Such an aerial is usually unsatisfactory; the
sensitivity and the ratio of signal to noise become
poor and the level of the local interference very
high.

c) An ideal solution of the problems 1) to 4) is
formed by the mains aerial without earth con-
nection.
In this case, however, not only is the sensitivity
usually small, but the level of interference is
unusually high, since the aerial connection is
directly connected for high -voltage to one
of the mains lines. The mains aerial indeed
usually gives quite unsatisfactory results.

The loop, aerial

The loop- aerial also' forms a solution of the prob-
lems mentioned. Compared with the other forms
of movable aerials mentioned above, the loop aerial
is found to offer advantages with respect not only
to the sensitivity but also to the,level of interference.

In connection with the sensitivity, the following
must be noted. ,

In the development of receiving sets which are
intended for use With an aerial, the electrical data of
the aerials of the users of the sets are never known.
In order to avoid unallowable detuning of the
first tuned', circuit upon connection to different
aerials, the aerial must be relatively loosely coupled
with this circuit. Because of this, however, only a
part of the energy WhiCh the aerial can deliver is
given off to the first circuit. On the other hand the
electrical data of a loop aerial permanently built
in or attached to the set are known, so that it may
be coupled very tightly with the first -circuit without
danger of detuning by capacity variation. Because
of this a well, constructed loop aerial usually gives
a greater sensitivity and a better ratio of signal
to noise, than a small movable "ordinary" aerial.
Moreover', it is found that a loop aerial often picks
up ,much less interference than another aerial which
exhibits the same reCeption strength for a distant
station. In order to be able to explain this remark-
able phenomenon, we shall in the following con-
sider several properties of the electromagnetic
field of transmitters and sources of interference, as
well as several properties of receiving aerials.

The electromagnetic field of sources of electrical
and magnetic radiation

An alternating electromagnetic field can be
excited by different types of sources of radiation,
among 'whiCh electrical and, magnetic sources ' of

radiation may be distinguished as limiting cases:
The* former sources of radiation in '-the first in,
stance excite' alternating electric fields by supplying
an A.C. voltage to an open condenser (aerial), while
the latter excite alteinating magnetic fields in the
first instance with the help of an alternating current,
which flows through a coil with a large surfaCe.
.Due to the variability of these fields a magnetic
field occurs also in the case of the "electrical sour-

.
de; while conversely, the magnetic source will also,
excite an electric field. These fields, however, only
become of importance at some distance from the
source of radiation,, as we shall see below. The
commonest type of transmitter is the electric al
type, which in an idealized form may be represented
as a dipole with the capacity concentrated at the
ends (fig. 1). With the help ofM a x w elPs equations

Fig. 1. Idealized electrical source of radiation, represented as a
dipole with capacity concentrated at its ends. F and H repre-
sent the electric and magnetic field strengths, r is the distance
from the transmitter to the point considered. H is directed
forwards and thus indicated by a circle surrounding a point.

Hertz has calculated the 'strength of the' electric
field F and the strength of the magnetic field H'
in the electromagnetic field of such a dipole. Upon,
the use of Giorgi units the equations for F and :H
at a point lying in the plane bisecting the dipole '

(see fig. 1) are as follows:

1 (/) P PF = - -)
r3 cr2

(volts/metre), (1)

c pH = (amperes/metre), . (2) '

where:
p is the electrical moment of the dipole (in coulomb

x metre), which is defined as the product of the
magnitude of the two electric charges and their

separation. This electrical moment is equal to
the couple in watt seconds (1 watt sec =
105 dyne metre) which the dipole would experience
if it were placed in an electric field with a strength
of 1 V/m, the lines of force of which are perpen-
dicular to the axis of the dipole;I
is the first derivative of p with respect to the time
in seconds;
is the second derivative of p with respect to "the
time; -

."
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c = 3 x 108 m/sec, the velocity of light;
r is the a;stOnce from the point conside'red to the

dipole in metres:

4nc2 36n Vm
10-8 (

A.sec
, the so-called abso-=

lute dielectric constant, i.e. the dielectric con-
stant for vacuum.

 If we assume that between the ends of the dipole,
which are separated by a  distance s a sinusoidal
alternating current (ioeicot)with the angular fiequeri-
cy CO is flowing, then

p s (Asec m),
.iw
i s (A m),

= j co i s (Am/sec).

The formulae given are valid only when s r
and s A, where A is the wave length.

Formulae (1) and (2) may ,also be used for
transmitters in which the yield is generated between
an aerial and earth. The dot -dash line in fig.
may then be 'considered as. the ideal conducting
earth's surface perpendicular to" the axis of the
dipole. The lower half of the figure is then no
longer considered, while the fields in the upper half
experience no change.

The magnetic source of radiation' can be
represented in an,idealized form by a coil consisting
of n windings in which a current flows ( fig. 2).

3.9571

Fig. 2. Idealized magnetic transmitter, represented by a coil
of n windings with a surface 0; the axis of the coil is perpen-
dicular to the plane of the drawing; F and H are the strengths
of, the electric and magnetic fields in the field of the travelling
wave. r is the distance between the transmitter and the point
considered. H is directed forward and thus indicated by a
circle around a point.

The formulae of the electrical and the magnetic
field strength at a point lying in the plane of the
coil are given by the' following equations:

1

tio

/m N

H =
7it m

(A/m) ( )
cr2 c2r

where: '
m is the magnetic moment of the coil, , which is

defined as the product of the surface of the
. 'coil (in m2), the number of windings and the

current (in A). ThiO magnetic moment is equal

(4)

to the couple in watt sec which the coil would
experience if it were placed in a magnetic field
of 1 A/m whose lines of force lie in the plane of
the coil.

in is the first derivative of m with respect to the
time in sec.

M is the second derivative of m with respect to
the time.

= 4 n  10-7 (V secA) , the so-called absolute mag-

netic permeability. .

:For a sinusoidal alternating current i

m n i 0 (Vsec m),
M = 120 n i 0 jco (Vm),
iit = tio n 1,0 j2co2 (Vm/sec).

.11ere also the dimensions of the source of radia-
tion must be small compared with r and A.

For the reader who is not accustomed to the use of the
absolute dielectric constant and the absolute permeability,
the following remarks may be useful.-
- The capacity of a plane condenser, in which the dimensions
of the condenser plates (0) are large compared with 'their
distance apart d, is

Tt

0 (A sec
° V

= farads) ,

where Old is expressed in metres.
If,a direct current i is sent through a long cylindrical coil

with across section 0 and a length l over which n windings'
are uniformly distributed, the magnetic field in the coil is

(A/m). This field is directed according to the' axis of the
coil in such a way that the direction 'of the current in the coil
and the direction of the field together give the motion of a
right-hand screw. It is hereby assumed that the dimensions of
the cross section of the. coil are small compared with the
length. i.e. that, except at the ends, the field in the coil is
practically homogeneous. The self-induction of this coil is

L = 11° n2Tl.-17
0 /Vsed = henrys ,

where 011 is -again expressed in metres.

Comparison of the ' electrical and magnetic sources
of radiation'

If we consider a point which lies at such a great
distance: from an electrical source of radiation
that

p
2

p °P

r3

i.e.

then, according to (1) and (2)
1

4 n so c2r

pF = - v /m ,
C

4n c2r Cr'" n 
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The ratio between F and H is therefore and in the case of the magnetic transmitter:

F 1 m ire m
H = 4irc  10-7 (V/A)

soc (7) or cr2 r3

If we now consider a point at such a distance
from a- magnetic source of 'radiation that

c2r cr2
>nz

7.3

thus r) A/2 7r ,again, then according to (3) and (4)

- 1 m.
H vtim),

47r1.1.0 c2r

c mF =
c2r

(V/m)

and therefore once more

= p.oc = 4nc  10-7 (V/A) . (10)

From (7) and (10) it follows that at a sufficiently
great distance from an electrical and a magnetic
transmitter there is a constant ratio between the
electrical and the magnetic field strength which
is the -same in both cases. The electromagnetic
field at such a distance from the transmitter is 
called the field 'of the travelling wave. In this field
F and H are in phase and are perpendicular to
each other and to the direction of propagation.
The latter corresponds to the displacement of a
right-hand screw which is turned from F toward' H.
When the observer is so far away from the trans;
mitter that he is .onl.y concerned with this field,
the electrical and the magnetic transmitters for the
state drawn in figs. 1 and 2 could be interchanged
without producing any effect on the field at the
position of the observer. If i has the same value in
both cases the folloWing would have to be true
for a coil with one winding:

-s = -- 
co 27r

. (8):

While the phase in the transmitters would have 'to
be go adjusted that the upper half of the dipole has
its largest p9sitive voltage at the same moment as
the current in the coil, flowing to the left, reaches
its maximum value.

We shall now consider a point lying much closer
to the transmitter, so close in fact that the follow-
ing holds in the case of the electrical transmitter:

c2r

which in both cases amounts to r
this case for the electrical transmitter

F = 1 p
(V /m)

4.7reo r3

=
47rr2

(A/m); .

so:that the ratio of F to H becomes '

F
H corp

1

E C0

(4)

2nr
(V/A) . (13)

From (7) and (13) it follows that in the vicinity
of the electrical transmitter the' ratio of electrical

to magnetic field is -
2

times as great as it is at a
7rr

large distance in the region of the travelling wave.
In, the neighbourhood of a magnetic transmitter

1

4741.0

m
- (AN.); 

in
(V/in),

47rr2

so that the ratio of F to H becomes

F
H

flor m

in

(14)

(1)

27rr
= (2.0c - (V/A) . . (16)

From (10) and (16) it follows that in the neigh-
bourhood of a magnetic transmitter the ratio of

electrical to magnetic field is - 2-rtimes as small

as at a great distance in the region of the travelling
wave. '

From the above the well-known fact becomes
evident, that at a sufficiently small 'distance from
an electrical source of radiation practically only' an
'electrical field ocdurs, and in the neighbourhood of a
magnetic source of radiation practically only a

 Magnetic field. Actually these fields are described
by the laws, of Coulomb *and Biot-Savart.

Capacitive and inductive receiving aerials

Just as in the case of the transmitters the elec-
trical and the magnetic source of radiation can be'.
distinguished aslimiting cases, in the same way in
reception a distinction can be made between capac-
itive and inductive aerials.

An ordinary capacitive aerial may, as in fig. 1,
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be represented by one half of a dipole perpendicular
' to the earth's surface with a capacity C toward

earth. concentrated at one end (fig. 3). If this

J9572

Fig. 3. Capacitive aerial represented diagrammatically as a
half dipole with capacity concentrated at the top. s/2 is the
distance from the top to earth, F and H are the electric and
magnetic fields at a p'oint.

aerial is situated in a field of radiation with an
electrical field strength F, we obtain at the open
lower end an A.C. voltage

s/2

V = f Fds = F
2

(V); (17)

V is thus independent of co. The short-circuit current
of the aerial amounts to:

,

= V  co  C (A) (18)

The magnitude of the magnetic field H indi-
cated in fig. 3 has no effect on V or I.

This aerial thus forms an indicator for the inten-
sity of an alternating electrical field in the di-

- section of the dipole.
- An inductive receiving aerial. (loop aerial), is

represented diagrammatically in fig. 4 by, a coil
consisting of one winding. The self-inductiOn of the
coil is L1, the surface 0 and the axis of the coil is
parallel to H.

J 9 573

Fig. 4. Idealized representation of an inductive receiving aerial
(loop aerial). F and H are the electric and magnetic fields at
a point.

In an alternating magnetic field the magnetic
lines of force are surrounded by closed electrical
lines: of force of which 'the line integral of the field
strength along a closed curve, for instance, along
the coil in question, is giVen by Maxwell's second
law:

V f Fds = v.0011 (V).. (19)

The magnitude of the electrical field drawn in fig:' 4
 has no effect on this. The loop aerial thui forms an

indicator of the intensity of an. alternating 'mag-
netic field in the direction of the normal to. -the
plane of the loop.

If we assume a sinusoidally alternating magnetic
field we obtain between the open ends of the coil
an A.C. voltage:

V= [../.0  0  cull (V), . ,. . (20)

while the' short-circuit current of the' coil is

V 0
= 110  H (A) 

41.

The latter is thus independent of co.

If, retaining its form, the coil is made not of one but of n
windings, the. voltage becomes larger by a factor n, while the
short-circuit current becomes a factor n smaller, because the
self-induction has increased by n2 (Ln = n2Li). If we further
assume, that we are concerned with the field of radiation of a
travelling wave, we can 'express H and F with the help of
equation (7) and thereby obtain for the open voltage V and
the short-circuit current I:

',V=-°2-nO:F(V),

1 nOI -n  F (A).
c

It must still be noted that the formulae' given
are only valid when the dimensions of the aerials
are small compared with the: wave length con-
sidered.

The field of a local source of interference

.A. local source of interference, for instance a
vacuum cleaner  with a sparking motor, excites
irregular high -frequency oscillations. The reception
of a radio set in the vicinity will be disturbed by
components of these oscillations which correspond
to the wave length selected. Since the source of
interference is usually at a short distance from the set
affected, the ratio F/H may differ very much from
the value of the ratio for distant transmitters. It
is now important to know whether FIH is as a
rule smaller or larger for a source of interference
than in the field of a travelling wave. In the former
case, in order to obtain reception free. of interference,
the capacitive aerial will be preferable, in the latter
case the loop aerial. In this' connection therefore
it is necessary to discover whether a source of inter-
ference behaved mainly as an electrical or as a mag-
netic source of radiation. This is found to depend
upon the course of the connecting wires.

It is practically exclusively, the so-called "asyr
metrical" components of the interference currents
excited which are disturbing, i.e. a current which,
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via the capacity of the source of interference toward
earth and via the connecting wires coming out of
the ground and partially surrounded by metal tubes,
flows back to the source of interference ( fig. 5)2).

39574

Fig. 5. Course of the asymmetrical component of the inter-
ference current from a sparking vacuum cleaner on the first
floor. A vacuum cleaner, B wall contact, C switch board,
D main line of the mains.

Represented in an idealized forin the four cases of
different positions of the wires shown in fig. 6
may occur.

Fig. 6. Idealized representation of the position ,of the con-
nection lines to a source of interference. The source of inter-
ference behaves as an electrical transmitter in case a and as a
magnetic transmitter in case d. In cases b and c it behaves
as a combination of electrical and magnetic transmitter. The
set sketched represents the pbsition of the receiving aerial
(distance r from the source of interference).

In case a the source of interference behaves as an
electrical transmitter, while in case d it will be-
have as a magnetic transmitter. In cases b and c,

2) See Philips techn. Rev. 3, 235, 1938.

on the other hand, which are the commonest cases,
the source of interference will behave partially as a
magnetic and partially as an electrical transmitter.
The relation betWeen these two, and thus also the
relation between the electrical and the magnetic
field of the interference caused, depends upon the
relation between 1, h and' s/2.

We shall now make a 'comparison between the
interference which is experienced upon the use of a
receiving set with a loop, aerial and a set with a
capacitive aerial which' are situated at, the point
indicated in fig. 6 with' respect to a source of inter- .

ference. For this purpose we assume that the sets
are so arranged that when situated in the travel-
ling wave of a transmitter, which' is in the same
direction as the source of interference with respect
to the set, they give the same grid A.C. voltage at
the first valve.'. If the receiving sets are so Close

to the source of interference that r <<-, then in
2,r

the case of fig., 6a, the relation between signal and
interference will be better for the loop than for the
capacitive aerial, because the ratio of the electrical
field strength F, to which the ,capacitive aerial
reacts, to the magnetic field strength to which the
loop F aerial reacts is, according to (13), A/22ir
times as great as in the travelling wave of the
transmitter to be received.

'For case d the capacitive aerial would be better
than the loop; this case will, however, seldom occur
in practice. For cases b and c, where we are concerned
with a combination of an electrical and a mag-
netic transmitter, we shall calculate , what the
dimensions of 1 and h must be in relation to s/2
to give F and H at the distance r the same ratio
as in the field of a travelling wave. In this case the

h
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Fig. 7. Substitution diagrams for the figures 6 b and c. The
open loop is closed; the final capacity is situated at practically
the same point in space, but now takes the form of the final
capacity of half a dipole, the vertical conductor of which
is situated in the immediate neighbourhood of. the part of
the loop which has been added. The current in this dipole is.
equalequal in strength and opposite in direction to that in the
part of the loop added. ,



sensitivity to interferences will be the same for
both sets. '

The cases b and c from fig. 6 are equivalent to the
substitution diagrams. draWn in fig. 7b and .c.
The open loop is here replaced by a closed loop
(i.e. a magnetic source of radiation) and a half
of a dipole in the immediate vicinity of the added
section of the loop. The current in this dipole is
equal in magnitude and opposite in direction to
that in the added section referred to.

In the neighbourhood of the source of radiation
the electrical field Fs is determined practically exclu-
sively by the electrical moment of the combination.
This field strength is given by (11) in which
p i s/co. The magnetic 'field, which is determined
practically exclusively by the magnetic. part of the
combination, is given in the vicinity by (14),
where, taking into account the reflection of a per-
fectly conducting earth m = 2 t.to i 1 h.

Since we wish to set the ratio of Fs and Hs
equal to that in a travelling wave,' according to
equation (7) the following is valid:

1
Fs - HS.

80C

By the substitution of Fs and Rs from (11) and
-(14) in this equation we' find the following upon
the use of the above values for p and.m:

PHILIPS TECHNICAL REVIEW

1 -is. 1 1 (./.0i/  2h
4n 80 03 T3 60C 4nixo r3

and thus
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A s= -  -=
co 2h - 2n 2h

The horizontal length of the connection line
would, therefore, in case b where h = s/2, have to
be equal  to Al2n before the loop aerial exhibits
a disadvantage compared' with the capacitive
aerial with respect to sensitivity to interference.
If for case c.we assume that h = s, this would be the
case 'at a length 1 of A14n. For the intermediate and
long -wave regions a  length of twenty to forty
metres would be- necessary, which of course seldom
Occurs.

In the above it 'was assumed that the loop aerial
is situated in the most unfavourable position with
respect. to the source of interference, namely that
the desired transmitter and the source of inter-
ference are in the same direction from the receiving
set. When this is not the case the effect of local

-interference can often be considerably decreased
by making use of the well-known directional effect
of the loop aerial..

In practice it is found in most cases that fo.r
theintermediate and long -wave regions the sensitiv-
ity for interferences of a- well constructed loop
aerial is appreciably smaller than 'that of a capaci-
tive indoor aerial.
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HARD GLASS X-RAY TUBES IN OIL

by J. H. van der TUUK.

The use of hard glass has made it possible considerably to decrease the dimensions of all-

glass X-ray tubes. When the tube is placed in an earthed metal jacket in order to protect
the user against high voltage, the space between tube and jacket may be filled with oil
which promotes the voltage security and the heat dissipation. By a suitable construction
of the anode it is possible to adapt the tube to very high continuous loads. Various X-ray
tubes developed on these principles for medical diagnosis, therapy and the testing of
materials are described in this article.

The X-ray tubes in general use ten or twenty
years ago were actually not "tubes" but rather
"bulbs", considering the form of the glass container
in which the electrodes were placed (fig. 1). This

Fig. 1. An X-ray tube such as was used around 1920. Because
of the bulbous shape the glass container suffers less from the
bombardment by secondary electrons.

bulb form sprang from the desire to keep the glass
wall at some distance from the electrode on which
the X-radiation was excited by electron bombard-
ment. If the distance was too small the glass wall
exhibited very intense fluorescence which was
found to be unfavourable for the life of the instru-
ment: the bombardment of the wall by secondary
electrons, which was the cause of the fluorescence
caused at the same time a gradual destruction of
the glass by heating and electrolytic attack, and
freed gases from the glass which gradually spoiled
the vacuum in the tube and finally usually caused
breakdown through the glass.

Increasing the distance between electrode and
wall in an attempt to decrease this danger, was of
itself not a very fortunate solution. The disadvan-
tages became particularly evident when it was
understood that it was necessary in practice to
protect the user absolutely from the X-radiation
outside the effective beam and from the high
voltage. The bulbous form of the X-ray tubes made
it difficult to introduce the necessary lead jackets
and earthed metal coverings since the resulting
constructions were much too large and expensive.

A fundamental improvement in the situation was
first presented by the construction of the so-called
metal tubes 1). In such tubes the discharge space
from which the secondary electrons originate is

621.386.1

surrounded by a chrome -iron cylinder to which
glass sleeves are welded to serve as insulation for
the electrodes. Since the metal cylinder is extremely
insensitive to the electron bombardment, the
diameter of the cylinder could be small.

Later it was also found possible to decrease the
dimensions of the all -glass tubes considerably, by
the use of hard glass. Hard glass is in general
much more resistant to electron bombardment since
it is not so strongly electrolysed as soft glass, and
it has a much greater electrical resistance and
resistance to breakdown. Due to the high resistance
the glass, which is negatively charged by an electron
bombardment, retains the charge and thereby
repels further electrons. Moreover, hard glass has
a much smaller linear coefficient of thermal ex-
pansion than ordinary soft glass, namely about
45 X 10-7/°C instead of about 90 x 10-7/°C, so that
it has less tendency to break upon local heating.

Just as in the construction of the tubes with a
metal intermediate section it was a necessary con-
dition that the chromeiron should have about the
same coefficient of expansion as the ordinary kinds
of glass used with it, in the construction of the
hard -glass tubes it was also of great importance
for making the relatively large anode leads to have
at one's disposal alloys whose thermal expansion
is as well adapted to that of the hard glass. An alloy
of iron, nickel and cobalt satisfies this requirement
over the whole temperature region from about 0 °C
to beyond the softening interval of the glass.

When it is taken into account that the fundamen-
tal idea, with the "metal" as well as with the hard -
glass tubes, is to make the tube wall which is struck
by secondary electrons of a material which is more
resistant to this bombardment, and that in both
cases devices are also employed to limit the number
of secondary electrons which can reach the tube
wall, there no longer seems to be very much dif-
ference between the two types of tube. Neverthe-
less in the further development of the tubes, when

1) A. B ouwer s, Fortschr. Rontgenstr. 32, 41, 1924; Radio-
logy 13, 191, 1929.
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it is a question of making a unit which is secure
against high voltage and radiation, there are dif-
ferent constructive possibilities in the two cases.
In the case of the former (metal) tubes the earthed
jacket, usually filled with a gaseous or liquid in-
sulation material, can be fastened to the chrome -
iron intermediate section which is likewise earthed.

suitable for the highest D.C. and A.C. voltages used
in diagnosis, namely up to 100 kVmax, thanks in
part to the high resistance to breakdown of the oil
in which the tube is immersed when in use. This
resistance to breakdown, which amounts to 200
kV/cm for good fresh transformer oil, can with
proper use scarcely fall below 60 kV/cm even for

128
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Fig. 2. Cross section of a hard -glass tube for diagnosis, somewhat simplified. The cathode
K with filament G is fastened into the tube by means of a bridge, while the anode A is
welded into the tube via a ring R of an iron -nickel -cobalt alloy. On the sloping front surface
of the anode is the "lozenge" P of tungsten upon which the electrons from G are focussed.
These electrons pass through the opening 0 of the anode cap H which captures the secon-
dary electrons liberated from the focus. The X-rays leave the tube through the opening V.
For cooling, the radiator S is fastened to the anode on the outside. Its dimensions are
determined by the desired power for fluoroscopy (see below). With the radiator here
drawn the tube weighs about 1.5 kg.

This then serves as a natural support for the sus-
pension of the tube, while the lead jacket which
gives protection against the rays is placed directly
over this. In the case of the hard -glass tubes the
jacket must be more free of the tube. Usually the
space between the tube and the earthed metal
jacket is filled with a liquid insulation material,
preferably transformer oil, which has favorable
properties in connection with voltage security and
heat dissipation.

Various types of "metal" tubes have already been
discussed in this periodical 2). We shall now also
describe several types of hard glass X-ray tubes in
oil. We shall hereby confine ourselves to the tubes
with stationary anode.

Tube for medical diagnosis

Voltage security

In fig. 2 a diagram is given of a cross section of a
hard -glass X-ray tube manufactured by Philips for
general purposes of diagnosis. Fig. 3 is a photo-
graph of such a tube. The small dimensions of the
tube are immediately striking: the glass tube is
about 13 cm long. Nevertheless, this short tube is

2) J. E. de Graaf and W. J. Oosterkamp, An X-ray tube
for the analysis of crystal structure, Philips techn. Rev. 3,
259, 1938; J. H. van der Tuuk, A million volt X-ray
tube, Philips techn. Rev. 4, 153, 1939; H. A. G. H a z eu,
Small apparatus for medical X-ray diagnosis, Philips techn.
Rev. 6, 225, 1941.

long used oil, and it always remains about 15 kV/cm
even along the path of the creeping discharge on
the glass wall. A breakdown along the outside is
thus impossible at voltages of 100 kV, and indeed
the limit of voltage security of the tube is not deter-
mined by this, but by the phenomena taking place
inside the tube. With D.C. voltage it is mainly a
question of the bombardment of the tube wall by
secondary electrons, with A.C. voltage there is the
added danger of back -lash.

In order to stop the secondary electrons which are
freed from the focus on the anode, the front of the
anode (the tungsten "lozenge" on which the beam
of primary electrons is focussed) is surrounded by a
copper shielding cap H which has only two relatively

Fig. 3. Photograph of the X-ray tube whose cross section is
shown in fig. 2. (Anode seal and radiator are slightly different
here).
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narrow openings: one at 0 to admit the primary
electrons and one at V to permit the effective X-ray
beam to leave the tube (the cap thus acts at the
same time as a certain protection against X-rays
in other directions, although its protection is not
sufficient). The latter opening is not larger than
corresponds to an apex angle of 2 x 10° of the cone
of the X-rays, since the front surface of the anode
slopes 10° 3), see fig. 2. Because of the small size
of this opening it was found to be unnecessary to
screen the , secondary electrons passing through it
from the walls by means of a metal foil; the ef-
fective X-rays therefore, do not need to be attenu-
ated by such a foil. At the same time there is the
advantage that it is possible to look through the
opening at the focus and thus detect any defects.
The distance between the anode cap and the anode

is 10 mm, so that, taking into account the presence
of slight irregularities, the field strength on the elec-
trodes at 100 kV still remains far below the limit
of 107 V/cm, at which electrons can be liberated
by "cold emission" from clean metal surfaces 4).
This source of stray electrons which might reach
the tube wall is therefore alsO eliminated.

As to the danger of back -lash when working on
A.C. voltage, this is also considerably diminished
by the presence of the anode cap. The back -lash
is based upon the possibility that in the negative
phase,' the half of the period in which the fila-
ment is poSitive and the lozenge is negative, elec-
trons may be drawn out of the. still hot focus and,
accelerated by the tube voltage of for instance 100
kV, reach the delicate filament -1 in this case a
tungsten wire of 200 u, diameter. This Will happen
for example when, due to an accidental heavy over-
loading in the positive phase, the focus has become
temporarily too .hot, either as a whole or locally.
By this undesired electron bombardment the fila-
ment is now overheated in the negative phase, in
the next positive phase the emission therefore be;
comes higher, and the focus, therefore still more
heavily loaded, etc. The immediate result is there-
fore an avalanche -like process of stronger and strong-
er overheating of lozenge sand filament, so that in 
general the filament hums through and the tube
becomes defective. A suitably .constriicteil , anode
cap very much decreases the field, strength at the
focus and, thus the chance of back -lash. "

Another method of combatting back -lash con-
.

3) This slope means that a linear focus is used with a length
three times its width; see the first article referred to in
footnote 2).

4) See for example W. Ch. van Ge el, Blocking -layer Rec- 
tifers, Philips techn. Rev. 4, 100,,1930.
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sists in the excentric placing of the filament.
Any electrons emitted by the focus in the negative
phase then do not fly' -to the filament but strike
other, less vulnerable parts of the cathode. In our
case also advantage was.taken of this circumstance,'
since the tube possesses a so-called double focus:
at the cathode there are two filaments side by side
(thus slightly excentric) from which a selection can
be made and which give respectively a normal focus
of 3.1 x 3.1 mm2 or a very small focus of 0.3 x 0.3
mm2 for special fluoroscopy or photography tech-
niques.

62
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Fig. 4. The cathode of the tube described contains two spiral
filaments G1 and G2 either of which can be switched on as
desired in order to obtain foci of different sizes. Due to the
centric position of the filaments there is less chance of back-
lash, since any electrons drawn out of the hot focus F by the
electric field do not strike the filament, but. some other spot
on the cathode. This does not alter the fact that with the re-
verse field the electrons from the filaments fly to the focus,
because the trajectories of the electrons are in. general not
reversible due to inertia. (See J. H. van der Tuuk, Physica
10, 231; 1930.).

Permissible loading for photography

In making X-ray photographs, definite standar-
dized momentary loads on the tube are used, which'
loads depend upon the size of the focus employed.
With a focus of 3.1 x 9.3 rnm2 true size (i.e. with a
slope of the lozenge of 19° an apparent size of
'3.1 x 3.1 mm2) these instantaneous loads are 6 kW
for 1 sec and 4 kW for 5 sec 'when used with pul-
sating D.C. voltage.- The lozenge is thus loaded
with about 200 watt/mm2 in exposures of 1 sec. By
embedding the tungsten lozenge in a large mass of
copper the temperature of the focus is limited to
about 2 300 °C at such a load, a temperature which
is still quite permissible in connection' with evap-
oration.

The focus temperature becomes established so
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quickly that it may be said to be determined by the
momentary value of the load. Consequently
upon the use of A.C. voltage the peak value of
the current may not be larger than approximately
the current with D.C. voltage. On the other hand
the rapid establishment of the focus temperature
has as a result that with a maximum temperature of
about 2 300 °C in the positive period the focus is
already sufficiently cooled to cause no back -lash
in the negative period; the peak current with A.C.
voltage need not therefore be smaller than the
current with D.C. voltage. The permissible average
specific loading with A.C. voltage is thus about half
of that with D.C. voltage: the standardized mo-
mentary loads for the sizes of focus mentioned are
here 3 kW for 1 sec and 2.2 kW for 5 sec.

During the exposure only little heat is given off
to the surroundings by the anode, the anode must
therefore have sufficient heat capacity so that it
does not become warm as a whole with the brief
high loads indicated. In the tube in question the
anode weighs about 1 000 g including the radiator
visible in fig. 2, the specific heat of copper is 0.094
cal/g °C, the heat capacity is thus 94 cal/°C. With
a D.C. voltage load of 4 kW for 4 seconds the anode
receives a total of 20 000 Wsec rs-e 5 000 cal. The
temperature of the whole anode thus rises by only
slightly more than 50°. Even when several exposures
are made in succession, no excessively high temper-
ature results, especially since the dissipation of
the heat developed is very much promoted by the
oil in which the whole tube is immersed.

Permissible loading in fluoroscopy

In fluoroscopy, where the X-ray tube is more or
less continuously loaded, the permissible power of
the tube is almost entirely determined by the heat
dissipation which in the previous section could be
practically neglected. Therefore the fluoroscopy
power depends not only on the tube itself, but also
very much upon the construction of the container
in which the tube is placed and on the method of
cooling.

With forced oil cooling by means of a pump the
small tube described could tolerate a continuous
load of 1 to 2 kW. This is much more than ever oc-
curs in medical fluoroscopy. Usually not more than
about 180 W is necessary (namely in fluorscopy of
the stomach which requires 85 kV, 3 mA), while,
moreover, this load in only intermittent in most
cases, with a ratio of approximately 1 : 2 between
true loading time and intervals. The average (con-
tinuous) loading is therefore usually not higher
than about 60 W. This makes it possible to employ

forced oil -cooling and use the cooling by the natural
flow of the oil inside the jacket, which simplifies
the construction considerably. We shall now con-
sider the problem of cooling somewat more closely.

The cooling must satisfy two main requirements:
in the first place the anode lead of the X-ray tube
may not become hot enough to constitute a danger
to the glass, in the second place the temperature
of the covering of the tube must remain so low that
the user does not burn himself when he touches the
tube. For the first requirement a maximum tem-
perature of for instance 200 °C will be permissible,
for the second the temperature must not be higher
than about 60 °C, thus about 40° above room tem-
perature. If the cooling is accomplished by means of
oil, there is the additional requirement that the
temperature of the oil must not rise far above
100 °C. It is known that at higher temperatures oil
which is in contact with metals (especially copper
and lead) rapidly depreciates, by acidification,. for-
mation of sediment, etc. with the result of a lower
breakdown voltage and a poorer heat conduction 5).

Let us first consider the second requirement. The
heat dissipation of metal to air amounts to about
0.001 watt per cm2 and per degree of temper-
ature, difference. In order to give off 60 W to
the air with not more than 40° temperature dif-

Fig. 5. Jacket for the X-ray tube shown in figs. 2 and 3. The
two large high -voltage leads may be seen, the window for the
X-rays, to the left two rubber tubes for connecting the cooling
spirals inside the jacket with the water main if desired, to the
right the low -voltage cord for the automatic switching off
of the high -voltage generator upon overloading.

5) In order to preserve the quality of the oil it is recommended
in the literature that copper parts should be tin-plated.
We have had very good results with chromium plating.
Moreover, it is important to degas the oil well before use
and not to allow it to come into contact with air or mois-
ture during use. The latter is achieved satisfactorily in
our case by means of the entirely closed jacket. Neverthe-
less it is advisable in such constructions not to have the
electric field strength higher than about 50 kV/cm at any
spot -a condition which in our case is also satisfied.
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radiator must be about 10" warmer than the oil.
We must, however, keep in mind that 'the power
of 60 W represents an average load resulting from

- intermittent loading 1 : 2 with 180 W. We may
here 'assume of course that the temperature of the

' flowing oil with its great heat capacity is determined
only by .the ayerage load, and thns amounts -to
60'°C;' in and- cloSe to the 'radiator, however, :where'
the temperature equilibrium is established': much
more quickly, the temperature during, the working
Period must be calculated for a _heat dissipation
180/60 .= 3 times as large:. In the working -period,
therefore; the, temperature differenee between
radiator and Oil -is 30°,- so that we -find a temperature
of 60 1-- 30 = 90.°C for the radiator. - -

This is 'the temperature averaged the whole
surface ,of the radiator.: In this radiator which i's
7.5 cm long, there is also a temperature drop. In
our case for a dissipation of 180 W (working period)
this drop amounts to about 20° so that the end of
the radiatOr will be about 10° colder and the be-
ginning about 10° warmer than the average. In
the neighbourhood of the seal: therefore, a tem-
perature- of about 100 °C occurs which is indeed
allowable for long times.

For those cases in which the dissipation of 180 W
intermittent 1 : 2 is. not sufficient,- which may
sometimes occur in. very busy clinics, the jacket
with the surface area of .1500 cm2 would not be able
to dissipate the heat -developed without exceeding

the permissible temperature. In order to, adapt the
tube for 150 to 180 W co ntinu o u scharge, a jacket
with a surface area of about 4 000 cm2 would have to
be constructed. It is, however, also possible to conti-
nue to work with the convenient small jacket of fig. 5
if the oil in it is cooled. This can be done in the
familiar way, be introducing a fixed cooling spiral
into the jacket, through which water:from the
mains is allowed to circulate when the higher load
on the tube is employed. This is the solution we
have chosen. The connection to the water main
is by means of two thin rubber tubes along one of
the high -voltage cables already present. For ;the
rest the heat capacity of the whole is such that the
tube can be used for about 15 minutes with 180 W '
without water cooling, beginning with the cold

. state. Only after the 15 minutes mentioned is the,
permissible limit of the temperature, reached, and
this may be seen on an indicator connected with an -
expansion box fastened to the  jacket  (the oil ex-,

ference, therefore, the earthed jacket of the tube
must have a surface of 1 500 cm2. This can be achieved
with a relatively small and therefore quite light
jacket: the jacket shown in fig. 5 made of brass
sheet, together with tube and oil, but, without the
cable, weighs only slightly more than 7 kilograms.

When in this . way a temperature of not more
than 60 °C, is guaranteed -for the jacket, provision
may be 'made by suitable construction that the
temperature of the flowing oil will never become
appreciably higher, except in a thin layer close to
the 'radiator. This radiator whose function is the
transfer of heat, from the anode block to the oil
is in good contact with the anode and has a surface
Of about" 200 cm2.  The heat dissipation of Metal
to oil for cases of.natural flow in a relatively small
space amounts to about 0.03 W per 'cm2 and per
degree temperature difference, according to meas-
urementscarried out in this laboratory.' This value
is valid for' an oil temperature of about 60 °C; at
a higher temperature the heat dissipation increases pands 0.07 percent per degree; see also the 'last
because of the fall in viscosity which' permits more article referred to in footnote 2)). If the load. is
rapid flow. With this heat dissipation it may be too heavy, i.e. if the expansion box expands still
calculated that for the 'dissipation of 60 W, the - farther, it automatically: switches off the, primary

voltage of the high -voltage 'transformer.
Upon the use of water cooling the permissible

continuous load is even; considerably higher than
180 'Watts. By using, a sufficiently. high speed of flow
of the cooling water theOil can be kept practically
at room temperature - (about 30 °C) even With

temperature, of 300 W. For the difference
between radiator (middle) and oil we find about
50° for 300 W, for the temperature drop in the
radiator about 34°, so that the anode seal need not
become warmer than 30 --F. 50 + 17 97 °C. The
temperature drop' in the anode frOm the focus to
the beginning of the radiator amounts to abdut 55°,
the focus thus- has a temperature of only about
150 °C, -while temperature up to '400 °C in Pontin-

 uous Usage may. be, 'considered 'Cinite permissible:
'We may therefore develop a piiiver of 300 W. or
more continuously in the tube with no disadvan-
tage, and this is often desirable in the macroscopic
examination of materials for .which this tiibe
may also be used.'

39503

. .

Fig. 6. Hard -glass tube for diagnosis of the type customary
until lately, in'which the anode seal R is welded into a depres-
sion1n the tube. . .
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These heavy continuous loads have been made possible here
by the way in which the anode lead is fused into the tube.
In the tube constructions common until now this weld was
made in a concavity of the tube according to the sketch
below ( fig. 6), which is the simplest method for manufacture.
Due, however, to the fact that the cooling body can only be
relatively thin here and the flow of oil inside the depression I
is very much hindered, a larger temperature difference be-
tween cooling body and oil and a greater temperature drop in
the cooling body S occurs for a given heat dissipation, so that
the seal and the oil become much warmer at that spot than
is the case with the tube according to fig. 2 with the flat anode
seal. In the case of such small tubes with this type of seal in a
depression it is impossible to go higher than 150 watts contin-
uous even with strong water cooling of the jacket.

266

diagnosis fig. 2, but larger in size. Because of the
greater danger from secondary electrons at these
voltages the anode cap H is made so deep that only
about one per cent of the secondary electrons are
able to fly back through the opening 0. Further-
more, the opening V is closed to secondary electrons
by a beryllium window 1 mm thick. The larger
diameter of the tube (and thus also of the jacket)
makes it desirable to have the undesired X-rays
absorbed as far as possible by the anode cap in this
case. The latter is therefore made of fairly thick
tungsten copper so that the absorption in all di-
rections corresponds at least to about 5 mm of lead

39504

Fig. 7. X-ray tube for medical therapy. Apart from the larger dimensions the construction
corresponds in general to that of the tube of fig. 2. The anode cap H is deeper, the opening
V is closed with a beryllium window, the focus F is made very large 12 x 20 mm2) for the
sake of a low specific loading. Upon cooling the oil in which it is immersed by cooling spirals
with running water the tube can tolerate a continuous load of about 3 kW (220 kV.,
20 mA).

Tubes for therapy and material examination

In medical therapy as well as in the macroscopic
investigation of the material of heavy pieces of
work, considerably higher voltages, namely up to
200 and 300 kVmax, respectively, and with much
higher continuous loads, several kW for example,
are generally used. The type of tube which has been
developed for these purposes is reproduced in figs. 7
and 8. In principle it is similar to the tube for

Fig. 8. Photograph of the tube for therapy whose cross section
is shown in fig. 7.

The rays which pass through the opening 0 are
absorbed by a tungsten plate on the cathode.

In therapy, where it is not a question of obtaining
an image, the focus of the X-ray tube need not be
made especially small. For a loading by 220 kV
pulsating voltage and about 20 mA (about 3 kW),
which is now considered in therapy to be a high
power, we have chosen a focus of 12 x 20 mm2, with
which the specific focal loading amounts to only
about 12 W/mm2.

For the continuous dissipation of the high power
mentioned use has usually been made of forced oil
or water cooling of the anode. Due to the small
surface of the anode lead the liquid must here be
sent through relatively narrow openings, which
when oil is used sometimes leads to too high oil
temperatures with the result of deposition of carbon
and clogging. When water is used this no longer
holds, but a circulation pump must be used which
is insulated for high voltage, and the high -voltage
cable for the anode must be constructed with an
axial channel for the water circulation, which again
introduces other practical difficulties. When it is
also kept in mind that the pumps cannot usually
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be made noiseless, it is' clear that it is a great ad-
vantage to be able to do without forced cooling.

We -have indeed succeeded in this aim' by the
application of the principles already described in
connection with the tube for diagnosis, but with
larger dimensions than there used. A radiator with

00000000000
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Fig. 9. Arrangement of radiator S and cooling spirals W in
the high -power tubes.

a surface area of about 1500 cm2is'connected to the
' anode lead and around this radiator, inside the oil -
filled jacket, water-cooling spirals are placed at
4 to 6 cm distance from the radiator, see fig. 8. These
spirals are earthed and may therefore be connected
with the water main. With.this arrangement,' by
means of the natural flow of the oil, 3 kW Can be
dissipated continuously without the anode or the
oil becoming too hot.

The tube drawn in fig. 7 can be operated on 220
kV A.C. voltage 'and about 300 kV pulsating D.C.
voltage. A tube of the same, type can also be con-
structed with earthed anode and the anode cooled
directly with 'water from the main, so that appre-
ciably greater powers can be dissipated than men-
tioned above.

In tubes for material testing the focus is naturally
made smaller than mentioned above for therapy
Jubes. In general the apparent dimensions of the
focus may not be much, larger- here than 4 'min
square. Then with the radiator cooling described
powers of more than 1 kW can be dissipated con-
tinuously without the temperature of the anode_
exceeding the permissible 'value.

. ABSTRACTS OF RECENT SCIENTIFIC PUBLICATIONS OF THE

. N.V. PHILIPS' GLOEILAMPENFABRIEKEN ",

An adequate number of reprints for the purpose of distribution is not available of those
publications marked with an asterisk. Reprints of other publications may be obtained
on' application 'to the Natiiurkundig Laboratorium, N.V. Philips' 'Gloeilampenfabrieken,
Eindhoven (Holland), Kastanjelaan. .

1537: A. Claass en and J. Visser: The volumet-
ric determination of titanium (Rec.' Tray.
chim. Pays Bas 60, 213-223, Mar. 1941).
(Original in German).

If provision is made. for the entire absence of
- oxygen in the solutions, especially.in the titration
. liquid, in the titration of trivalent titanium' with
solutions of ferric salts, results can be obtained
which are accurate to within 0.1 per cent, if one
simply uses the theoretical iron content of the ti-
tration liquid. Too low values are, however, found
if the titration is carried out at temperatures above
40 °C. It is advisable to use the cadmium reducer

' proposed by Trea dwell for reducing the titanium.
In order' to determine iron volumetrically in ad-
dition to titanium it is best to apply the reduction'
in the silver reducer.

1538: K. F. Nies s en: On the acoustic analogue
of Sommerfeld's surface wave (Physica 8,
337-343, Mar. 1941). (Original in German).

If the sound wave of a loud speaker is propagated
in the neighbourhood of a flat surface of a porous
material,'the wave front of the sound always dips
forward, no matter how close the loud speaker, is_
placed to'the surface. This must not be _explained
in the experiments of J,anov sky -and Sp an do ck
discussed in' this article on the basi4 of the, acoustic
analogue to the space radiation according to S o m-
m erfeld, but with' the help of the analogy. with its
surface wave. Use should here be made 'of the
analogy indicated by S Chust er `" of the", dielectric
constant and the conductivity.

-

1539: J. L.- Sneek: The determining factors' of
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permeability' (Physica 8, 344-346, Mar.
. 1941).

The concept defended in 1936 by, the author
(cf. 1078), that for homogeneous annealed allos
the permeability depends only upon the internal
stresses and the crystal anisotropy, has since been
confirmed by investigations of G-rabbe on slowly
cooled nickel -iron *alloys, and of Willi a ms 'and
Bo zorth on single crystals of iron and silicon -iron.
In contrast to this, however, the experiments which
Snoek and Rathen.au, recently carried out on
cold worked nickel -iron alloys do not show the least
agreement with this concept. It is highly probable
that some unknown factor is here involved.

1540: J. F. Schouten: .De experimenten van
Seebeck met de sirene en de acoustische wet
van Ohm (Ned. T. Natuurk. 8, 154-165, Apr.
1941) (Seebeck's experiments with, the
siren and Ohm's acoustic law)..

Various investigations on the  perception of
sounds which  were carried Out. by Seebeck. with 
his siren in 1841 and which at that time led to a
lively discussion, since according to him they could
not be explained by the acoustic law then proposed
by Ohm, were repeated by the.writer and confirmed.
It is found that on the basis of modern insight into
subjective sound analysis (cf. Philips techn. Rev. 5,
286, 1940) these phenomena can easily be explained
and that the =explanation lies .in the .direetion in
which S e eb eck sought, it 100 years ago.

1541; K. F. Niessen:Pn the testing of Pauling's
hypothesis about the binding of the atoms
in metals (Physica 8, 377-386, 'Apr. 1941).
(Original in, German). ,

An attempt, is made to find a confirmation of
P auling's -hypothesis about the binding of the,

:atoms in the metals scandium to copper from the
.measured Curie temperature of nickel. This at-.

: .

tempt is unsuccessful no matter how the number
of.3d electrons prescribed by Pauling are distrib-
uted among the levels of the ferromagnetic elec-
tron band.

1542: ,P. J. B ourn. a : 'Physiological optical foun-
dations of the probleMs of air-raid protection
blackout (Physica 8, 398-412; Apr. 1941).
(Original in German).

For the main points in the contents_of this article
, the reader is referred to Philips techn. Rev. 6, 161,
June 1941. Furthermore on the basis of new ex-
perimental data nomograms have been constructed
from which the relation can be read off between
.the brightness at which a light spot can just .be
observed and the angle of vision at which It is seen.

1543: P. j. B ouma: The relation between the
concepts Brightness and "Dunkelleucht-
dichte", etc. (Physica 8, 413-423, Apr. 1941).
(Original in German).

For the contents of this. article the reader is
referred to Philips techn. Rev. 6, 161, 1941.

1544: M. J. 0. Strutt and A. van der Ziel:What
quantities characterize the suitability of an
electronic tube for the amplification of the
weakest signals ? (Physica' 8, 424-425, Apr*.
1941). (Original _in German).

In this article emphasis is laid on the fact that
the ratio of the input noise resistance to the iiwut
resistance between control grid 'and cathode is net
a suitable quantity for the characterization of the
usefulness of an amplifier valve for the 'amplification
of ,small signals. More ,suitable for this purpose is
the ratio between' that part of the noise resistance
which is a result of fluctuations in the cathode cur-
rent and that part of.the input 'resistance which
is a result of the transit times of the electrons in
the valve (cf. Philips techn. Rev. 6, 178, June 1941).
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TECHNICAL PROBLEMS IN THE CONSTRUCTION OF, RADIO VALVES

by TH. P. TROMP.

In this article several episodes in the history of the development of radio valves are dis-
cussed, particularly those concerned with the form of the' valve. It is shown how the
technical problem of whether glass or metal is the more suitable material for the bulb
of the valve led to a complete revision of valve construction. The result is that radio
valves can now be made either of glass or,metal which satisfy all the requirements made by
ordinary sets for the broadcasting region. The Philips key vallies in glass or metal are
finally discussed in detail. The conclusion is drawn that the difference in properties for the
broadcasting region is so slight that neither of the two models is essentially preferable
to the other. In the region of metre waves and shorter, however, the all -glass valves ex-
hibit increasing advantages with decreasing wave length.

Introduction

The development which is observed in the form
of every technical product, be it an electrometer,.
a lamp or an amplifier valve, is in general directed
by two factors: first an ever-increasing insight into
the physical laws which determine the function
of a product, and second the problems and possi-,_

-2--bilities of manufacture. It may in general be said
that for products which are manufactured only
in small, quantities the first factor is the more im-
portant, while in mass production the second factor
also comes,into prominence.

The question of which of the two above -men-
tioned factors determines the technical develop-
ment also depends upon the nature of the product.
If one considers a radio valve it may be said that
the technical development of its electrode system
is directed by a steadily increasing insight into the
physical phenomena which determine its function.
The external form of the radio valve, however,
is quite a different question. As far as the function
of the valve is concerned, the envelope, aside from
providing contact in the socket, serves only to

):
maintain a vacuum around the electrodes. From -this
point of view the external form of a radio valve
would .logically be a container which encloses the
electrode system as closely as possible and through
which mutually insulated connections are led. These
connections would preferably be chosen in the form
'of short, straight wires, strong enough to be used
as contact pins and far enough apart to cause no

621.385

undesired couplings between the various electrodes.
In this article we shall give several details from

the history of the development of radio valves
which have indeed finally led to constructions 'of
the simple character described 1). The fact that this
has occurred only after many years may not be
ascribed to a lack of insight, but only to the dif-
ficulties which occur in the manufacture of a vac-
uum -tight container with sealed -in, connections.

Historical survey

It would lead us too far if, in this article, we were
to go into all the problems which are here encoun-
tered. It may be stated simply that the problem of
the manufacture of a vacuum bulb with leads had
previously reached an almost perfect solution in
lamp manufacture, in the form of the so-called
"pinch", so that it was obvious that this principle -

of construction could also be used for radio valves.
The valves with pinch construction consist entirely
of glass and are provided with abase with contact
pins. The connecting wires to the electrodes must
be soldered into these pins which are moulded. or
pressed in.

Although this construction by no means satisfies
the above -mentioned requirement of smallest pos-
sible dimensions, and although the use 'of a base
with pins to which leads must be soldered meal:11.f_,
an undesired complication, this construction was
1) See Philips techn. Rev. 4, 162, 1939.
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able to maintain its supremacy until the use of new
materials for the envelope of the valve_ introduced
a complete change in the form.

In 1935 in America metal radio valves appeared
on the market (G.E.Co. and R.C.A.) 2). Relatively
soon after this, metal valves also appeared to a
limited extent in some European countries. Philips
manufactured a large number of such valves for
European and overseas markets.

J9409

Fig. 1. Radio valve with metal envelope which appeared on
the market' in America in 1935.
1. Glass bead, 7. Metal bulb,
2. Molybdenum lead, 8. Bakelite base,
3. Nickel or copper con- 9. HolloW contact pin,

nector, 10. Bakelite spigot,
4. Nickel support wire, .11. Eyelet of top lead,
5. "Fernico" eyelet, 12. Electrode system.
6. Metal litader,

The' first metal construction consisted of a fairly
complicated'airangement, of which fig. .1 illustrates
a cross section. Briefly it is as follows. The "header"
of the valve consists of a horizontal metal plate

"'with a vertical cylindrical edge. In this header a
number of holes are punched in which "Fernico"
eyelets are welded. "Fernico" is an iron -nickel -cobalt
alloy which can easily be welded to hard glass with
a comparatively low. coefficient of expansion 3)
-- about 50 x 10-7°C. After welding, the eyelets
are soldered with copper in order to obtain an
abkolutely reliable vacuum -tight joint. There is 'also

2) We do not consider here constructions in which the
bulb, serves not only as envelope but at the same time
forms a part of the electrode system. Such constructions
have long been used in high power transmitter, valves,
where the anode is constructed as a part of the envelope
in order that it may be cooled more easily. In the case of
receiver valves also such a construction, the so-called
"Catkin" valve, was designed in England. This valve was,

:,..however, not manufactured on a large scale and after some
time it disappeared from the market.

a hole in the centre of the header in which a metal
exhaust tube with a small flange is welded for the
evacuation of the valve later on..

Lead-in wires are sealed into the "Fernico"
eyelets (coefficient df expansion 48 to 50 X 10-71°C)
with the help of the above -mentioned hard glass
with low coefficient of expansion. These leads con-
sist of three parts: an internal nickel support for
welding the electrodes of the system, a short
section of molybdenum wire for the vacuum -tight
lead-in and a nickel or copper wire for the connec-
tion to the pins* of the base, which in this case
is constructed as a bakelite ."wafer type" base
plate with pressed -in pins. In this case a "holder"
is therefore not superfluous, nor is the soldering of
the leads in the pins. From the electrical point of
view also this is a disadvantage, for instance with
the high frequency losses and the frequency -drift
during the heating -up period.

After the leads have been sealed in, a series of
manipulations folloWs before the electrode system
can be welded on the header, and only after that
has been done can the iron envelope be welded to
the base plate by means of a very heavy projection
welder 4) which produces a vacuum -tight weld. The
valve is then ready -to be exhausted.

It may be noted that the protection of the
exhaust tube which is squeezed, welded  and  cut
off, after the exhausting and 4 -gassing, is provided
by a central spigot which at the same time locates
the valve in the socket correctly.

A variant of this model, of which it was hoped
that it would be less expensive than the con-
struction 'described above, has the metal header
replaced by a glass plate with sealed -in, lead wires
(nickel -iron 'core with copper covering). The glass
plate is sealed into a chrome -iron ring which
in turn is welded into an iron ring.* The iron ring
has the same function as the edge of the header
of the model previously described, namely for the
bulb to header weld. In this model the exhaust
tube is not of metalbut of glass; see fig. 2.

Originally in this model of valve the control -grid
lead -out was at the top of the metal bulb as shown
in the figure.

These valves were appreciably smaller than the
glass valves previously manufactured with pinch
construction, and due to the metal envelope a good

3) The coefficients of expansion of glass mentioned in this,
article refer to average values, which are measured in the
temperature range between 20 and 320 °C..

4) A projection welding apparatus is a resistance welding
apparatus with which the parts to be welded can be joined
on an accurately defined surface by a welding impulse of
very short duration and considerable power.
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shielding of the electrode system against external
fields was automatically obtained.

39410

Fig. 2. Radio valve with metal envelope in which the metal
header is replaced by a glass "button stem". For the meaning
,of the numbers see fig. 1, and further:

13. Glass button stem,
14. Lead-in wire,
15. Chrome -iron ring,
16. Iron ring.

In the meantime a new form of metal valve ap-
peared in the European market (developed by
"Telefunken"), in which the experience gained with
the American construction was taken into account
and several new ideas incorporated (see fig. 3).
The principle of the met -al header with "Fernico"
eyelets and the insulated molybdenum leads through
hard glass were here again used; a "base" in the
form of, a flat plate with moulded or pressed -in
contact pins must also be used under this metal
valve. The difference between this valve and the
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Fig. 3. European construction of the radio valve with metal
envelope. The electrode system is placed horizontally. For
the, meaning of the numbers see fig. 1. '

American model according to fig. 1 is that the elec-
trode system is constructed horizontally, which
-permits a very solid construction, but with the
accompanying (not inconsiderable) increase of the
diameter. An advantage is that all the electrodes
can have their leads on one side, namely to the
bottom and without thereby increasing the anode -
grid capacity 5) (single -ended construction). In a
series of valves this capacity is very important,
since it may he the cause of an undesired coupling
of anode and grid circuit. In modern set construction
it is required that this. capacity shall not exceed
the extremely small Value of 0.002 pF, a require-
ment which can immediately be fulfilled with the
new form of metal valve.

Technically this construction is satisfactory
in all respects, it has, however,' various disadvan-
tages, for example the fairly large diameter and the
fact that power -output valve; and rectifier valves
of the power as used in the broadcast -field cannot
be madeaccording' to this design because of the
limited length of the cathode (duesto the horizontal
construction): For these types of .valves a vertical
*construction would again be necessary. It is for this
reason that this metal range consists chiefly of
radio -frequency, frequency-changing,_intermediate-
frequency, detector and low -frequency amplifier
valves, while output valves and rectifiers belonging
to this series are manufactured ire'the old familiar
pinch technique, but with the same base as the
metal valves.

The all -glass key valves

In the meantime work has been done at Philips
on an improvement in the construction of the glass
valve. The requirements upon which this improve-
ment was based are biiefly the following:
Small dimensions,
Good shielding,
Reproducibility in manufacture,
Good contact and firm fastening of the valve in the
valve holder,
Low consumption of material and preferably use
of materials which :can be easily 'obtained.

In order to simplify the manufacture it. is fur-
thermore desirable that the valve should have no
base, but the leads should be in one piece and
serve also as contact pins.

5) Later this design with all connections on the same side was
also applied in America to the constructions represented in
figs. 1 and 2. This was done by' bringing the grid lead
from the top to the bottom and introducing extra shielding
in order to prevent the anode -grid capacity from becoming
too large. This capacity is, however, much larger' than
that of the European metal valve construction described.
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The result was the modern all -glass valve con-
struction described in the article referred to 1). It is
chiefly distinguished by the use of pressed glass
and thick chrome -iron contact pins, which make it
possible to omit the "holder". which is in many
respects so undesirable. In connection with the
form and the function of the spigot these valves
are called key valves (see fig. 4).

394IZ

Fig. 4. Cross section of an all -glass Philips key valve. The sealed -
in pins make direct contact in the socket; the bakelite base
present in previous valves is eliminated.
1. Pressed glass base,' 5. Glass bulb,
2. Chrome -iron pin, 6. Metal ring,
3. Glass exhaust tube, 7. Metal spigot.
4. Electrode system,

The model in which originally a series of special
valves (particularly for television and. other special,
purposes) were manufactured, still had a rather
large diameter (envelope about 3.0 mm;, largest
diameter about 34 mm), but the use of these valves
already meant a considerable saving of space on
the surface of the chasSis compared with the use
of the metal valves with a diameter of 43 mm.'

From this model with nine pins the 'modern glass
key valve was developed with eight pins, an envelope
diameter of about 271/2 Jim and a largest diameter
of about 311/2 mm. The central spigot in these
valves is of metal and serves not only as centering
and locating device in inserting the valve into its
socket, but afthe same time as shielding between
anode and control -grid pin. This spigot is so ar-
ranged that the valve clicks into the socket, which
is a great advantage for the locating device if the
set *is to be transported complete with valves;
a requirement which at present is universal.

This Construction also makes it possible to
obtain a grid -anode capacity which is smaller than

Vol. 6, No. 11

0.002 pF in spite of the vertical assembly, the small
diameter and the single -ended construction. The
object of making smaller and smaller valves in
connection with the demands of the set -makers
is fully met by this construction. The development
of the Philips midget receiver, type 203 U, which
although equipped with four valves, has a volume
of only 5 dm3, was only possible because of the
existence of such valves.

Properties of glass and metal valves

The advantages of the all -glass valve compare d
with the valves with a pinch have already
been discussed in detail in the article cited1), and it
is these properties which make them particularly
suitable for use in the region of ultra short waves.
The shorter the wave length, the greater the ad-
vantages. In the televison region (wave lengths of
several metres) the properties are already impor-
tant, at still shorter wave lengths (decimetre waves)
they may even become of such value that a pinch
construction need no longer even be considered.

We shall now compare several properties of the
glass key valves with those of met al valves. .

During the heating up period of the valves in
a set, the capacity variations which occur due to
the change in the dielectric cause a frequency drift
of the set which has previously been pointed out.
At broadcasting wave lengths this frequency varia-
tion may already be somewhat disturbing; but with
the decrease in the wave length it becomes steadily
more important. While with the glass key valves a
decrease of the frequency variation by a factor 2
(at 15 m wave length) compared with the pinch
construction was obtained, with the metal valves
this advantage is again lost.

A second disadvantage of the metal valves is that
in the construction described the leads sealed into
the eyelets involve a rather large concentrated
capacity, whereby at wave lengths shorter than
1 m an appreciable depreciation in the results,
which can he obtained with the valves is noticeable,
and below about 50 cm even makes their use im-
possible.

A third point of difference relates to the input
 and output damping. In the case of the glass valves
this is lower than in the metal construction, since
the dielectric losses of the capacities between the
leads and the metal envelope furnish an extra
contribution to this damping. Because of this a
greater amplification can be obtained with glass
valves at wave lengths in the metre region.

It is clear that all these points of difference relate
to the short-wave properties. In the case of the
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ordinary broadcasting, receivers, however, they are
of no great importance.

As a matter of fact the metal valve has the
advantage already mentioned of providing a better
shielding against external fields. In the case of the
glass valve this shielding must be obtained by
building in a so-called Cage of metal gauze (at least
for those types where shielding is necessary), which
encloses the whole system - a device which is
satisfactory in all respects.

Another important point, which is of importance not only
in the glass but also in the metal construction, is that of the
highLfrequency losses of the leads in the ultra short wave
region. The D.C. resistance of the solid pin is hereby of secon-
dary importance, because the high -frequency resistance
depends.mainly upon the condition of the surface layer. With
given dimensions of the lead the following values were meas-
ured at a wave length of 90 cm:

silver wire 0.12 (1

copper wire 0.12
aluminized iron 0.20
molybdenum 0.23
tungsten 0.26

A grade poorer are:
nickel 1.20
iron 3.60
"Fernico" 5.20
chrome -iron 6.00

From this it will be clear that if pins of the last mentioned
materials are copper -plated or silver-plated, considerable im-
provement can be obtained. Thus, for example; with a given
lead-in, thin silver-plating of the chrome -iron wire gave an
improvement of the high -frequency resistance from 1.1 SI
to 0.13 n for 1 L- 1.0 m, while in another case an improve-
ment from 1 S-1 to 0.17 SI was obtained by copper -plating the
wire.

A metal key valve

From the above considerations it follows that in
principle it must be possible to design a metal valve
for the broadcasting field which satisfies the re-
quirements specified in the introduction. Such a
valve may be considered as equivalent in practical
use to the glass key valve construction described.
It is possible therefore to be more or less independent.
of the supply of a given raw material, factory
equipment, etc. The solution of this problem is
shown in the valve construction given in fig. 5.
As to dimensions this valve is identical with the.
all -glass key valve described: the contact pins are
also in the same relative positions to each other,.
there is also a spigot, its over-all dimensions are the
same, and the same electrode systems can be used
in it; briefly it is a design with which it is possible
to make replicas of existing all -glass types. The
components of this type are shown in fig. 6. The
capacities between the electrodes (for instance

input and output capacities) will of course differ
slightly from those of a similar type in all;glass
construction, but these differences are so small
that they can be compensated very easily by trim-
ming the set. In many cases it will even be possible
to replace the valv-es in existing sets without any
change.
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Fig. 5. Cross section of a metal key valve. The external dimen-
sions, the arrangement of pins and, the construction of the
electrode system are exactly the same as in the glass key
valves.
I. Metal header, 5. Metal ;spigot,
2. Glass bead, 6. Metal exhaust tube,
3. Iron pin, 7. Electibde system.
4. Metal bulb.

The new metal valve consists in principle also
of a header (see figs. 5 and 6) with small holes for
the vacuum -tight sealed -in leads, while there is an
opening in the centre for welding the exhaust tube
into the header. The advantage of this construc7
tion compared with that according to fig. 3 is, that
due to the strong vertical construction in which,
just as in the all -glass valves, several U-shaped
'supports provide the necessary mechanical strength,
the length of the cathode may be chosen in accord-
ailed with the, type of valve to be made. Power -
output valves, rectifier valves, special combination
valves, etc. can therefore also be made in this
construction.

The iron header is subjected to several special
treatments, before the eight leads are sealed -in at a
temperature of about 950 °C. A glass bead is pre-
viously fused around each pin, the glass of which
is adapted to the lead wire and the iron header.
The pins may then be of ordinary, iron or of an
iron alloy. In both cases they are subjected to a
special surface treatment before, sealing -in.

Upon comparison with the previously described
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metal construction it is obvious that the quality
of this seal must be very high, not only with regard
to vacuum tightness, but also to that of mechanical
strength, accuracy and precision. The electrode
system of the valve must be welded to the pins on

expansion, viz. about 103 x 10-7, and it is fused
into a soft glass with a slightly lower coefficient of
expansion. This glass has a much lower softening
temperature, namely about 475 °C.

Since this chrome -iron to glass seal satisfies

Fig. 6. The parts of the metal key valve in different stages of manufacture. Upper row, left
to right: one of the 8 fused -in leads; glass tube to make bead; bead fused on pin; "cap"
upon which the spigot is later welded; spigot; metal base plate with holes; metal exhaust
tube; combination of base plate, exhaust tube and cap complete the base plate with
fused -in pins. Lower row: electrode system assembled and mounted on the pins; metal
envelope; valve after being exhausted and finally the completed valve.

the inside of the valve, and on the outside of the
valve (when inserting it in its socket) fairly strong
forces are exerted on the pins. The technical problems
which are encountered in making those leads are not
simple and require a thorough knowledge of glass -
metal seals and wide experience. A brief comparison
of the different techniques used in the constructions
previously described gives the following picture.

In the case of the sealing in of a thin molybdenum
wire (coefficient of expansion 51 x 10-7) to give a
vacuum -tight seal and to be insulated in a "Fernico"
eyelet (coefficient of expansion 48 x 10-7) a glass
is used with a coefficient of expansion as close as
possible to the, above. A hard glass has been used
with a softening temperature of about 540 °C 6).

In sealing the solid chrome -iron pins in the glass
key valve, the pin has a much higher coefficient of

high requirements as to quality and reproducibility,
it would seem obvious that the header of the metal
key valve as well as the pins should be made of
chrome -iron. This would indeed be excellent were it
not for the fact that the cost of such a header would
be too high for normal use. Therefore an attempt
was made to use cheaper and more easily obtainable
metal. It was for this reason that iron was chosen
for the new construction, with its appreciably higher
coefficient of expansion: 125 x 10-7. This makes it
necessary that the glass should again have a higher
coefficient of expansion.

Although in general soft glass is easier to work

6) The softening point is defined as the temperature at which
a glass rod 30 cm long and 4 mm in diameter, supported
at each end, bends 2 mm under a weight of 195.5 g. The
melting point is much higher.
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with than hard glass, soft glasses with such high
coefficients of expansion introduce difficulties in
manufacture among which is the chemical decom-
position of these lead glasses during the life of the
valve, not only by atmospheric influences but also
by the formation of "lead trees" due to electrolysis
of the glass. Moreover, in the short period during
the sealing -process (at a temperature of about
950 °C) reduction of the lead oxide may occur
resulting in surface conduction.

A satisfactory solution of these problems has been
found and a manufacturing process worked out for
the surface treatment of the metals and the sealing -
process which meets these objections.

It is also important that the construction should
be such that as far as possible the glass will be
under pressure stresses only and under all condi-
tions of use, since only under these conditions can
an adequate guarantee be obtained of a mechan-
ically strong and at the same time vacuum -tight
seal (no cracks, no leaks).

When we study the stress diagram of such a com-
plete headei it will usually be evident that' only
pressure stresses do occur in the seal of glass to
base plate, and at the pin, axial pressure and
tangential pressure is combined with radial tensile
stress. It may, however, also occur that the stress
diagram of the axial and radial stresses along the
pin is reversed (axial tension and radial pressure
stress). The whole picture becomes more compli-
cated when it is kept in mind that variations in the
coefficient of expansion of the glass are inevitable
and that the wire_and the header do not behave
in the same way, due to the fact that the influence,
of the surface layer on base plate and pin is rela-
tively different.

After the metal exhaust tube has been welded on
the header and the pins have been sealed in; the
header is nickel -plated. On the bottom of the header
a small "cap" is welded which is used afterwards
foi the fastening of the spigot which also serves to
protect the iron exhaust tube. The metal bulb is
then welded on the header with a heavy projection
welding apparatus, after the electrode system of the
valve 'has been mounted and welded to the pins
and the connections between the various electrodes
and' pins have been made.

The following figures will give some idea of the
power needed for such welding. While for the pre-
viously described metal valve with a diameter of
43 mm a projection welding apparatus of nominally 
400 kVA must be used (the power impulse during
welding is actually of the order of magnitude of
1000 kVA; primary 500 V, 2000 A, secondary
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about 110,000 A), for this construction a smaller
apparatus can be used, of nominally 175 kVA (peak
about 450 kVA). These welding machines are reg-
ulated by a special control device which makes
it possible to vary the duration of the weld impulse
continonsly from about 1/2 to about 25 cycles, and
to set the, welding current in 16 different positions
by primary regulation. The welding 'pressure can
also be regulated between 100 and 17,000 kg. 'The
welding electrodes are developed for this purpose
and are water-cooled.

The welding method described has the advantage
over any sealing process that the attachment of the
envelope to the base header takes place at room
temperature (it is only necessary to dissipate the heat
developed at the weld and this is relatively little due
to the short duration of the weld impulse): Undesired
oxidations in the inside of the valve are thus a priori
avoided. In the case of glass sealing, 'on the other
hand, in certain cases precautions must be taken
such as the protecting of the interior of the valve
with inactive gases like), nitrogen4 or mixed gas.

The valve thus constructed can be exhausted and
de -gassed in the ordinaiy, way. Th:e. exhaust tube
is then squeezed and sealed by welding. .

It is, obvious that in the case of a metal valve
direct heating of the internal parts le,means of high
frequency, is impossible. The heating of the internal
parts for de -gassing puTposes mugktherefore take

, :-
place indirectly via the metal envelope or by partial
heating from the inside by heating the filament, with
or without the combination of electron bombardment
of the grids, etc. For external heating of the envelope
(the header and leads must of course be cooled at
the same time) high -frequency heating is, however,
unnecessary, and the heating can more economically
be done locally by means of gas.

The getter for binding the gas residues can be very
easily flashed by heating with gas flames from the
outside, or by the passage of current, and it is then
deposited on the wall of the envelope with the advan-
tage that the layer of getter is connected to zero p oten-
tial (and thus does not form a "floating" capacity).

Summarizing, it May be said that it is possible
in the broadcasting region to eliminate the problem
of a choice between "metal" or "glass", so th-at the
existence of this alternative need have no effect
on the further development of set construction.
Only considerations of a practical nature (equipment
present in a given factory, the availability of certain
materials or other special circumstances) need in
the future determine the choice of the technique
to be employed.

+;":'
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ASSEMBLING GRIDS FOR RADIO VALVES

In triodes the interior of the valves consists of a cathode with a grid and an anode. Two grids are used
in tetrodes, pentodes require even three, and so on.
Reproducibility and interchangeability of valves, and their characteristics, necessitates that the inter -
spacing of these parts and their dimensions be always the same within very narrow limits. The assem-
bling operations, consisting mainly in welding and pinching, are therefore onerous and precise and require
many checks and random tests.
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f.

CARRIER -WAVE TELEPHONY .

by D. GOEDHART and J. de JONG.

In the case of telephone connections over long distances, where the cable and the repeaters
connected to it represent an important part of the total expense, it is often advantageous
to multiply the number of conversations which can take place simultaneously on one set
of wires by the application of carrier -wave telephony. The principles of carrier -wave
telephony and the general construction of an installation for this purpose are described. ,

in this article. From the functions of die different components the requirements which
must be made of them are deduced, while the specific pioblems and the jiractical construc-
tion of the parts will be dealt with in future articles. '

Introduction

The simplest way of bringing about a, telephone
connection between two subscribers. A and B is to
connect the microphone of A by means of two wires
to the telephone of B, and the microphone of B
by two other wires to the telephone of A. Four
connection wires are hence needed (four- wir e
connection, fig. 1).

A b'r -I r i
M .1 1

1 1

ITS iD1._L. J
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Fig. 1. Four -wire connection between two subscribers A and B.

connections were very quickly worked out in
which the number of connecting wires could be
reduced by one half (two -wire connection, fig.
2). In each of the two telephone instruments there
is then a so-called fork, an arrangement which
sends, the microphone currents over the line and
the currents incoming from the line to the tele-
phone.

Fig. 2. Two -wire connection between two subscribers A and B.
V forks.

Due to the damping caused by the connection
wires the distance which can be linked in this way
is limited. After the invention of amplifier valves,
amplifiers (repeaters) could be placed in the con-
nection line 1), thereby making the distance cov-
ered many times greater (fig. 3). With this in-
crease in the distance the connection line becomes

1) We do not here consider coil -loading by which means the
distances bridged are also made greater. The subject is
discussed in detail in: F. de Fr em er y and G. J. L ev en -
b ach, Carrier -wave telephony on coil -loaded cables,
Philips techn. Rev.'4, 20, 1939.

621.395.44

proportionally more expensive, while the costs
of the terminal apparatus (microphone, telephone,
fork) remain the same, so that the greatest part 'of
the cost of the connection is due to 'the connection
line.

If many calls must be transmitted simultaneonsly
between two centres of population, the same number
of pairs of: connection wires with the necessary re-
peaters are required. These connection wires, are
usually combined into cables with many cores.
By the application of carrier -wave telephony,

.however, different conversationsaan carried
on at the same time over one pair, of connection
wires. This makes the cost of th4fcnble and :the
repeaters much lower. The appar4tus at the be-
ginning and end of the connectio4 also becomes
more complicated and therefore more expensive.
From this it follows that the applicUtion of carrier-

wave telephony is only justifiable . economically
for the bridging of long distances where ,the
cable costs arc the dominating factor; for small
distances, for instance for local calls, the.:cost of
the finar apparatus would be too high and carrier-.
waye telephony will therefore not be used. .r.

In two previous articles in this periodical 1',2)
several problems of carrier -wave telephony have
already been discussed. In this article we shall con-
sider the general plan of an installation for carrier -

wave telephony and the most important problems
which occur in such an installation. The solutions

T 12:41111
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Fig. 3. If the distance between two subscribers A and B is
great, repeaters are inserted in the line at regular intervals.
Since repeaters give transmission in only one direction there
are always two side by side, one for each direction, with a
fork at each side in the case of a two -wire connection.'

2) G. J. Levenb ach and H. van de Weg, Non-linear dis-
tortion in loaded cables, Philips techn. Rev. 4, 79, 1939.
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which have been found for the problems encoim-.
tered, and the construction of the necessary parts
will be discussed in following articles.

The principle of carrier' -wave telephony

The vibrations occurring in speech may be con-
sidered as made up of 'a large number of sinusoidal
vibrations with different frequencies and different
amplitudes (actually an infinite number of vi-
brations, represented by a Fourier integral). For
a 'satisfactorily intelligible conversation it is not
necessary to transmit all these frequencies, but only
those which lie between about 300 c/s and about
3000 c/s. The ,telephone cable can, however,
transmit a much wider frequency region. The fre-
quency region above 3000 c/s can now also be used
for the transmission of telephone conversations by
the use of a method which exhibits much analogy
with that of radio technology. .

A carrier -wave with a high frequency fc is mod-
ulated in a transmitter with the low -frequency
oscillations of speech. Due to this modulation two
new groups of frequencies occur: the so-called side
bands at either side of the carrier wave (fig. 4). The

Ir
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Fig. 4. Position in the frequency spectrum of the speech vi-
brations to be transmitted and of the carrier wave with two
side bands.

upper side band (from fc + 300 c/s to fc -F 3000 c/s)
represents a shift of the.frequency spectrum of 300
to, 3000 c/s by an amount fc,,the lower side band
(from fc - 3000 c/s to fc 3000 c/s) is the mirror
image of the upper side band with respect to the
carrier -wave fc. In this way a number of different
conversations can be modulated, each on a carrier
wave with'. a different frequency and all these
modulated carrier waves can be fed to the common

If the frequency difference between the carrier
waves is sufficientlygreat, then with a correspond-
ing ,number of selective ,receivers connected at the
other ,end of the line, each of the modulated carrier

 ,waves can be received without interference by the
others. Just as in radio technology the ether trans-
mits various programmes at the same time, in the
same way in carrier -wave telephony a single pair
of cores simultaneously transmits many' conver-

- satimi§. 'It is clear that the efficiency of the cable
is increased niany times in this way..

4'

If the same pair of cores is used for the transmission of
conversations in both directions (two -wire connection, fig. 3)
several complications result, since it is difficult to prevent
mutual interference of the speech in opposite" directions (see
article 1). Therefore the four -wire connection (fig. 1) is usually
used in carrier -wave telephony. This, however, does not
require more pairs of cores than the two -wire, connection. It is
found, that in the two -wire connection it is not easily po'ssible
to use the same carrier -wave frequencies for the two directions,
because of the difficulties which the forks needed at each side of
each repeater, occasion at high frequencies. Each frequency
region can therefore only be used once in a given pair of
cores, either for one direction or for the other. The number
of calls is then the same as if one half of the pairs of cores were
used exclusively for one direction and the other half for the
other direction (four -wire connection). Ordinarily two cables
are laid side by side with equal number of pairs of cores, one
cable for each direction.

It is not necessary to transmit both the side
bands formed in the transmitter; one side band is
enough. The receiver is capable of reproducing
from the carrier wave and one side band the low -
frequency vibrations which formed the original.
speech. With the help of a filter, therefore, at the .
transmitting end one of the side bands ,is cut off,
which makes it possible to include in a given fre-
quency region twice as many call channels, and the
efficiency of the cable is thus doubled (fig. 5).

As indicated in fig. 3, here also repeaters are
necessary at intervals in the cable. In order to be
able to keep 'these repeaters small in spite of the
large number of calls that must be amplified, the
carrier waves, which would have to have a large
amplitude, are themselves not transmitted (this
can be accomplished by suitable connections of
the modulator); but are added again in the re-
ceivers

Arrangements and functioning of a carrier -wave
telephone connection

1Fig. 6 is a simplified 'diagram of a carrier -wave
connection between two places L (left) and R
(right). At L are the subscribers- A, C and E;
at the subscribers B, D and F. A speaks with B;

3) In radio broadcasting, where the available frequency region
is also occupied as fully as possible, both the side bands
are always transmitted, in contrast to the case in carrier -
wave telephony. If in that case only one side band were
transmitted, the receiver would have to add the carrier

. wave again. This is not practicable for a receiver which
must be capable of reproducing many broadcast trans-
mitters. If one side band plus the carrier wave were trans-
mitted the distortion which occurs at great depth of

 modulation would not be permissible. In carrier -wave
telephony a carrier -wave with large amplitude is added
in the receiver, so that the distortion remains small. Since
the microphone and the telephone already give consider-
able distortion the slight increase in distortion due to the
lack of the second side band is not disturbing.
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C' with D and E with F. BetWeen R and L lie two
pairs of cores, one for transmitting speech from

41

31

21

3
J9495

Fig. 5. Position in the frequency spectrum of the speech vi-
brations and the corrsponding frequency regions to be trans-
mitted in the case of a four -channel system with suppressed
carrier wave and a single side band.
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are unnecessary for intelligibility. The frequency
region which remains is fed to a modulator ModF,
to which the carrier wave with a frequency fA is
also fed. This modulator (which functions in the
same way as the modulator in a broadcast
transmitter) is an arrangement which gives at its
output the. two. side bands without the carrier
wave. Following the modulator is a transmission.
band filter, BFZA which passes one of the side
bands .but suppresseS the other. The .band to be
transmitted may be either the upper or the lower
one.

TRUNK LINE
WITH REPEATERS TELEPHONE EXCHANGE LOCAL

LINES

 Fig. 6. Simplified diagram of a carrier -wave telephone installation for three speech chan-
nels. The subscribers' instruments consist of a microphone, a telephone and a fork Vi,and
are connected by means of the local line to a fork V2 in the telephone exchange. Each
outgoing call passes a low-pass transmission filter LFZ, a modulator Mod and a trans-
mission band filter BFZ. All calls are then sent together over the trunk line, which contains
at intervals an equilization network E with a repeater, to the other telephone exchange,
where each call passes a reception band filter BFO, a demodulator Dem and a low-pass
reception filter LFO. By way of the fork V2 and the local line the call reaches the other
subscriber. The carrier -wave frequencies in both telephone exchanges are derived
from an oscillator Osc by means of th6 carrier wave band filters BFD.

L to R and one for transmitting speech from R to L.
At the disposal of the subscribers are ordinary

telephone instruments (microphone, telephone,
fork) and they are connected to the telephone
exchange by an ordinary two -wire connection.
A subscriber wishing to make a' call is connected,
either automatically or by an operator, to an
available fork V2 in the same way 'as in ordinary
telephony he is connected to an available line.
The microphone current from A is sent through a
low-pass transmitting filter LFZA which
cuts off the frequencies above a frequency ft which

SUB-
SCRIBERS'
INSTR U-
MENTS

The microphone currents from C and E .are
treated in the same way, except that the carrier
waves fed to the modulators have' different fre-
quencies, namely fc and fE.

 The output terminals of the three transmission
band filters BFZA, BFZc and BFZE are connected
in, parallel. The cable thus transmits three fre-
quency bands: from fA to fA A., from fc to
fc fi and from fE to fEf1,when the upper
side bands are chosen.

At the receiving end (R) each' frequency band
must reach the correct 'channel and cause no inter-
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ference in the other channels. The reception band
filters BFOu, BFOD and BFOF provide for this,
each of which passes the correct frequency band but
cuts  off the others. Each of these band filters is
followed by a demodulator to which the corre-
sponding carrier wave is also again fed. Thus at
the output terminals of the demodulator the orig
inal low -frequency band is produced, similar
to that which was furnished by the microphone
at the transmitting end (L), and in addition os-
cillators with higher frequencies. Each demodulator
is followed by a low-pass reception filter
which cuts of the undesired oscillations of high
frequency. Via the fork V2B and the local line the
words of subscriber A now reach the telephone of
subscriber B. In exactly the same way the words
of B reach the telephone of A. In principle it is not
necessary to use the same carrier -wave frequency
for the conversation in the two directions between
A and B; in the case of a four -wire connection as
represented in fig. 6, however, it is usually done
for the sake of simplicity.

The number of connection possibilities between
L and R is equal to the number of pairs of double
wires present multiplied by the number of calls
which can be transmitted per four -wire connection.
This total number is made equal to the maximum
number of conversations to be carried on simul-
taneously between L and R.

The subscribers' instruments undergo no change
in carrier -wave telephony; the subscribers observe
no difference whether their call is put through with
or without carrier -wave telephony.

In the example of fig. 6 three subscribers have
been assumed at each end (3 -channel system). It
is, however, clear that this number can be extended.
A 12 -channel system (12 calls over the same con-
ductor) according to this simple principle making
use of ordinary, non -loaded telephone cables 1)
is often used. Philips have, moreover, designed an
installation with 17 channels on this principle.
Fig. 7 is a photograph of part of the terminal ap-
paratus necessary for this. If it is desired to transmit
an appreciably larger number of calls over the
same connection, a special cable is necessary and
multiple modulation must be applied which
necessitates a more complicated terminal apparatus
(see below).

Choice of the carrier -wave frequencies

In order to make the most intense possible use
of the available frequency region which the cable
transmits without too great damping, the frequency
difference between the carrier waves is taken as

Fig. 7. Photograph of a part of the terminal apparatus of the
Philips 17 -channel system.

small as possible. What now determines the neces-
sary frequency difference?

As will be seen from the foregoing, the require-
ment is made of each band filter that it shall pass
a certain frequency region and suppress a number
of other frequency regions. Between the region of
transmission and the damping region there is a
transitional region where the damping is too high
to permit satisfactory transmission, but too low
to ensure sufficient suppression. Fig. 8 gives as an
example the damping in dB as a function of the
frequency for a band filter of the Philips 17 -channel
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Fig. 8. Damping characteristic of a band filter. The carrier -
wave frequencies of two neighbouring channels are .fA and fc.
The upper side band belonging to the carrier wave fc fits into
the transmission region of the filter (from a to b). The upper -
side band belonging to the carrier wave fA falls in th damping
region of the filter (below c). The region c to a is the trap
sitional region of the filter.
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system, in which the upper side band is transmitted.
The transmission region extends from a to b. To
the left of it from c to a is the transitional region
which has a width of about 900 c/s. (An appre-
ciably narrower transitional region would make
very much higher demands on the construction of
the filter). If we assume that the curve represents
the damping of the transmission band filter BFZc
of fig. 6, then a must correspond to the lowest
and b to the highest speech frequency of C to be
transmitted, i.e. to f2 and respectively.. The
highest frequency of the neighbouring channel (the
speech from A to B) may not be higher than c.
The distance between the two highest frequencies
of the neighbouring channels, which is of course
equal to, the distance between the carrier -wave fre-
quencies, must therefore be at leastfi. -f2+ 900 c/s.

We ha.ve already seen that as a rule the carrier
waves are not transmitted, but added to the trans-
mitted side band again upon demodulation. It is
then necessary that , the carrier -wave frequencies
should correspond exactly 'at the transmitting and
receiving ends. Now in order not to require many
oscillators at the receiving end as well as at the
transmitting end, each of which must furnish an
accurately determined frequency, one oscillator is
placed at the transmitting end and one at the re-
ceiving end, whose frequencies are carefully kept
constant, and the other carrier -wave frequencies
are derived from these by frequency multiplication.
The frequency of these oscillators is therefore
chosen equal to the frequency difference between the
carrier waves, namely at least f1- f2 + 900 c/s.

As lower limit f2 of the frequency region to be
transmitted the - already mentioned value of 300
c/s is generally chosen. The lower the upper
limit f1 is taken, the smaller the necessary carrier -
wave distance, but the poorer the intelligibility of
the speech. If necessary 11 2600 c/s would
suffice. In order, however, to be able to obtain
a better quality of reproduction, and guided by the
desire to have round numbers for the carrier -wave
frequency (in order to be able to compare these
frequencies simply with the standard frequency
present in every telephone exchange, which is
very precisely 1000 c/s), the choice of the
carrier -wave frequencies has been determined as
integral multiples of 4000 c/s 4). From this
it follows that the highest speech frequency to be
transmitted may amount to 4000 -- 900 + 300 =
3400 c/s.

In the case of the installation designed by Philips

4) On the recommendation of the C.C.I.F., Oslo 1938.

for 17 calls, the lowest carrier -wave frequency, in
agreement with the above, is' 4000 c/s and 'the
highest 68,000'

Cross talk

A first requirement in telephony is that each
subscriber shall be able clearly to understand the
speech intended for his ear, undisturbed by a
background of interfering noises from conver-
sations not intended for him. What a.subscriber may
hear of such noises is called cross talk. In the
use of carrier -wave telephony the danger of cross
talk is naturally greater than in other cases.

If the frequency spectrum of a call reaches the
Wrong subscriber in its original form, it is called
intelligible cross talk, since with sufficient in-
tensity the conversation can be understood. If
this frequency spectrum, in its unwanted trans-
mission, is, however, so distorted that it is impos-
sible to follow the conversation even with sufficient
intensity, it is called unintelligible cross talk. It is
clear that for the sake of privacy the intensity of

- 
intelligible cross talk must be so low that it is ab-
solutely impossible to follow the unintentionally
overheard conversation. For this purpose the in-
tensity of intelligible cross talk must be at least
70 dB below the intensity of the required trans-
mission. Unintelligible cross talk does not violate
the subscribers' privacy, but manifests itself as a
disturbing background noise. An intensity about
60 dB below that of the required conversation is the
limit permissible for this in practice.

It is mainly the filters which must prevent cross
talk.

Requirements which must be satisfied by the parts
of a carrierwave telephone installation

It may be seen from fig. 6 that the installation
for carrier -wave telephony consists' chiefly of cables,
repeaters, oscillators, modulators and demodulators,
forks and filters. Certain requirements must be made
of each of these components for a satisfactory func-
tioning of the installation. We shall consider these
requirements in the following.

a) Cables

A coil -loaded cable is unsuitable for the trans-
mission of the high frequencies necessary for a 12
or 17 -channel system, due to the existence of a cut-
off frequency ( fig. 9) (see article 1). Fig. 9 also
shows the damping of an ordinary non -loaded cable
in dB per km length of cable as a function of the
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frequency. The damping in the frequency region
to be used (4 to 72 kc/s) increases with the fre-,
quency. Per km length of cable the difference' in
damping between the lowest and the highest
channel (4 and 72 kc/s, respectively) is 1 dB. For
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Fig. 9. Damping in dB per km as a function of the frequency
for a normal, non -loaded cable. For the sake of comparison
the variation of the damping is also indicated (broken line)
for a lightly loaded cable.

a length of cable of 300 km (a fairly normal length
for carrier telephony) this difference in damping
is thus 300 dB. In connection with the combating
of cross talk, however, the requirement is made that
all calls shall be transmitted with about the same
intensity. For this purpose so-called equalization
networks are connected in series with the cable.
These are quadripoles built up of resistances, self
inductions and capacities in such a way that they
give a high damping for the low frequencies and a
low damping for the high frequencies, with the re-
sult that the damping of the cable plus the equali-
zation network is practically the same for all fre-
quencies considered. These requirements cannot
practically be fulfilled with a single equalization
network: the difference in damping at the lowest
and the highest frequency is too great for that.
Therefore the cables are divided into sections of
such a length that it is practically possible to make
the damping of each of these sections independent
'of the frequency with the help of one equalization
network. -

b) Repeaters

The damping provided by the cable with the equa-
lization network must, be eliminated again by
repeaters. In the case. of fairly- long connections;
however, it is' impossible to achieve this with a
single repeater either at the beginning or at the end

of the line. With a cable length of 300 km and a
damping of 2 dB/km a total of 600 dB of amplifi-
cation is needed. If a single repeater were placed
at the end of the line, then with a normal value of
for instance 1 volt at the beginning, the voltage at
the end of the cable would be 10-3° volt. But the
noise voltage is of the order of 10-7 volt, per speech
channel; the speech, even after sufficient ampli-
fication, would be inaudible because of the fact
that the noise voltage is 1023, times as high. The
voltage of the signal must in fact be much higher
than the noise voltage at every point in the
cable, because if the ratio between signal and noise
voltage has once become too small, no improvement
is possible by amplification. Therefore, before the
signal voltage has fallen too low due to cable damp-
ing, a repeater must be introduced. If the require-
ment is made that the signal-to-noise ratio must
be at least 1000 at the end of the cable, it is found
that a repeater must be inserted in the cable ap-
proximately every 30 km (with an amplification
of about ,30 x 2 = 60 dB).

It is a fortunate circumstance that this cable
length of about 30 km is not too great to be able
to make the damping independent of the frequency
with a single equalization network. An equalization
network is consequently placed as a rule at the end
of each cable section.

The amplification may not be appreciably affected
by spontaneous changes in the repeaters (de-
crease in the slope of the amplifier valves due to
age, etc.). If for example the amplification of each
repeater should decrease merely 1 dB (i.e. about
10 per cent), then with 10 repeaters in a line the
total amplification would decrease 10 dB, which
is not permissible.

Each repeater must amplify simultaneously all
the calls transmitted. This makes very high demands
on the linearity of the repeater. If the output
voltage were not sufficiently accurately proportional
to the input voltage, A.C. voltages with combi-
nation frequencies would occur, which cause mutual
interference of the channels, and in addition under
certain circumstances cross modulation, with the
result that a subscriber would be able to hear con-
versation not intended for him.

By the application of inverse feed -back in the
repeaters the requirements mentioned can be
satisfied.

The cable damping depends upon the tem-
p er ature. The amplification must therefore change
in a direction opposite to the change in temperature.
A temperature compensation, preferably automatic,
is therefore necessary.
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4,

c) Oscillators

If the corresponding carrier -wave  frequencies
differed at the transmitting and receiving ends,
the frequency spectrum of the speech would be
shifted at the receiving end. This causes distortion
and, with any large degree of frequency shift, un-
intelligibility. In practical cases in the transmission
of the spoken word a frequency difference of not
more than about 10 c/s between the corresponding
carrier waves at transmitting and receiving end is
permissible. For a carrier wave of 68 kc/s therefore.
a discrepancy of only about 0.015 per cent is allowed.
The oscillator of 4 kc/s from which the carrier
waves are derived may ,therefore also not vary by
more than 0.015 per cent, i.e. about 0.05 c/s upon
variations in the supply voltage, the temperature,
etc.

The different carrier waves are derived from this
4 kc/s oscillator by using the successive harmonics.
Each carrier wave must, however, be sinusoidal;
if the carrier wave, which is fed to a given modulator
or demodulator, contains a component with the
frequency of one of the other carrier waves, this
may lead to cross talk (intelligible as well as un-
intelligible). Therefore the filters which sift out the
different carrier -wave frequencies (BFD in fig. 6)
must satisfy fairly high -requirements.

d) Modulators and demodulators

The microphone current and the carrier wave
are fed to the- modulator; at the output terminals
the two side bands without the carrier wave are
desired. In order to accomplish this the modulator
contains two or more non-linear elements (cuprox or
selenium rectifiers 5) for example) in push-pull
connection. An asymmetry in this connection will
cause the appearance of undesired components in
the output voltage. Great care must therefore be
taken to secure symmetry; moreover; this symmetry
must be retained in spite of temperature fluctuations
and ageing.

e) Forks

Let us consider the closed circuit in fig. 6:

V2A-ModA- line 1-DemB- V2B-ModB-line 2-DemA2
V2A. In this circuit there are, among other elements,
a number of repeaters. There is therefore the danger
that, following the' circuit Around, the total am-
plification will be so high that spontaneous 'oscil-
lation may occur. To prevent this, care must, be
taken by means of accurate construction that the

5) W. Ch. van Ge el, Blocking -layer rectifiers;Philips techn:
Rev. 4, 100, 1939.

currents reaching the fork from the reception,.
channel are unable to reach the transmission
channel, and are fed exclusively to the local line.

f) Filters
The filters form one of the most important parts

of the whole installation. Their function is to
provide that each subscriber receives the calls
intended for him in a satisfactorily intelligible form
and to prevent cross talk. In order to determine
the  requirements which every filter must satisfy
the spectral, distribution is ascertained of the inter-
ference caused by the calls not intended for him

'which each subscriber would receiire, if no filters
were introduced. From this the minimum damping
can be found which the filters must provide for the
different frequencies in question, in order that the
cross talk may remain below the limits previously
mentioned. The filters, for instance, which are,
passed on the path from C to B in fig. 6, and which 
together, therefore, must provide this damping, are:
the low-pass transmission filter LFZ.c, the traits -
mission band, filter BFZC, the reception band,
filter BFOB and the low-pass reception filter LFOB..
The required total damping may to a certain extent
be divided among these four filters in . different
ways; -the most economical solution\will of course
be chosen..

'In the determination of the required total damp-
ing curve several other factors must be taken info
account. The microphone furnishes not only, the
frequency region to be transmitted of 300 to 3400
c/s, but also higher frequencies occurring in
speech. On the other hand the microphone and the
telephone are less sensitive to the high frequencies,
than to the lower ones; moreover, the, intensity
of the higher frequencies in speech is less than that
of the lower, the ear is also not equally sensitive,
to all frequencies. Taking all these facts into ac -,-
count the damping caused by the filters may be
lower for the higher audio -frequency, vibrations
than is necessary for the lower.

Due to temperature variations the self-induction
and capacities of which the filters are built up will
change -and the, cut-off frequencies will therefore

,shift. The filter elements should therefore possess
only a very small temperature coefficient.

As to the transmission region, the damping of
the filters, must be;t. practically constant for all
frequencies. Due to losses in the coils ,and conden-
sers of which the filters are composed, the damping

,becomes greater .for:_the frequencies close to the
limits .of _the transmission,region, thin for frequen-
cies in :the middle of -this region. It is therefore
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necessary that these 'coils and condensers should
be of good quality. Moreover, a transitional region
of only 900 c/s, as assumed above, can only be
attained when the losses in the filter elements are
not too high.

Multiple modulation

In the case of the above described installation
for carrier -wave telephony a frequency difference
of 4000 c/s was assumed between the successive
carrier waves. The transmission region of the band
filters is the same for all channels. At higher
carrier -wave frequencies therefore the relative
width of the transmission region (i.e. the difference
between the cut-off frequencies divided by the mean
of the cut-off frequencies) becomes steadily smaller.
The smaller this relative band width, the greater
in practical cases is the difference between the
damping at the edge and that at the middle of the
transmission region, as a result of the losses in the
coils and condensers (fig. 10). At the same time at
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Fig. 10. Damping curves for the transmission region= of two
similarly composed filters with the same band width, but in
different frequency regions. Full -line curve: band filter for
the .upper side band of a carrier wave of 12 kc/s; broken -line
curve: same for a carrier wave of 68 kels. 

higher frequencies greater accuracy is required in
the realization of the correct values of self -induc-
tions and capacities and in keeping parasitic im-
pedances small, while the influence of temperature
variations also becomes greater. For all these reasons
it is in practice impossible to use carrier -wave fre-
quencies higher than 70 kc/s in the way indicated.

Special modern cables are, however, capable
of transmitting much higher frequencies (fig. 11).
If it is desired to use this higher. frequency region
also for telephony, it is only possible to do so by
the application of multiple modulation. This
can for instance be done in the following way.

The calls to be transmitted are divided into
groups of 12. Each of 12 calls is modulated in the
way described above on carrier -waves with fre-
quencies of 16 of 60 kc/s, so that - upon the use
of the upper side band - each group occupies the

frequency region from 16 to 64 kc/s. Just as the
frequency region of each conversation is shifted in
the frequency spectrum by modulation, the fre-
quency region of each group of twelve is now shifted
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Fig. 11. Damping in dB per km as a function of the frequency
for a modern coaxial cable.

by a second modulation by such an amount that
the first group falls in the frequency region from
200 to 248 kc/s, the second group in the region
from '248 to 296 kc/s, and so on. For 240 conver-
sations, for example, the frequency region from
200 to 1160 kc/s is needed in this way. At the
receiving end all the groups are first brought back
into the region of 16 to 64 kc/s by a first demod-
ulator, and next each conversation" is shifted by a
first demodulator, and then each conversation is
shifted by a second demodulator into its original
low -frequency region. After every second mod-
ulator a second band filter is now necessary,
likewise after every first demodulator, but much.
less severe requirements may be made of these
filters than of the first band filters, in the first place
because the relative band width is high, .and in
the second place because the frequency difference
betweenthe side band to be passed and that to be
suppressed is large so that the transitional region of
the damping curve may also be wide. These filters
may therefore be very simple.

In most cases, with such a large number of
channels it will even be preferable to apply a
third modulation for the sake of the greater
simplicity Of the band filters (fig. 12). For exam-
ple, ten calls are first combined into a group which .

occupies the frequency region between 30 and
70 kc/s, and then five of these groups are joined
to give a new group (super group) which occupies
the frequency region from 300 to 500 kc/s and '-

contains 5 x 10 = 50 calls, and finally eight of
these last super groups are put side by side in the
frequency spectrum by a third modulation in the
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region from 500 to 2100 kc/s, so that 8 x 50
400 calls can be transmitted simultaneously.

Double modulation is also applied in the case of
a small number of channels. The first modulation
shifts all the calls to the same, higher, frequenCy
region; whereupon the second modulation places
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Fig. 12. Displacement of the speech vibrations in a system
with triple modulation for 400 speech channels.
a Position of the frequency, bands after the first modulation

for each group of 10 calls.
b Position of 5 groups each of 10 calls before and after the

second modulation.
c Position.of 8 super groups, each of 50 calls, before arid after

the third modulation.

the different calls at the desired position in the
frequency spectrum. After the first modulation the
band filters are alike for all channels; after the
second modulation they are different. The first
band filters are the most complicated ones and high

requirements are made of them; the second are
simple filters. Since it is sometimes desirable for
factory purposes that the more complicated filters
should all be alike, the more complicated construc-
tion of the whole installation is sometimes preferred.

Transmission of the selector signals

Since 'at the present time there is a desire that
not only the local connections in the telephone
network but also the long distance connections
between subscribers should be made without the
help of a telephone operator, it is obvious that this
requirement is also made of carrier -wave telephony.
In ordinary telephony this is done by the subscriber
making the call who sends a number of impulses
to the automatic switches (selectors). Upon the
use of carrier -wave telephony these impulses must
first be converted in the telephone exchange into
high -frequency oscillations, then transmitted by
the cable and at the receiving end, after having
been converted into a suitable current, they must
operate the automatic selectors.

Carrier -wave telephony applied to a radio connection

In conclusion we should like to point out the
possibility of transmitting different calls simul-
taneously with a radio connection also. To do this
:the currents which are sent through, the cable in
the carrier -wave telephony just described are
modulated on the carrier wave of a transmitter
(which must have a considerably higher carrier -
wave frequency than the highest frequency to be
transmitted), and at the receiving end this modu-
lation is brought back again -Id the original position
in the frequency spectrum. The four -wire connection
is thus replaced by a radio transmitter and receiver
at each end; the rest of the apparatus remains the
same.
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IMPROVEMENTS IN THE EFFICIENCY OF ELECTRIC INCANDESCENT LAMPS

by W. GEISS.

By changing over from a single coil to a coiled coil filament in the case of argon -filled
electric lamps an average improvement of 15 per cent was obtained in the efficiency
of the lamps. Detailed investigations were carried out on ten different kinds of lampg
specially made for the purpose on the effect of krypton instead of argon as a filling.
From these investigations and from results of life tests of krypton -filled coiled coil electric
lamps on the market it may be concluded that with the same life and luminous flux
an improvement of about 3 per cent in the average efficiency could be obtained by
changing over from: argon to krypton. In connection with the cost of the krypton
filling this improvement cannot be realized at once in practice.

Introduction

The steadily increasing need of better and more
efficient illumination can be satisfied more suc-
cessfully, the more efficient the production of
artificial light. With the conversion of electrical
energy into visible radiation in or by means of a
gas discharge the large lamp factories have followed
fundamentally new methods and have developed
extremely efficient sources of _light which have
already found an important and partially even quite
new domain of application. In addition to this impor-
tant work, however, the laboratories of the indus-
tries in question have by no means neglected the
further development and improvement of the elec-
tric incandescent lamp. During the last ten years
various possibilities were carefully examined theor-
etically as well as experimentally, and have to some
extent already been realized in a practical form.
A survey 'of the results achieved will be given in
the following.

Importance of a gas filling

In our discussion we shall start with the original
publications 1) on the gas -filled lamp. In these it
was already shown that the characteristic properties
of this lamp are determined by several physical
constants of the filament and of the gas used for
filling the bulb. If these constants are known the
efficiency (Dlm/W) of a gas -fined lamp can be
very accurately calculated., It is therefore possible
to determine whether an accidentally favourable
result obtained in a single experiment will also be
obtained in practice. -

The efficiency of a tungsten filament lamp, filled
with gas and used in such a way that it will attain
an average life of 1000 working hours is 'mainly
dependent on:
1) the form of the filament,
2) the composition of the gas.

621.326

Research during the last ten years has been
especially devoted to a study of this dependence and
we shall here discuss the results in turn.

The form of the filament '

An important possibility of improving the effi-
ciency of gas -filled lamps, and one which has been
investigated thoroughly, relates to the form of the
filament itself 2).

Langmuir 1) showed that the heat lost by a
filament depends mainly on its length and only to
a very limited extent upon its diameter, and at
the same time that a coiled tungsten wire does
not differ from a massive wire whose diameter -is
the same as that of the coil, as far as the loss of
heat is concerned.

Instead of L an g mules formula for the loss of
heat the following empirical formula can very well
be used: "

where
W
/ =d=
T=
C=

W C  1  da  Tx, (1)

the loss of heat to the gas,
the length of the filament,
the diameter of the filament,
the absolute temperature of the filament and
a constant depending on the gas mixture. '

The exponents d and T. are indeed again functions
of the diaMeter and of the temperature, respective-
ly, but they may be considered as constants within
a wide range. It, is found that the. experimental
values are best matched, by choosing:

6 = 0.3.
A large number of measurements which have been

carried out during the last 15 years have confirmed
this value of (/2 At the temperatures mentioned in,
this article of 2500 to 3000 °K, r is about 1.6. .

1) I. Langmuir, Phys. Rev., 34, 401, 1912; ' 2) Cf. for example: W. G eiss, Philips techn. Rev., 1, 97,
. E. 0 o sterhuis, Chem. Weekbld., 14, 595, 1917. 1936.

Jr,
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t.

For a given gas and for the temperature T, there-
fore, the ratio of conduction losses for two filament's
of the dimensions 11d1 and 12d2 is

11W3. : W2 = di° : /2 d26

If by means of a different form of filament it is
desired to reduce the loss of heat to one half of
that of an ordinary coil, the following relation must
hold:

212 d20'3 = 11 C/10'3.

This means practically that the new filament must
be slightly less than half as long as the first fila-
ment, but that it may be much thicker.
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the average improvement obtained amounts.. to
10.7 per cent, while for the small types it even
reaches 16 per cent. This advantage for the low -
power lamps is important because of the fact that
upon the introduction of gas -filling in 19].3 the ad-
vantage lay with the larger types.

The employment of a tungsten wire whose form
does not change has also bad a very favourable
effect on the properties of these lamps throughout
their whole life. The decrease in luminous flux
compared with that of lamps with single coil has
fallen, to less than one half, so that the average
improvement of the efficiency throughout life is

lm/W

15

13

11

Fig. 1. The efficiency in lumens per watt for argon lamps with single coil filament (1)
and coiled coil (2) as a function of the number of lumens per volt. a) is for lamps of
130 V and b) for lamps of 220-230 V.

This change in shape can be attained in two ways.
A wire of the required length can be coiled .on a
mandrel with a diameter more than twice as great,
which ,introduces great practical difficulties, or the
ordinary coil can be coiled around a second mandrel
giving the coiled coil.

In order to apply the second method, however,
tungsten wire had to be available whidh retains its
original form even at a high temperature. An elab-
orate investigation provided the lamp manufac-
turers with a solution of this problem.

On the subject of the lamp with the coiled coil,
which has in the meantime been introduced every-
where and which in certain countries even occupies
the foremost place, detailed articles have already
appeared in this periodical 2) and elsewhere 3).

In fig. 1 may be seen the curves of the efficiency
for argon -filled lamps with single and Coiled coil
as a function, of the luminous flux per- volt of
lamp voltage. For the commonest sizes of lamps

10 lm//
40523

still greater. According to the size of the lamps. it
amounts to 13-23 per cent and may be considered
to average 15 per cent.

Rate of, evaporation in a gas atmosphere

In addition to the form of the filament, its rate
of evaporation in a gas atmosphere is very impor-
tant for, the efficiency of a lamp. The total radiation
of a filament and the luminous flux are functions
of the temperature. For their ratio E, namely the
luminous flux divided by the energy radiated per
second, in not too large a temperature region the
following formula is sufficiently accurate:

E = aTf (2)

3) W. Geiss, S. E. V. Bull., 26, 354, 1935; W. KOhler,
Licht and Lampe, 24, 462, 1935; K. Mo ers, Das Licht 8,
17 and 43, 1938; K. Moers, Das Licht, 8, -130, 1938.
On the basis of the last article it can be shown that the
calculation of the heat losses according to Langmuir's
formula agrees well with the measured values both for the
single and the coiled coils.
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In the same way for the rate of evaporation v
of the filament:

v = yTg (3)

In these expressions a, f and g are material
constants of the filament, while for a given form
of the filament y depends upon the nature and
the pressure of the gas surrounding the filament.
This constant will be smaller the more the gas at-
mosphere opposes the diffusion of the vapourized
molecules of the filament. Therefore, for a given
filament one may speak of a diffusion constant y
of the metal in the gas with which the lamp is filled.

If one starts with the experimentally confirmed
assumption that a filament has reached the end
of its life when a certain part of its weight has been
evaporated, its life is inversely proportional to the
rate of evaporation v. With a filament having a
definite life (1000 hours for instance), therefore,
the. rate of evaporation in different gases will be
the same. Therefore the following is valid for two
gases with the diffusion constants y' and y":

v' = y'  Tig = v" = y"  T2g; . . (4)

From this it follows that:

y' (7'2\g

\T1Y"

The following is also valid:

E2

- kfti
1712\f

-E-1

. , . .

By combining (5) and (6) we find that

E2
ky"/

(5)

(6)

(7)

From the literature it is known 4) that at about
2700° K the following values can be used:

, f= 4.8 te 34.3,

from which it follows that fig = 0.14, so that .

I.E2\ lyi \ 0.14`El)" (8)

From this formula it is found that a large change
in the diffusion constant y of the gas will only cause
a relatively small change in. E.

The diffusion constants of argon and nitrogen
were determined as early as 1917 5), also as functions
of the gas pressure, and from the measurements;

4) H. A. 'Jones and I. Langmuir, Gen. El. Rev., 30,
310, 1927. -

Moreover, it was concluded that the efficiency could
be improved by using a gas with a high molecular
weight. The results of the measurements were later
fully confirmed by experiments by Fonda 6) (see
fig. 2).
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Fig. 2. Rate of evaporation v as a function of the pressure p
(cm mercury), expressed in % of the rate of evaporation in a
vacuum.
x nitrogen, according to Oosterhuis 5).
0 argon with 10% nitrogen, according to Oosterhuis 5).
 argon with 14% nitrogen, according to Fonda 5).

In addition Fonda 7) fixed the relation between
the rate of diffusion and molecular weight in a for-
mula, 'and pointed out that the calculation of the
diffusion can be connected with Langmuir's
theory of heat losses.

In this theory it is assumed that the cylindrical
filament of thickness d is surrounded by a cylindri-
cal film (Langmuir layer) of diameter b in which
the gas does not move. According to Langmuir
the following expression then holds:

b = k r
, (9)

where k represents a constant, while r is the viscos-
ity and s the density of the gas. If, further, p is the
pressure and m the molecular weight of the gas, then
according to Fonda the following formula is found
for the diffiision constant:

Cte

mdpin-b'
(10)

which we shall make use of in the following.

Comparison of the rates of evaporation in argon and
krypton

According to (10) for two kinds of gas at the same

6) G. R. Fonda, Phys. Rev., 31, 260, 1928.
5) E. Oosterhuis, loc. cit. 7) G. R. Fonda, Phys. Rev., 21, 343,-1923.,
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pressure the ratio of the diffusion constants y'
and y" is the following:

/ In (b' Id) rill

ln (b" Id) m"
(11)

From this the ratio of the diffusion constants
y.of two rare gases, argon and krypton for instance,
can he calculated.

The comparison between these two rare gases has
 become of real importance since the liquid gas indus-
try has succeeded in obtaining krypton on a fairly
large scale by a new process 8) which we shall not
go into here. Krypton occurs in only extremely small
quantities in the air, namely only one millionth
by volume.

The molecular weights of argon and krypton
are

mAr = 40 and mK, == 83.

The viscosities at 20° C are

rAr = 2.21  10-6 and rKr = 2.48  10-6.

The densities of the gases are

sAr = 1.78 and SKr = 3.71.

As diameter d of the filament let us choose that
of the ordinary 40 Dlm lamp, while it may be
remarked that the result of the calculation scarcely
changes if one takes for d the diameter of the fila-
ment of a 150 Dlm lamp. Calculating b/d of equation
(9) and filling this in (11) one obtains

YKr = 0,59 YAr (12)

The. diffusion constant y for pure krypton thus
amounts to about 60 per cent of that for pure argon.
This figure has only a theoretical significance, how-
ever, since experience has shown that a filling of
pure rare gas cannot be used in lamps for general
service. The arcing voltage of rare gases is relatively
low, so that in a lamp 'filled with a pure rare.
gas an arc may occur between the electrodes which
renders the lamp useless. The chance of arcing'in the
rare gas is considerably diminished when nitrogen '
is added.

The choice of the proportion of nitrogen will in
general be based upon a compromise. Much nitrogen
means a decrease in efficiency, little nitrogen in-
creases the chance of arcing.

° The most satisfactory nitrogen content cannot
therefore be determined on the basis of a limited
number of laboratory tests. It is much better to rely
upon the experience of many years and the extensive

8) Ph. Si edler, Angew. Chem., 51, 799, 1938.

statistical data furnished by the regular lamp testing
on the, basis of life tests.

In this way in the Philips concern experience
has shown th'at with krypton a content of nitrogen
at least 5 per cent higher than with argon must be
added, if the same security against arcing of the
gas is to be obtained. The arcing voltage of krypton
is lower than that of argon.

In order not to make the discussion unnecessarily
complicated we shall in the future, when argon and
krypton are compared, calculate with the same per-
centage of nitrogen, namely a content of about 13
per cent which is customary for argon.

By the addition of nitrogen to rare gases the dif-
fusion constant is affected. Fifteen years ago we
investigated the rate of evaporation of tungsten
wires in different mixtures of argon and nitrogen.
It was then found that the rate of evaporation
varies proportionally with the nitrogen content (see
fig. 3, in which the rate of evaporation determined
for krypton and pure xenon are also indicated).
From this it follows that it is possible in general to
calculate the diffusion constant y of a gas mixture
in a simple way from the ratio of the gases of which
the' mixture is composed.
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Fig. 3. Velocity of evaporation v in mixtures of argon and
nitrogen as a function of the nitrogen content, expressed in
% of the velocity of evaporation in pure argon. For the
sake of comparison the velocities of evaporation in pure kryp-
ton x and xenon El are also indicated.

On this basis we have calculated the diffusion
constants y according to forniula (10) for the ordi-
nary lamps of 25, 40, 65, 100 and 150 Dlm with'
coiled -coil filament, not only' of the series for
130 volts but also of that for 220-230 volts, and
we haves used the values found in equation (8).
We then obtained the ratio of the values of E with
a krypton or an argon filling. The E -values here
considered are the ratios of the luminous flux in
lumens to the energy r a di at e d in watts. In order
to be able to compare the results of our calculation
with the results of practical measurements, where
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the ratio of the luminous flux to the power con-
s ume d, the so-called efficiency, is always deter-
mined, it is important to recalculate all results on
this basis. We began at first with the assumption
that the heat losses of the filament to the gas filling
are the same for the krypton mixture as for the
argon mixture. In fig. 4 the results of the measure-

inyw
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is assumed that the heat losses to the gas are the
same for krypton as for argon.

The values obtained experiMentally by both
these methods are also included in fig. 4. The points
indicated by small circles are obtained on the basis
of light flux measurements, those indicated by
crosses on the basis of determinations of the resist -
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Fig. 4. The efficiency in lumens per watt is plotted as a function of the number of lumens
per volt for a) lamps of 130 V and b) lamps of 220-230 V. The curves Ar are for argon
filling and Kr for krypton filling, and the values calculated with formulae (10) and (8)
are indicated by , while 0 and x follow from measurements of the luminous flux and
the resistance, respectively.

ments are shown, a) for lamps of low voltage and
b) for lamp's of high voltage. It may be concluded
that for fillings of krypton and argon with the same
percentage of nitrogen, ;the krypton will give an
efficiency 4 per cent higher than that of argon,
merely as a result of the difference in rate of
evaporation for the same filament.

Investigation of coiled -coil lamps with, different gas
fillings

In order to test the theoretical results of the
foregoing section about 50 of each of the 10 types
of lamps mentioned were specially made with great
care, one half filled with a krypton -nitrogen mixture
and the other half with an argon -nitrogen mixture.
After having been measured these lamps were
subjected to a life test.

From the difference in luminous flux upon trans-
ition from argon to krypton the difference in temper-
ature can immediately be calculated, and from that
the change in efficiency. These latter figures can
also be calculated from the difference in the
resistance of the coil. All results are recalculated on
the basis of the same life of 1000 hours, while it

107m/V
40524

ante of the incandescent filament. The two series
of points show good agreement, not only with each
other, but also with the points calculated according
to formula (10). The theoretically found improve-
ment of the efficiency upon transition from argon
to krypton is about '4 per cent, while the ex-
periments gave the result 3.2 per cent. The dif-
ference between these two results, while small, may
perhaps be explained by the fact that the kryp-
ton -nitrogen mixture used already showed some
tendency towards arcing and the formation of an
arc, 'which makes the average life of the lamps
shorter.

The value of about 4 per cent 'according to the
calculation may therefore be considered as the
maximum improvement, upon which one might
count only if there Were no danger of breakdown
of -the gas and if the heat losses to the gas
were the same for krypton and argon. The some-
what lower value of 3 per cent found practically
indicates that there is actually a danger of arcing.
In order to eliminate this danger the nitrogen
percentage of the krypton mixture should be chosen
slightly higher, which would result in a decrease s .
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in the improvement to be expected to about
3 per cent.

Thermodiffusion

Until now in our discussion we have taken into
account only the ordinary diffusion of the evapo-
rated tungsten through the gas. In addition to this
there is the so-called "thermodiffusion" 9) which
consists in the, fact that in the presence of a temper-
ature gradient in a gas mixture the heavier gas
diffuses toward the colder zone. This diffusion is
more rapid the steeper the temperature ,gradient
and the greater the difference between the densities
of the gases.

Since there is a very steep temperature gradient
in the L a ngmuir film a considerable thermodif-
fusion of the heavy atoms of the vapourized tung-
sten may be expected; this diffusion will be more
rapid in the lighter argon than in the heavier
krypton. The rate of diffusion of tungsteil in kryp-
ton should therefore be less than the 59 per cent
of that in argon indicated by formula (13).

Since the rare gases used are not pure, but are
mixed with nitrogen, the influence of the nitrogen
on the thermodiffusion must still be ascertained.
The latter gas in the mixture is also subject to
thermodiffusion. As the lighter component it will
diffuse toward the filament, so that there the gas
mixture will be richer in nitrogen. Around the
filament, therefore, the average density of the gas
atmosphere is less than that of the' gas mixture
used for filling. The addition of nitrogen to the
rare gas increases the diffusion and thus has an
effect opposite to that which results from the tran-
sition from argon to krypton.

From the experiments it may be concluded that it
is unnecessary to introduce a correction for the
thermodiffusion into formula (10) since the experi-
mental results do not lie above, but always below
the results of the calculation.

Colour difference between argon and krypton lamps

From equation (5), since the ratio of the diffu-
sion constants and the exponent g are known, the
increase in temperature can be calculated upon the
transition from the argon to the krypton mixture.
For the ten types of lamps specially made for this
investigation it amounts on an average to

T = 0.0125 T = 34 °K (calculated).

9) C. Ludwig, Wien. Ber., 20, 539, 1856; Ch. Soret, Arch.
Geneve, 2, 48, 1879; Ann. Chim. et Phys., 22, 293, 1881;
Chapman, Phil. Mag., 7, 1, 1929; Ibbs, Proc. Roy.
Soc.,' A 99, 385, 1921.

From the optical and electrical data we found for
these types of lamps the increase in temperature
given in table I.

Table I

LIT, calculated from the
increase in the light flux

AT, calculated from the
increase of the resistance

38 °K
14

32

28

31

29

29\
28

19

15

45 °K
24
28
32

31.

24
- 21

20

19
21

average 26.3 °K 26.5 °K

From this table it is evident that no systematic
variation of AT with the luminous flux of the lamps
investigated could be derived. The mean error is
about 7°. The increase in the true temperature of a
tungsten filament upon the transition from an argon
to a krypton mixture ag filling for the bulb, there-
fore, is an average of

T = 0.0098 T = 26° ± 7°.

An investigation of kiypton and argon lamps,
as put on the market, with the help of the pyrom-
eter gave a slightly lower average value for the
difference, namely 20°, which -may be explained by
the somewhat ,higher nitrogen content in krypton
lamps.

It need hardly be stated that it is impossible to
perceive a temperature difference of 1% in electric
lamps without optical instruments. This can easily
be verified by a simple and yet technically convin-
cing test. A krypton and an argon lamp are screened
from each other and each used to illuminate part
of a white surface. It is impossible to determine
a colour difference with any degree of confidence.

Efficiency and heat losses

Since a considerable part of the energy which
is taken by an electric lamp with gas filling is lost
by direct heat conduction to the gas, we shall exam-
ine the influence of this on the efficiency somewhat
more carefully. In the case of the 40 Dlm lamp for
220-230 volts, which i,s the most commonly used
gas -filled lamp with single coil, almost 33 per cent
of the energy was lost in this way, since it did not
contribute to the light radiation. One of the means
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The constants a and /3 then take on the values
in table III.

of decreasing this loss and thus increasing the effi-
ciency consists in using gases for filling, which have
a poor heat conductivity.

According to Langmuir 1) the heat W which a
cylindrical filament gives off at the temperature T
per cm length to the surrounding gaseous atmos-
phere with a temperature of 300 °K, is determined
by the equation

where

W = a (49T-P300),

2n
a hith

k di

. (13)

(14)

and = 4.19 f AdT, (15)
o

while b = the diameter of the Langmuir film,
d = the diameter of the filament,
2 = the heat conductivity of the gas.

The heat conductivity A could be calculated with
the help of Sutherland's formula for the viscos-
ity and from the specific heat at constant volume.
The constants ,occurring were taken from the
Landolt-Bornstein tables.

The calculation of (TT-cono) for different tem-
peratures T of the filament gave the values shown
in table II for nitrogen, argon and krypton.

Table 11

T
TT -90300

N2 Ar Kr

1000 °K 0.293 0.216 0.124
1500 0.623 0.453 0.264

2000 1.030 0.743 0.438

2500 1.506 1.083 0.642

3000 2.047 1.451 0.868

When these values are represented in a graph
with a double logarithmic scale (see fig. 5) they
lie on a straight line for each gas, at least the values
for 2000°, 2500° _and  3000° K in which we are
interested, so that we may represent (TTTaoo)
in this temperature region which is important for
electric lamps by the formula:

or also
Pr -9)300

PT-T300 =

al  TP (16)

T
a

700/
(17)

where we assume that 2700 °K is approximately the,
average temperature of the tungsten filament.

Table HI

a /3

Nitrogen 1.70 1.65

Argon 1.22 1.65

Krypton 0.73 1.65

In order to calculate the losses by heat con-
duction by the gas, in addition to (997,--99300) the

W/cfn
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Fig. 5. The quantity T. r-§9300 in watts per cm as a function of
the absolute temperature T for nitrogen, argon and krypton.

"shape factor" a, which occurs in (13) must also
be known. Langmuir gives the following formula
for this:

a . e-27c/cr, (18)
B it

where d again represents the diameter of the fila-
ment and B is the thickness of the Langmuir
film for a plane surface. This formula corresponds
to (9) with

k= .! 2 B ' (19) .

For air with a pressure of 76 cm of mercury, accord-
ing to Langmuir's measurements,

B= 0.43 cm.
Langmuir has further assumed that B is propor-
tional to the ratio of the viscosity and the density,
so that from the known data B can be calculated
for the different gases.

For a pressure of 57 cm one then finds that:

for nitrogen BN = 0.57 cm,
for argon BAT = 0.51 cm and
for krypton BKr = 0.27 cm.

From equation (18) it is now possible to calculate
a and thus also W = a (99T-T3oo)
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For T = 2700 °K one then obtains the heat losses
given in table IV in W/cm for different diameters
of the filament with rare gas mixtures containing
13 per cent of nitrogen.

Table IV

Diameter of
the filament in

W/cm (2700 °K, 57 cm
of mercury) '

N
(pure)

ArnNia Kr87N"

100 3.08 2.37 1.78
200 3.62 2.80 2.12
300 4.01 2.11 2.38
400 4.35 3.38 2.61
500 4.66 3.62 2.82
700 5.18 4.03 3.20

1000, 5.85 4.58 3.69

If the dimensions of the filament are known the
energy lost by heat conduction can be calculated
for the different gas mixtures, and on the basis of
that, the way in which the efficiency is changed
can be determined. This calculation was carried
out for the ten specially made types of lamps;
the results, for an argon mixture as well as for a
krypton mixture are given in fig. 6.

It. may be seen that when the argon mixture is
replaced by a krypton mixture the efficiency in
Dlm/W increases on an average of 3.6 per cent due
to the smaller heat losses, when we assume that
the rate of evaporation of tungsten is the same in
argon as in krypton. This value will, however, fall
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to 2-3' per cent, when, taking into account the
greater chance of arcing in krypton, more nitrogen
is added than is customary in the case of"argon.

Final considerations

In this article we have studied successively the
influence of the form of the' filament and of the
composition of the gas filling on the efficiency of
lamps, the average life remaining the same. By
passing over from single coil to coiled -coil filaments
of the same luminous flux and life, an improvement
of an average of 15 per cent in the efficiency was
obtained. With this, however, the possibilities of
development of the gas -filled lamp are by no means
exhausted. Since the introduction of lamps with
coiled -coil filaments a further improvement of the
efficiency of this type has been obtained on the
basis of earlier ' fundamental research 10), which,
however, we shall not go into here.

According to the discussion given in this article
it might be expected that by making use of krypton
instead of argon for filling coiled -coil lamps a
further improvement could be obtained as a result
of the differences in rate of evaporation and in heat
conduction. It must, hovie'ver, be kdpt in mind that
the improvement relates to the initial value of the
efficiency. Since, however, during use this last
quantity decreases more rapidly with krypton
laMps than with argon lamps, in practice only a
slight improvement will be obtained. Especially in
large types of lamps this phenomenon occurs, be -

10) E. Oosterhuis, loc. cit.

5
b)

Fig. 6. The efficiency in lumens per watt which is obtained taking into account the
different energy losses by heat conduction from the filament is plotted as a function
of the number of lumens per volt. The curves are for argon (Ar) and krypton (Kr)
mixed with 13% of nitrogen to prevent breakdown. a) is for lamps of 130 V and b) for
lamps of 220-230 V.
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cause due to the high cost of krypton relatively
small bulbs must be used for krypton lamps, so
that they become blacker than is the case with
the corresponding argon lamps. In agreement with
this we found that the lamps on the market with
krypton filling and coiled coil, compared with our
corresponding coiled -coil argon lamps of the same
luminous flux, exhibited an improvement of 3 per
cent in the efficiency throughout life. To what
degree it is in general justifiable to. realize this
improvement, considering the cost of the krypton
filling, is an economic problem which we shall not
discuss here.

In general that development will be preferable

by which a technical advance can be attained
without an intolerable increase in production costs,
and with which, moreover, the new lamp can replace

' the existing type almost completely. A further
requirement of the general utility of a new technical
improvement is that it shall not have a retarding
action on later possibilities of development. The
coiled -coil lamp filled with argon and in normal
dimensions satisfies these conditions. In recent
years it has gained an absolutely dominating po-
sition with the result that the former lamp with
single coil has practically become obsolete while it
leaves the path open for further imprOvements in
the future.

ON THE CONSTRUCTION OF VIBRATORS . FOR RADIO SETS

by J. KUPERUS. 621.314.5 : 621.396.02

Several problems are discussed, which are connected with the construction of vibrators
for the connection of an A.C. receiving set to the D.C. mains. The study of these problems
has led to the development of a new type of vibrator which is described.

A description has already been given in this
periodical of a vibrator which 'serves for the con-
nection of A.C. receiving sets to a D.C. main 1). In
this  article we shall discuss a number of problems
connected with the construction of such vibrators
and describe a new type of vibrator in which various
improvements are incorporated.

Fig. 1. Diagram of the connections of a vibrator.

The connections of a vibrator are represented
diagrammatically in fig. 1. The springs Al and A2,
which are insulated from each other electrically Irk
joined mechanically, can alternately make contact
against K11 and K12, and K22 and K21, respectively.
The springs are moved by the electromagnet M
acting on an armature which is 'mechanically con -

Philips techn. Rev., 2, 346, 1937.

netted with the springs Al and A2. When these
springs  are in the stationary state the spring Al
is connected with the coil of the magnet by means
of the contact K. When the vibrator is connected
to the D.C. mains the electromagnet will attract
the armature and contact will be made between
Al and B1 and between A2 and B2. At the same time
the contact' K is broken so that the armature is no
longer attracted. Due to the effect of inertia the
springs continue to move still farther and then
swing back through the stationary state, making
contact between Al and B2, and A2 and B1; re-
spectively. Due to the fact that the magnet.is again
excited each time in a suitable phase of the vibra-
tion of the springs, the mechanism keeps itself
going. A current thus flows through the primary
winding of the transformer which continually
changes its, direction, so that in the secondary
winding an A.C. voltage is induced whose magnitude
depends upon the voltage of the D.C. mains, among
other factors, and on the ratio of the number of
windings of primary and secondary coils of the
transformer.

Due 'to the self-induction of the transformer and
the magnet coil, with connections like those of fig. 1,
a high voltage would occur between the points of
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cause due to the high cost of krypton relatively
small bulbs must be used for krypton lamps, so
that they become blacker than is the case with
the corresponding argon lamps. In agreement with
this we found that the lamps on the market with
krypton filling and coiled coil, compared with our
corresponding coiled -coil argon lamps of the same
luminous flux, exhibited an improvement of 3 per
cent in the efficiency throughout life. To what
degree it is in general justifiable to. realize this
improvement, considering the cost of the krypton
filling, is an economic problem which we shall not
discuss here.

In general that development will be preferable

by which a technical advance can be attained
without an intolerable increase in production costs,
and with which, moreover, the new lamp can replace

' the existing type almost completely. A further
requirement of the general utility of a new technical
improvement is that it shall not have a retarding
action on later possibilities of development. The
coiled -coil lamp filled with argon and in normal
dimensions satisfies these conditions. In recent
years it has gained an absolutely dominating po-
sition with the result that the former lamp with
single coil has practically become obsolete while it
leaves the path open for further imprOvements in
the future.

ON THE CONSTRUCTION OF VIBRATORS . FOR RADIO SETS

by J. KUPERUS. 621.314.5 : 621.396.02

Several problems are discussed, which are connected with the construction of vibrators
for the connection of an A.C. receiving set to the D.C. mains. The study of these problems
has led to the development of a new type of vibrator which is described.

A description has already been given in this
periodical of a vibrator which 'serves for the con-
nection of A.C. receiving sets to a D.C. main 1). In
this  article we shall discuss a number of problems
connected with the construction of such vibrators
and describe a new type of vibrator in which various
improvements are incorporated.

Fig. 1. Diagram of the connections of a vibrator.

The connections of a vibrator are represented
diagrammatically in fig. 1. The springs Al and A2,
which are insulated from each other electrically Irk
joined mechanically, can alternately make contact
against K11 and K12, and K22 and K21, respectively.
The springs are moved by the electromagnet M
acting on an armature which is 'mechanically con -
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netted with the springs Al and A2. When these
springs  are in the stationary state the spring Al
is connected with the coil of the magnet by means
of the contact K. When the vibrator is connected
to the D.C. mains the electromagnet will attract
the armature and contact will be made between
Al and B1 and between A2 and B2. At the same time
the contact' K is broken so that the armature is no
longer attracted. Due to the effect of inertia the
springs continue to move still farther and then
swing back through the stationary state, making
contact between Al and B2, and A2 and B1; re-
spectively. Due to the fact that the magnet.is again
excited each time in a suitable phase of the vibra-
tion of the springs, the mechanism keeps itself
going. A current thus flows through the primary
winding of the transformer which continually
changes its, direction, so that in the secondary
winding an A.C. voltage is induced whose magnitude
depends upon the voltage of the D.C. mains, among
other factors, and on the ratio of the number of
windings of primary and secondary coils of the
transformer.

Due 'to the self-induction of the transformer and
the magnet coil, with connections like those of fig. 1,
a high voltage would occur between the points of
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contact each time a contact was broken. The sparks
thus caused would considerably diminish the life
of the contacts. Because of this the contacts are
shunted with condensers.

Fig. 2. New construction
a = magnet coil,
b = armature,
c = stop for the spring D (see fig. 5),
d = contact for switching the current into the magnet coil,
e = contact for changing the direction of the current in

the external circuit,
f, g and h may be compared with 1, 2 and 3 in fig. 7.

of the vibrator.

In order to prevent the penetration into the
mains or into the receiving set of the high -frequency
oscillations which occur due to the sudden current
variations in the vibrator, the connection to the
mains as well as to the receiving set is via filters.
The complete vibrator thus consists of two parts,
namely:
1. the vibrator proper
2. the coil and condensers for the filters and shunts

across the contacts, built together as a compact
unit. This part will be called the anti -interfer-
ence part.

Both parts are housed together in an acousti-
cally and electrically shielding container.

Fig. 2 shows a new construction of the vibrator.
We shall now discuss several problems whose solu-
tion led to the construction illustrated in this
figure.

The attachment of the vibrator to the anti -interference
part

Since the vibrator contains moving parts, if it
were rigidly fastened to the other parts the latter,
including the container, would also be set vibrating.
The result would be that sound vibrations would be
transmitted to the surrounding air. In order to
prevent this, the attachment of the vibrator to the
anti -interference part is made in such a way that no
vibration is transmitted to the anti -interference
part upon vibration of the springs. In order to illu-
strate this method of fastening, the centres of grav-
ity of certain parts of the vibrator are indicated
in fig. 3a. A is the centre of gravity of the whole
vibrator. Since with the method of fastening to
be described no external forces act upon the vi-
brator due to the motion executed by the latter,
the centre of gravity A will not change its position
during this motion. B indicates the centre of gravity
of the moving parts (armature and springs) while C
represents the centre of gravity of the remainder
of the vibrator. This remainder consists of the
electromagnet with coil (centre of gravity D), the
frame and the attachment of the springs (centre
of gravity E). If B moves in a certain direction
as a result of a deviation of the armature and the
springs, then, since A remains stationary, C will
move in the opposite direction. In fig. 3b this motion
of the centres of gravity is represented. Since the
part whose centre of gravity is formed by B does
not execute a pure translation, but a movement
which may in general be described as a translation

Fig.

B C

D E

3. a)

b)
A
B
C
D
E

F

B

F'
JIM"

Position of the centres of gravity of different parts
of the vibrator.
Relative displacement of these centres of gravity.
= centre of gravity of the whole,
= centre of gravity of armature + springs;
= centre of gravity of D E; where
= centre of gravity of electromagnet with coil,
= centre of gravity of frame + attachment of

springs,
point of attachment of the vibrator to the
anti -interference part.
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of the centre of gravity B and a rotation around the
centre of gravity, the motion of the rest will also
possess this general character, in which the rotation
as well as the translation is in the opposite direction.
This combined movement of the rest can be de-
scribed as pure rotation_ around the point F in
fig. s3b. This point therefore does not change its
position in the movement executed by the vibrator.
In the new construction of the vibrator the attach-
ment of the "vibrator to the anti -interference part
takes place exclusively in the neighbourhood of
point F, so that the motion of the vibrator can no
longer be transmitted to the rest of the apparatus.

Since this fastening is flexible, upon fairly rough
treatment in the transport of the vibrator it may
easily be damaged. To prevent this the vibrator
proper is so constructed that it can be fastened to
the anti -interference part by means of a base which
shows some similarity with a valve holder. The
vibrator can therefore be taken out of the apparatus
for transport and, packed separately.

Improved construction of the contact for sending the
current through the magnet coil

In older types of vibrators the contact K is al-
ways so constructed that the stop for the spring Al
(see fig. 1) also serves as contact point. While this
gives simplicity of construction, the objections
involved in this system have, nevertheless, led to an
alteration.

T
J9919

Fig. 4. Construction of the contact for sending the current
through the magnet coil. The stop C of the spring D forms at
the same time the contact.

In fig. 4 the older construction here referred to is
shown diagrammatically. The fixed stop C thus
serves at the same time as contact point, and to-
gether with D forms the contact K of fig. 1. A
clear insight into the objection to this construction
is obtained by a comparison with a hammer which
strikes a heavy anvil. After the first contact with
the anvil the hammer will rebound and again fall
on the anvil, and the process will be repeated several
times until the hammer comes to rest. The same
thing occurs in a construction like that of fig. 4;
before the contact between' C and D is "definitely"
made it is broken several times by the rebound of
D. The result is that the current through the magnet

coil is interrupted a great many times more than is
necessary, which has an unfavnurable effect on the
life of the contact.

rlfinfIMU1

E

39820

Fig. 5. The contact is made between D and F. This contact is
closed at a moment when D does not rest upon C.

The principle of the improved construction is
sketched in fig. 5. C is here again the stop for the
spring D. Now, however, the spring D is not driven
by the electromagnet but by the spring E to which
the fork -shaped part F is fastened. The contact K
is formed between this fork -shaped part and the
spring D. The contact is closed when the spring E
and thus also IF moves upward, i.e. when D does
not touch C. This construction may be compared
with a hammer which strikes against an easily
movable object; no rebound of the hammer takes
place. The dying out of the vibration of the contact
is thus prevented by this construction and a much
longer life of the contact is obtained.

Improved construction of the contacts K11 K22

In the case of .the contacts which serve for the
continual alternation of the direction of the current
also .(fig. 1: K11, K12, K21, K22) the above -mentioned
undesired damped vibration often occurs. The prin-
ciple of the method by which this phenomenon
has been combatted in these contacts is most
clearly demonstrated by a comparison with billiard
balls. If the ball 1 in fig. 6, moving in the direction
of the arrow, strikes the stationary balls 2 and 3,
1 and 2 remain motionless or move only very slowly
further, while 3 rolls on alone. The same thing
happens with the springs of the vibrtor. As indi-
cated in fig. 7 behind the so-called side springs 2 are
the extra springs 3. When 2 is struck by 1, 1 and 2
remain motionless, or move together over a short
distance, and the contact between 1 and 2 is not
broken. The spring 3 moves away from 2 but this
causes no breaking of the contact.

1

a
2 3

3
39682

Fig. 6. When ball 2 is truck by ba'lk1,1 and 2 remain stationary,
while 3 rolls away alone.
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3

2

J9663

Fig. 7. By the action of the spring 3 the contact between
1 and 2, when once made, is prevented from being broken
several times by the damped vibration. The distance between
the contacts is exaggerated in this figure.

Limitation of the current

During ordinary' use the. vibrator takes up a
current from the D.C. mains Which is given by the
load, on the A.C. end. Under certain circumstances,
however, this current may temporarily assume a
much too high value. This may take place for
example when a small particle of metal has fallen

R4

r

between one of the contacts Ku -K22. Since the
distance between the contact surfaces in the open
state is only 0.2 mm, a very small conducting
particle is enough to cause one of the contacts to
remain closed. The primary winding of the mains
transformer of the radio set is then connected to
the D.C. mains for too long a time and the current
takes on too high a value. In order to prevent
injury to the vibrator or the mains transformer,
a fuse is included in the connection between the
two. Since a defect of the nature described is
generally of a temporary nature, the melting of
this fuse is often not desired: For this reason a
maximum relay is included in the vibrator which
interrupts the connection with the contacts KII-K22
upon the occurrence of too large a current impulse.
The vibrator continues to function, but an un-
necessary melting of the fuse has been prevented.
Upon switching on the apparatus also a large cur-
rent surge may occur, whereupon the maximum
relay also goes into action.

Three coils are connected to .the maximum
relay, indicated by S1, S2 and S3 in fig. 8 in which
the diagram of the complete vibrator is drawn (for

1--/

())30
T. T

L

-1

_J

39684

Fig. 8. Complete diagram of the connections of the vibrator. The vibrator proper and the
anti -interference part are each placed in a separate shielded compartment, indicated by I
and II, respectively. Outside of these are the maximum relay and an arrangement for
switching over the vibrator for D.C. mains with different voltages. Around this whole
the second shielding, already referred to, is placed. The vibrator can be connected to D.C.
mains"with a voltage of 220 volts as well as to those of 110 volts. For switching from 220 V
to 110 V, three components must be changed:
1) A resistance in' series with the magnet coil (R2, R3). At the low mains voltage the

resistance R3 is short-circuited.
2) The maximum relay. Since the vibrator takes up' a larger current at a kiwer mains

voltage, the maximum relay must come into action at a higher current value. This
is achieved by connecting the coil S2 at the low mains voltage, which coil is wound in an
opposite direction' to S1. '

3) The resistance which is connected in series with the vibrator. Upon .use of a low mains
voltage the resistance R1 is connected in parallel with R5.

The commutation arrangement is indicated by the -double switch S, Actually this is a
contact block on the outside of the vibrator, which only needs to be reversed for switching
over to the other mains voltage.
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the significance of S1 and S2 see the text under the
figure). When the current exceeds a certain maxi-
mum the contact K1 is broken. This contact is also
shunted by a condenser as may be seen in the dia-
gram. In order to limit possible current surges a
small resistance R4 is connected in series with the
whole. This resistance is situated in the connection
of the vibrator leading to the radio set.

Complete shielding

It is always very dificult to house an apparatus
in which the heat development is fairly high in an
entirely closed shielding container. This is, however,
very desirable for the vibrator, in connection with
the great interference which it may otherwise cause
in the radio reception. We have succeeded in
keeping the energy loss which occurs in the vibrator

so low that the apparatus could be placed in a com-
pletely closed container, thus even without venti-
lation holes. In order to obtain the greatest possible
security from interference the shielding is double.
The energy loss was kept small, and thus the heat
development also, by making the moving parts
(springs and armature) as small as possible. By this
means a small current, namely only 20 mA, in the
coil of the electromagnet M is sufficient to keep the
vibrator in motion.

Keeping the energy loss small is of course also
an advantage from the point of view of efficiency.
In the case of this vibrator the efficiency amounts
to about 90 per cent.

Finally in fig. 9 the complete vibrator is shown,
The double shielding of the vibrator proper has here
been removed in order to show the main parts
more clearly.

Fig. 9. The complete vibrator. Left, anti -interference part, right vibrator. Behind, slid
partially into one another, are two cans with which the vibrator is doubly shielded.
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1545: J. L. S n o ek: The influence of eddy currents
on the apparent hysteresis loop of ferromag-
netic bars (Physica 8, 426-438, Apr. 1941).

In this article a commonly neglected error in
Measurement is discussed which occurs in ferro-
magnetic measurements on bars or wires of mag-
netically soft material. In this case the external
magnetic field is practically completely compen-
sated by the demagnetizing field. If the external
field is now changed so rapidly that the field,in the
interior of the bar can only follow with a large time
time lag due ,to eddy currents, the demagnetizing
factor-. temporarily very much reduced. This
results' in the fact that the interior of the .rod is
much too strongly magnetized for a short time.
When the final .state,is once reached the inner, part
of the bar is, thus op the,,descending branch pf the
magnetization curve instead of on the mounting.
branch. The area of :the ,hysteresis curve thus ap-
pears smaller than it actually'is. The coercive force
measured is also too small. These errors in measure-
ment occur when the time constant of the external
field is small compared with the time constant of
the material. The magnitude of the error in the
change 'in induction observed. also depends upon
the ratio of the field ,change to the accompanying

 change in the demagnetization field. The error
therefore does not occur in ring -shaped test pieces
which have no poles. The shape and the magnetic
properties of the material further determine the
maximum error which can occur. With materials
with not too small a coercive force the occurrence
of this error need not he feared very, much, since in
this case the time constant of the external field
will usually be much larger than that of the ma-
terial.

1546: M. J. Druyvesteyn: The elastic anisotropy
of molybdenum (Physica 8, 439-448, Apr.
1941). (Original in German). 

The modulus of elasticity and the modulus of
torsion are .determined for polycrystalline molyb-
denum and for strips which have been cut with a
chisel in different dhlections out of rolled plates of
molybdenum, which clearly show a texture. The
different elastic ,constants of molybdenum can now

be calculated from these measurements and the
compressibility determined by Bridgman.. Molyb-
denum is the first metal for which it has been deter-
mined that the modulus of elasticity in the direction
of the main diagonal is smaller than that along
the edges of the elementary cube of the crystal.

1547*: W. G. Burgers: Recrystallization, de-
formed state and recovery (553 pp; Akad.
Verlagsgesellschaft, Becker and Erler Kom.
Ges., Leipzig 1941) (In German).

This book is published as _volume III, part II
of the Handbuch der" Metallphysii and offered the
writer the opportunity. of presenting his extensive
knowledge of, the sul-iject of, recrystallization'in a
comprehensive way..-fter an introduction in which,
among other -features;: a nomenclature -for- the dif-
ferent phenomena of .recrystallization is giyen and
the methods of inyesligatin.g :them 'aTre' dealt with,
follow ,chapters on ,recrystallization in unworked
substances, on the co a. "state and its recrys-
tallization.. Furtnerme tne"reeiyStallization tem-
perature and the duration of recrystallization are
discussed, as well as the influence` f impurities and
alloy components on the' recrystallization"pf purer

; metals. In conclusion the significance is. discussed
- of recrystallization on stiffening' and plaSticity.

1548: M. J. 0. Strutt :Spontane spannings- en
stroomfluctuaties (ruischen) in electronen-
buizen en aangeloten ketens (Spontaneous
voltage and current fluctuations (noise) in
electronic values and circuits connected
with them) (T. Ned. Rad. Genoot. 9, 1-36,
June 1941).

In this lecture given before the Netherlands Radio
Society (Nov. 1940) a survey was given of the noise
phenomena which have in general already been
dealt with in detail in the different articles devoted
to "noise" in Philips techn. Rev. Equivalent circuit
diagrams and a short derivation are given which
constitute a considerable simplification in the treat-
ment of noise phenomena.

1549: B. D. H. Telle gen: Meetkundige confi-
guraties en dualiteit van electrische netwer-
ken (Geometrical configtirations and duality
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of electrical networks) (T. Ned. Rad. Ge- ; nootschap 8, 37-60, June 1941).

This lecture given before the Netherlands Radio
Society (Nov. 1940) is an elabdration of the article
contributed by the author to Philipstechn. Rev.,
5, 324, 1940. He took the opportunity of going some-
what more deeply into the pr9ofs, of the theorems
dealt with and of illustrating them by means of a
few examples.

1550: F. A. Heyn: Het opwekken van mutaties
door straling (The excitation of mutations
by radiation). (Vakbl. Biol. 22, 81-88 and
101-105, May and June .1941).

The mutation -causing effect of different kinds
of radiation is investigated as a function of the
dosage and other external conditions. It is found
that there is no question of a specific action of cer-
tain kinds of radiation, but that Mutations occur
when ,sufficient energy is transferred to a certain
sensitive part of a gene. It is, not possible to excite
definite desired mutations in this way, but there is.
a good chance of encountering 'useful mutations
among the many less vigorous ones which are ob-
tained with a. sufficiently intense radiation, so that
in,addition to theoretical significance for the general
study of heredity, this method also certainly
have practical significance for the improvement of
plants and animals.

1551: J. van Niekerk: On the influence' of
emanation on the development of experi-
mental rickets in young rats (Act. brevia
Need. 11," 142-147, 1941).

The large fluctuations which occur in the develop-
ment of artifically produced rickets in large numbers
of . rats, which are needed for instance for the
standardization of vitamin ..D preparations, are
ascribed by various:investigators to, the variability
of different external factors. Even though great
care is taken to secure constancy of the rachitogenic,
diet fed to the rats, the large' fluctuations in the
development of the rickets continue to occur.
Dols and Jansen ascribed this to variations in the
content of radiuin emanation in the air, with the
.season of the year. By keeping different rats under
otherwise similar conditions in cages with different
contents of radium emanation the author has
shown that this content has no effect on the develop-
ment of experimental rickets in rats.

r.

1552: G. W. Rathenau and J. L. Snoek: Mag-
netic anisotropy phenomena in "cold -rolled
nickel -iron (Physica 8, 555-575, June 1941).

The strong magnetic anisotropy observed in
cold -rolled nickel -iron alloys can neither be ex-
plained as due to internal stresses nor as due to the
natural anisotropy of the crystals. A geometric
tetragonality of these alloys which was indicated
by G. Wassermann as the, cause,. cannot fully
explain the phenomenon. The influence, of the com-
position of the alloy and of the treatment which it
has undergone on the anisotropy of its mechanical
properties was further investigated. In this inves-
tigation it is particularly remarkable that the nat-
ural crystal anisotropy and the magnetostriction
are not, appreciably affected by. the rolling. The
investigations suggest a relation between the
anisotropy phenomena and the familiar phenomenon
of order in the nickel -iron system. The authors,
however, do not consider it very probable that the
anisotropy phenomena are a direct result of the
tendency toward order.

1553: M. J. 0. Strutt and A. van der Ziel: De-
crease and .elimination of the spontaneous
fluctuations in the ainplification of ex-
tremely small ,photocurrents (Physica 8,
576-590, June 1941) (Original in German).

In continuation of 1529 the authors discuss the
amplification of extremely small photocurrents in
connection with the fluctuations occurring in the
amplifier. These fluctuations can be limited by using
only a narrow frequency band preceding the first
amplifier stage; and extending it in the following
stages, or by making use of an electron multiplier.
A new method, of limiting the fluctuations is in-
dicated in. which, a special method of backc-oupling
is applied. The ratio of signal to noise is calculated
and compared with that in the previous "cases. In
conclusion the extent is examined to which this
new method for limiting the noise can also be prof-
itably employed in other cases.

Contents of Philips Transmitting News 8, No. 2,
June 1941.
M. v. d. Heck, Attenuation and impedance of

dipole aerials.
C. A., Gehr els, A crystal -controlled testing instal-

lation for transmitting valves for 100 kW car-
rier -wave power on a wavelength of 15 metres.

Th. D o um a, Resonance of circuits and lines II.
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.. LUMINESCENT SUBSTANCES..

by F. A. KROGER. -

On the basis of the atomic theory a concept is developed of the mechanism of the fluores-
cence and phosphorescence of the luminescent substances commonly used, in technology,
such as zinc sulphide, wit llemite, calcium and magnesium tungstate, cadmium borate, etc.
Especial attention i§ paid to the energy leVels of the electrons in a solid luminesdent sub-
stance and their relation to emission and absorption phenomena.

Introduction

At the present time a large, number of lumines-
cent substances are known. These are substances
with whose help it is possible to convert corpuscular
radiation, X-radiation or ultra violet radiation
into light, or in general into a form of radiation
which different from the original form.

To begin with 4. simple example of the application
of such substances we may refer to the luminous
dials of watches ,which are covered with a prepa-
ration which contains in addition to the lumines-
cent substance a very small amount of a radio-
active element (radium or mesothorium). The latter
elements emit alpha particles of high energy which
cause the luminescence of the preparation.

A second example is formed by the screens which
are used in fluoroscopy with X-rays. The screens
have the property of emitting intense light under
the influence of X-radiation, so that the shadow
picture thrown by the X-rays on the screen be -
domes visible to the eye. A related application
is formed by the reinforcing screens for X-rays
which produce photographically active light, so
that a more intense image is formed than upon
direct action of the X-rays alone.

The conversion of electron rays into light is
encountered in the case of the substances from which
the screens of cathode ray oscillographs and tele-
vision tubes are made. Finally, the conversion of ,

ultra violet radiation into light takes place in
modern gas -discharge lamps (luminescence laraps).

Fluorescence and phosphorescence

The conversion of electromagnetic (especially
ultra violet) " radiation into light of another wave

335.37

length; namely into visible light, is called fluo-
rescence 1). In addition to the phen9menon of
fluorescence, many 'fluorescent substances exhibit
a' second peculiarity, namely a very long after-
luminescence (very familiar at present in the case
of 'the luminescent buttons and pins which are
worn during the blackout)'; This 'phenomenon,
phosphorescen-ce 2), is distinguished from' fluores- ,

cence by its great dependence' on temperature: If a
luminescent button, after having' been irradiated,
is immersed, in the dark, in a glass of hot water,
it suddenly gives much, light, which,' however,
rapidly decreases in intensity. Conversely, a low
temperature has a retarding action on the giving
off of the energy, so that the luMinescence lasts
longer when it is cold. 'At a very low<temperature
(immersion in" liquid = air) the luminescence dis-
appears entirely;, the energy absorbed can then be
stored for an almost unlimited time and whenever.:
desired it can be produced again' by heating. The-,
mechanisM of phosphorescenee is closely connected ,

with that of fluorescence, but it must be considered'
separately. 'A single word which is used to indicate
both the phenomena is luminescence. For that
reason the fluorescent and phosphorescent sub-
stances used in technology, especially when the
phosphorescence is only a subsidiary property, are
often called luminophors.

On previous occasions the phenomenon of

1) From the mineral fluor -spar or fluorite (CaF2) 'which in
the presence of certain admixtures, such as some of the,
rare earths, clearly .shows the phenomenon. '

2) Phosphor = light bearer, is the name of these preparations
originating about the year 1600, which then first be-
came known in Europe.



350 PHILIPS TECHNICAL REVIEW Vol. 6, No. 12

fluorescence has been studied in some detail in this
periodical, gases and liquids as well as solid sub-
stances were then discussed. In this article we shall
go somewhat more deeply into the luminescence
of solid substances. We shall discuss, in addition
to the chemical composition, the mechanism of light
emission in the case of free atoms and crystals,
the absorption spectrum of the substances, in
question, the connection between absorption of
light and fluorescence, and, further in particular
the influence of small amounts of foreign substances
on absorption and emission.

Chemical composition

Luminescent substances of very divergent chem-
ical composition are known. Certain substances
(salts of rare earths, uranyl salts, benzene) possess
the property of luminescence in the pure, unmixed
state. In other cases the phenomenon only be-
comes intense when the substance in question is
present as a slight admixture in another substance.
Ruby is an example of this. Lecocq de B o is -
b au dr an (1886) showed that Cr2O3 as an admix-
ture in the basic material A1203 is the active
component. A second example of an admixture
phosphor, which also exhibits a strong phosphor-
escence, is CaS. This compound forms the chief
component of the luminescent paint whose lumines-
cence was shown by -Vern euil (also in 1886) to
be due to extremely small traces of bismuth
(Bi2S3). In the same year E. Becquerel disco-
vered that calcite (CaCO3) only exhibits lumines-
cence in the presence of small amounts of manga-
nese (Mn). Becquerel and Lenard (1890) care -
'fully examined the properties of such preparations.

In addition to the above -mentioned compounds
of rare earths a number of other substances are
known which are luminescent even when no foreign
substances are present. These are substances in
which a deviation from the stoichiometric chemical
composition is the condition for the appearance
of the phenomenon. Thus ZnS and ZnO are lumi-
nescent when a small excess of Zn-atoms is present
in the lattice. Somewhat similar cases are those of
ZnCO3 and CaHPO4, where it is known that they
only exhibit luminescence in a partially decomposed
state.

The mechanism of the emission of light

According to the quantum, theory a system of
electrons, such as occurs in the case of an atom;
molecule or crystal lattice, can only exist in dis-
crete states, each of which is distinguished by a
definite energy content.. We thus ,distinguish

the following energy states: E0, E1, E2, etc. The
state with the lowest energy (E0) is called, the
basic or normal state. When the system is in a
state of higher energy (also called an excited
state) in many cases it returns spontaneously to
a lower state, emitting as it does so a quantity of
light (light quantum) such that B ohr's (1913)
equation is satisfied:

E2 -E1= hva.'

In this equation ye represents the frequency of
the light emitted (in sec. -1)s, while h is a constant
(h = 6.6 x 10-27 erg sec.). If the energy is measured,
as is often done, in electron volts instead of ergs
(1 eV = 4.8 x 10-10 x 1/300 = 1.6 x 10-12 ergs)
and if, instead of the frequency, the number of
wave lengths per cm (vem-1) or the wave length

in A is used, then

(E2 - Ei)ev = 8072 vem-i
(E2 - EI)eirAA = 12 390.

In general it is possible to bring a system into a
higher state of energy by irradiating it with corpus-
cular rays or with light. In the latter case the
following condition ' must be exactly satisfied:

Ea -EO = hv a,

where E0 represents the energy _of the basic state
and Ea that of the excited state. ra is the frequency
of the light which causes the excitation.

If the system is brought into the excited state
by corpuscular rays (charged particles) the follow-
ing less stringent condition is then in general
valid:

1/2 mv2EaE0,

where 1/2 mv2 is the kinetic energy of the particle
of mass m and velocity v.

If the system being considered is a free atom or
molecule, Ea simply represents one of the states
in which one of the electrons is displaced to an orbit
with a higher energy. In the case of a.crystal which
is excited by light the same is true.

If excitation is effected by corpuscular rays
(cathode rays, a -particles, electrons freed by
X-rays) it must, however, be 'supposed that with
the retardation in the crystal a single incident par-
ticle causes a large number of electrons to shift
to higher orbits.

The process of emission is the same in both cases.
For the sake of simplicity we shall in the following
discuss only the luminescence caused by the absorp-
tion of light.
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Some remarks on atomic structure
According to modern conceptions an atom con-

sists of a positive nucleus surrounded by a more or
less spherical swarm or cloud of electrons. Accord-
ing to the original concept of B ohr, neglecting
the changes which the quantum theory has under-
gone since 1925 (wave mechanics), each electron
describes a definite orbit. As an example in fig. 1

39740

Fig. 1. Diagram of a sodium atom with its electron orbits
according to Bohr's theory (from the year 1915).

a representation of a sodium atom according to
Bohr's theory is given 3). Each type of orbit can
be traced by only a limited number of electrons
(Pauli principle). Some orbits remain very close
to the nucleus. These thus contain strongly bound
electrons. Other electrons move farther away from
the nucleus and are thus less strongly bound. The
orbits can be classified into shells. The K, L, M,
etc. shells can be distinguished, with the strength
of bond decreasing in this order, so that the K -
electrons are more strongly bound than the L -
electrons, the latter more strongly than the M-elec-
troni, etc. The maximum occupation of the shells is:

K L M N
2 8 18 32

According to the nature of the distribution of the
electrons over the orbits the atom may exist in
different states of energy, as indicated above. It is
now found to be permissible to a certain extent to
state that each electron moves in the average elec-
tric field of the nucleus and of all the other elec-
trons together. One may therefore speak of the
energy (sum of potential and kinetic energy) of
one electron in its orbit, and the question may
be put as to the magnitude of this energy. An esti-
mation of this can be obtained from the so-called
ionization voltages, which are the amounts of
energy, expressed in eV, which are necessary to
remove one electron from the atom. These energies
can be determined by the methods of ordinary

3) Taken with slight alterations from: H. A. Kr amers
and Helge Holst, Bohrs atomtheori, Copenhagen
1915. The figure is slightly modified in accordance with
the improvements which were introduced in the theory by
Pauli, Stoner and Hund.

spectroscopy and X-ray spectroscopy or with the
electron impact method (Franck and Hertz 1914).
In the case of sodium, for example, the following
results are obtained.

The sodium atom contains a nucleus with the
charge + lle (e = charge on an electron = 4.8 X
10-10 e.s.u.) and 11 electrons. Two of these are
bound in the K -shell with an, energy. of about
1000 eV, 8 in the L -shell with about 30 eV and 1
in the M -shell with about 5 eV. The further possible
M -orbits and all N and higher orbits are empty in
the normal sodium atom. It is found to be possible
under the influence of light absorption or collision
with a foreign particle that one of the electrons
may leave its normal orbit and go into one of the
unoccupied orbits or be removed from the atom. '
Thus for example the sodium atom may be in
a state in which the M -electron travels in an orbit
which, from the point of view of energy, is about
2 volts higher than the orbit in which it normally
moves. In fig. 2 the energies of the different elec-
tron orbits, of sodium are given, schematically, and
in fig. 3 the energy states of the atom considered

0

5
10

100

eV

Na

K
IM I II
11 -(2

Fig. 2 Fig. 3

Fig. 2. Energies of the occupied (full lines) and unoccupied
(broken lines) electron orbits in the sodium atom. In each
case as zero point the state is chosen in which the electron
is at rest at an infinite distance from the atom.
Fig. 3. Energy states of the sodium atom which result from
the displacement of one of the electrons to orbits with higher
energy. (The ordinate is drawn proportional to the square
root of the energy).

States a result from a displacement of the M -electron,
b and c result from excitation of one of the L -electrons,
respectively, and d from excitation of a K -electron. As zero
level the energy is chosen of the basic state of the atom given
in fig. 2. Below may be seen a schematic rePresentation'of the
absorption spectrum (on a non-linear scale).

39890 K
$91191

I
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as a whole, which occur when one of the electrons
passes from its original orbit to one of the unoc-
cupied orbits whose energies are indicated in fig. 2
by dotted lines. Such transitions caused by absorp-
tion of radiation (light or X-rays) are indicated by
arrows. The absorption spectrum is shown below
the diagram of energy levels. This spectrum con-
sists of a number -of groups of lines which Converge
toward 'a, limiting frequency which forme the be-
ginning of a region of continuous absorption (ab-
sorption edge).

In addition to relatively simple cases liko that of
sodium there are also more complicated ones. In
fig. 2 it was indicated without further remark that
the L -shell contains two groups of orbits with dif-
ferent energies. The complete M -shell contains 3
subgroups, the complete N -shell 4 subgroups, etc.
The maximum occupation of these subgroups by
electrons is the same for each shell, beginning with
the lowest it is always 2, 6, 10, 14 Let us
now take as an example of a complicated case the
triply ionized atom of chromium (Cr3+) which
causes the luminescence of ruby. In the case of
this ion the K and L -shells are completely occupied
by electrons, likewise the first.two subgroups of the'
M -shell. The third subgroup, howeYer, has only 3
of the 10 electrons which it should contain at the

Cr ++4'

K

39743

Fig. 4
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Fig. 5

Fig. 4. Energies of the electron orbits in the triply ionized
chromium atom.
Fig. 5. Energy states of Cr34- (non-linear scale).
a states occurring due to the regrouping of M -electrons,
b states occurring due to displacement of an M -electron to

an N -orbit.
c ionization limit of the M -electron.

States which occur due to the displacement of an L or
K -electron are not indicated. Below the energy scheme is
the corresponding absorption spectrum (schematic).

maximum. In fig. 4 this state is shown as nearly as
possible to scale.

The chromium ion can also pass into an excited
state in which the energy content is greater than
normal. Disregarding X-ray absorption, this may
happen in the first place due to the fact that one
of the most weakly bound electrons of the M -shell
moves to an unoccupied higher orbit (for instance
an N -orbit). There are, however, also states with
an energy content greater than normal which occur
due to the fact that the 3 electrons in the most weak-
ly bound M -orbits are relatively differently grouped
as regards their manner of movement. In fig. 5
a number of these energy states of the chromium
ion, are represented: at a the states which occur by
regrouping in the M -shell and at b the states which
occur when an electron from the M -shell is brought
into. an N -orbit: Since such energy states often lead
to absorption in the visible region of the spectrum,
the ions with incompletely occupied subgroups are
also' called coloured ions.

Energy states of crystals

The state which exists in a crystal whose com-
ponen6 (atoms or ions) are regularly arranged
at distances of about 10-8 cm apart can best be
approached by beginning with a sort of expanded
crystal lattice in which the components are already
placed according to the symmetry' of the crystal in
question, but in which the distances are so great that
the ions or atoms do not yet affect each other. Let us
examine for instance the energy scheme for a crystal
which is built up of univalent positive ions A+ and
univalent negative ions B-. For the energies of the
individual electron orbits the considerations of the
preceding section then hold. In addition to transitions
of an electron to a higher orbit within the same ion,
transitions can now also be imagined in which an.
electron passes from one ion to another. The charges
of the ions involved are thereby changed. For example
a positive ion A+ which receives an election becomes
a neutral atom A, a negative ion B- upon taking up
an electron becomes a doubly charged ion 132-. If we
wish to represent these transitions in a scheme of
electron energies, then in addition to the electron
states of the ions A+ and 13- we must also include
those of 0 -and 132-. This has been done in fig. 6a in
which, however, representation to scale has not been
considered and no particular ions were in mind.

The position of each level is determined by the energy
which is necessary to bring an electron from the level in
question of an atom or ion to infinity. In connection with this
definition, in the indication of a transition between two levels
the nomenclature of the level which gives up the electron
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offers no difficulty. If, however, the election is taken up by
an ion (At for instance), we must give to the unoccupied
level in question of this ion the name of the neutral atom
formed (A). By definition the position of this is given by II

energy which is necessary to take an electron from this neutral
atom to infinity. This is, however, just the opposite of the energy
which is received when we make an atom out of the ion
by adding an electron. The transition of an electron from an
ion B- to an ion A+ is thus given in the energy scheme by the
transition from the level B- to the level

a b

Fig. 6. Scheme of ,the possible energy states of the most
weakly bound electrons of a positive ion A+, a neutral atom A
and negative jells B- and 132- : a) in the free state, b) com-
bined to form a crystal.

Possible transitions between the levels of fig. 6
are:

A++61. -> A" 4)
B--1-62 B-*

A++A++e3 A2+ + A
--> Bd-B'

A+ -Or A+ B± e5
A++13--1-86 -> A2++B2-

It will be seen that in the fifth process energy is
liberated. This shows clearly that' positive and
negative ions are not stable side by side if there is no
interaction between them. This may be understood
when it is kept in mind that the formation of a
positive ion from a neutral atom -Usually requires
more energy, than is liberated when an electron is
added to a neutral atom forming a negative ion
(there are many cases indeed in which this latter
process also requires energy!).

Let us now allow the ions of the expanded lattice
to approach each other until a crystal is formed in
which the ions are at normal distances apart
(about 10-8 cm). Between the ions electrostatic

4) An asterisk here indicates an excited atom or ion.

forces of attraction then begin to act. In the final
state, the normal crystal, every positive ion is
surrounded by a nu, j_.-rbl of negative ions (in Nab

0.umbei..;,isoliT, and every negative ion by a
number of positive ions. At a greater, istance these
are indeed ions of the same sign as the ion under
consideration, but the result will nevertheless
be that the potential energy of the electrons at the
position of a positive ion has risen and at the posi-
tion of a negative ion it has fallen. As a result of
this in our diagram the electron energy levels of A
must rise compared with 'those of B- , and by
an amount of the order of magnitude of 10 eV.
This is shown schematically in fig. 6b. It will be
seen that due to the mutual attraction of the ions
the level B- is now below A 5).

In addition to the change in relative position of
the levels, a second effect is also indicated in fig. 6b,
namely a broadening of the levels. This effect is of
a more complicated nature and was only explained
by the modern atomic theory (wave mechanics).
It is connected with the fact that upon approach
of the ions the electron orbits partially overlap.
Each level thereby splits up into a very large num-
ber of sublevels, namely as many as there are ions
of the same kind in the crystal. Each sublevel can in
general only be occupied by two electrons at the
most. The collection of all sublevels belonging to-
gether which have been formed from one atom level
is called an energy band. From what has been
said about the cause of the broadening it also fol-
lows that it will be greatest for those electron levels
for which the corresponding orbits extend farthest
outside the ion. The levels of the most strongly
bound electrons, which remain very close to the
nucleus, are thus only slightly broadened. The same
is true for the more weakly bound electrons if the
shape of the orbit is of such a nature that the elec-
tron does not move especially far outside of the
circumference of the ion. This is the case for exam-
ple for the most weakly bound M -electrons of the
Cr3+ ion discussed above, and for the most weakly
bound N -electrons of the rare earth atoms. If
these atoms are of the coloured type, in which
different energy states are possible due to different
orientations of the orbits of the M or N -electrons,
with respect to each other or to the orbits of the
remaining electrons, the situation is one in which the

5) The figure is only a sketch and therefore more or less ar-
' bitrary. There are indeed cases in which the "crossing"
of A and B- would not take place. This means that the
starting point was wrong and that one was not dealing
with an ionic crystal but with a crystal lattice which
consists of atoms which attract each other by so-called
hOmopolar binding forces.
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transitions between these energy states take place
as it were inside the atom (ion) without the whole
crystal as such taking part. In fig. 7a the system
of electron levels is given schematically for the
combination: coloured positive ions and non -
coloured negative ions, and in fig. 7b the energy
band system of a crystal built up of these ions.
Negative coloured ions also exist (NO3- ). In
general in this case the isolation of the electron
orbits in question is less prono'unced, so that the
energy levels are broadened into bands.

A**

a

r=o,r, r.t$10-ban
.79746

b

Fig. 7. Like fig. 6, but for the case in which the ions A+ are
"coloured" ions.

Absorption spectrum of crystals

When a crystal is irradiated with light, then,
analogous to what we have seen in the case of atoms
and ions, absorption will only take place when the
size of the quantum hv corresponds to the energy
difference' between an occupied and an unoccupied
band.

Since the position of the bands depends upon
the nature of the ions, the crystal' structure and the
nature of the crystal lattice, these factors will also
determine which transitions require the least
energy.

In a normal ionic crystal the absorption spectrum
will usually have the appeaiance of that' sketched
in fig. 8 (corresponding to the case of fig. 6). The
lowest absorption frequency here corresponds to
the transition indicated by 5 of an electron from
the band of the negative ions to that of the positive

ions. All the other absorption bands lie at higher
frequencies, more or less overlapping.

E

A;s2 i-t_Nsgssiikti .** kam:50-
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Fig. 8. Energy bands of the electron states of the crystal of
fig. 6, with the absorption spectrum below.

For a crystal among whose components are co-
loured ions, the absorption spectrum is given in
fig. 9 (corresponding to fig. 7). In addition to broad
absorption bands for which it is assumed that the
band with the lowest frequency again corresponds
to the transition from B- to A÷ (with the for-
mation of A), we now also encounter more or less
sharp absorption lines, which are the result of
internal transitions in the coloured ions. In the

E

NIE Elm
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Fig. 9. Energy bands and absorption spectrum of a crystal
with "coloured" positive ions.
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scheme of fig. 9 it is assumed that these absorption
lines lie at the long-waye edge of the crystal ab-
sorption bands (this is the case with most salts
of the rare earths, e.g. SmC13). It will be clear that
it need hot always be so. In those cases, however,
where the sharp absorption lines of the ions fall
in the region of crystal absorption they cannot of
course be observed. In the case of coloured negative
ions also separate absorption bands of these ions
are often observed at the long -wave, end of the
spectrum. ;Thus CaWO4 and NaNO3 exhibit ab-
sorption bands in the near ultra violet, which are
to be ascribed to electron transitions within the
W042- and NO3- groups, respectively, while the
real, crystal absorption bands' of these crystals lie
in the short-wave ultra violet.

Electron energies and absorption of disturbed
*crystals

As we saw at the beginning, in many cases lumi-
nescence occurs in connection with the defects
in a crystal due to deviations from the stoichiomet-
rical composition (unoccupied ion positions in the
lattice and therefore local excess of the other kind
of ion), or due to the fact that foreign ions are
included in the lattice' . The latter may occur in
two different ways, namely:
a) due to the fact that foreign ions have taken the

places of ions of the basic material (examples:
ZnS in which Zn-ions are to 'a small extent re-
placed by Mn 6) and A1203 in which several
Cr-ions have occupied the positions of Al;

b) due to the fact that foreign ions have penetrated
between the ions of the lattice (situated at so-
called inter -lattice points; an example of this is
ZnS to which a small quantity of Cu or Ag is
added).

As a result of one of these two causes the energy
bands in the immediate neighbourhood of these
disturbed spots may undergo displicements as
indicated in fig. 10a. As to the magnitude of these
displacements, i.e. the local position of the energy
levels with respect to the general band scheme, few
prophecies can be made. We can, however, be

. certain in advance that we will obtain evidence of
these extra levels only when they lie between the
highest occupied band and the lowest unoccupied
band of the undisturbed crystal, such as the occu-
pied level D and the unoccupied level F in fig. 10a.
In this case they may lead to transitions such as are

6) In contrast to the spectra of most other atoms and ions
the spectrum of Mn2÷ has only been investigated very
incompletely. Therefore in fig. 3 Cr3+ was chosen instead
of the much more commonly occurring Mn2-F.

indicated by 2 and 3 in fig. 10a. These transitions
are observed in the absorption spectrum as an
extension of the crystal absorption (transition 1
in fig. 10a) toward the long -wave end: -

NIKW

a)

}A
:

C2 = E

FCt b)

-4JK--Ci
- 3982?

Fig. 10. a) Disturbance of the occupied and the unoccupied
band, 1 crystal absorption, 2 transition from an occupied
disturbance level to the empty lattice band, 3 transitiorj from
the full lattice band to an empty disturbance level.

b) Possible positions of the electron levels of built-in co-
loured and non-colodred ions. C1, C2 coloured ions, E non -
coloured ions.

The- foreign ions introduced or the excess ions
present are also bearers of electrons which may
again exist in different states to which (local)
energy levels correspond. It is also impossible to
say much in general about the position of these
levels. It is, however, certain that the lowest occu-
pied level must lie below the. lowest unoccupied
energy band of the crystal, since otherwise an elec-
tron would spontaneously pass from the foreign
ion to the unoccupied band with the formation' of a
more highly ionized ion.. If it is a question of foreign
coloured ions, then in addition to the basic level
and at a relatively small distance from it, other
levels may occur corresponding to differently orient-
ed orbits Or to orbits of smaller bond energy, in the
way discussed above for the case of Cr3+.

In fig. 10b two possible positions of the energy
levels for a foreign coloured ion are indicated by
C1 and C2, and a possible position of a level of a
non -coloured ion by E. In the qualitative consid-
eration of the energy levels of foreign ions it
makes little difference actually whether they form
part of the regular lattice, or have fou.nd a place
in the inter -lattice points of the cristal. or where
the regularity of the crystal was already disturbed.
Quantitatively there may be differences (height
and relative position of levels) which we shall not
go into here. If, as indicated in fig. 10b by

 and C2, the distance between the levels of the
foreign ion is smaller than the smallest distance
between an empty and an occupied crystal band,
more or less sharp absorption bands of the foreign
ion can be observed, at the long -wave end of the,
crystal absorption spectrum, just as in the case of
a crystal which is built up entirely of coloured ions
(fig. 9). In 'the case in which the foreign ,ions are
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situated at lattice points, and thus replace ions
of the basic material, it may even occur that a grad-
ual transition is possible from the case of fig. 10
to that of fig. 9, namely when a regular mixed
crystal is formed in which the percentage of the
foreign ions is gradually made to increase 7).
As an example of absorption by built-in coloured
ions we give in fig. 11 the absorption spectrum
of the mixed crystal Zn2SiO4-Mn2SiO4 (willemite).

20W 5000
.79828

Fig. 11. Absorption spectrum of Zn,SiO3-Mn2SiO4 with 1% Mn.

The absorption is observed at A < 2500 which
is to be ascribed to the transition from Si044-
to Zn2+, at 2500 < A < 3000 the corresponding
absorption band for the transition from Si044-
to Mn2+ and finally at 2 > 3000 A various narrow
and weak absorption bands which are to be ascribed
to the Mn2+ ion itself. Since in all these wave-
lengthregions the absorption of light leads to
fluorescence the absorption spectrum can also be
made visible by means of fluorescence. Fig. 12 shows
such a picture.

a

b
39749

Fig. 12. Excitation spectrum of willemite (Zn2SiO4-Mn2SiO4):
a with 1 per mille Mn2SiO4, two different exposure times,
b with 1% Mn,SiO4.
This spectrum was obtained by projecting the continuous

spectrum of a hydrogen tube upon a thin layer of willemite
which was separated from the sensitive layer of a photo-
graphic plate only by a green gelatine filter which only allows -
the fluorescence light of the willemite to pass.

The process of fluorescence

As was stated previously, in the case just con-
sidered of the crystals which contain foreign ions,
fluorescence occurs as a rule, not only when they
are irradiated with light of the wave length of the
specific absorption bands of the ion (if such are

7) A very good example is the absorption of mixed crystals
of lanthanum fluoride (LaF3) and cerium fluoride (CeF3),
whose spectrum contains characteristic absorption bands
which are to be ascribed to the CO +-ions and which upon
increase of the cerium concentration gradually pass over
into the characteristic absorption of pure CeFa.

present), but also when they are irradiated with
light whose wave length lies in the region of crystal
absorption. What idea must we form in this latter
case of the mechanism of fluorescence ? In the first
place in the region of crystal absorption an electron
is brought for instance from an ion B- to an ion A+
by the absorption of a light quantum, as is indi-
cated in fig. 13a at 1:

A+ B- hv -> A + B.

The electron then moves to one of the lower levels
of the empty band (2), any excess of energy being
transmitted to the crystal as thermal agitation,
and can travel through the whole crystal. Another
method of representation is that the electron in
this energy state is passed on from ion to ion:

Aid-- A: -{-A3 -*Ai + A2 ± A: -> -FA: d -A3->, etc.

In an exactly similar way the empty place which
has been caused by the neutralization of B- will
travel through the crystal, after (3) the empty level
has moved upwards into the occupied band:

131-1-Bi+B; -> Br+ B2-1- B; Br+B2d-B3 -> etc.

In a completely undisturbed crystal two possibilities
would now remain open for the electron:
a) return to the open place in the lower band with

the radiation of light of about the same fre-
quency as that of the absorbed light (4);

b) return as in a), but without radiation, the energy
liberated being converted into vibrations of the
crystal lattice (heat vibrations).

Both processes occur. Process b) is the normal con-
version of absorbed light into heat. Process a)has
been observed in certain crystals (CdS) at a low
temperature.

Fig.

b))
a

c)
d)

13. Possible transitions in
without admixture;
with "non -coloured" ions built in;
idem, sensitized fluorescence;
like c, but for "coloured" ions.

39829

a crystal of the ZnS type.

If the crystal is disturbed by foreign ions (or by a
stoichiometric excess of its own ions) and if energy
levels lying between the two bands of the crystal
(occupied and unoccupied) correspond to these
ions, the emission of fluorescence light may take
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place in' different ways. In the,first plaCe (fig.' 13b),
after an electron has 'passed from the full to the
empty band (l, 2, 3) the empty place in the lower
band may be filled by an electron from the occupied
level E (4). The energy which is thereby liberated
can return to the now empty level E with radiation
(5).

In the second place' it is possible that an electron
from the empty band returns to the empty place
in the occupied band, but in such a way -that part
of the energy is used to bring an electron from the
level E into -a higher leVel, while the excess is giVen
off to the lattice as heat motion.

A similar process is known in the case of free atoms under
the name of "sensitized fluorescence".. In a mixture 'of
mercury and thallium vapour, mercury atoms can be brought
into a state 4.9 eV above the normal state by the absorption
of light (A =-- 2 537 A). Upon collisions with foreign atoms
these mercury atoms can pass into a state at 4.7 V in which
the chance of returning to the normal state with light radia-
ition is very slight ("metastable" state). If a metastable
mercury atom now encounters a thallium atom, it transmits
its energy to the latter, partly in the form of excitation
energy and partly in the form of energy of translation (heat).
The excited thallium atom then radiates in its own frequency,
returning at the same time to the normal state.

In fig. 13c this process is represented for a single
level (non -coloured ion), in 13d for a coloured ion.

No matter what process of emission is assumed
to take place with the collaboration of foreign ions,
it will always be essential for the process of emis-
sion that there be a collaboration of an electron
(in the empty band) and an empty place (in the
full' band). It is for this reason that the process of
emission in these cases shows similarity, as far as its'
progress with time is concerned, with a bimolecular
chemical reaction. In' an. earlier communication
 this was dealt with in more detail. On the other
hand the process of fluorescence, which is excited
upon radiation in the characteristic absorption
bands' of ' coloured ions, exhibits the character
of a monomolecular reaction.

The colour of the emission

In the case just discussed of the emission with the
collaboration of foreign ions it will be clear that for
non coloured ions (level E in fig. 13 b and c) it
must, be expected that the frequency of the -light
emitted will depend very much upon the height of
the' empty band above the occupied level E of the
ion. Changes in the position of this band (for in-
stance upon the replacement of the basic material
by a similar material of altered composition) have
a pronounced effect on the colour of the light emit -
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ted. A beautiful example of this is found in ,the
mixed crystals of ZnS and CdS, activated° with
Cu or Ag. In the case of these crystals, with increas-
ing percentage of Cd the limit of crysial absorp-
tion, ()&) is shifted toward longer wave lengthS.
As may be seen from the table the maxima of the
emission (Am) are .shifted in the same direction
with Cu as well, as with 'Ag as activator.

In the case of the coloured ions, on the basis of the
above, no effect on the colour of the emission may"
be expected by a change in the basic material. The
emission proceeds by means of transitions between ..
levels which correspond to more or less undisturbed
movements of the electrons within the same ion.

atom
per cent

ZnS

atom
. per cent

> CdS As
;(Ag)
A
'Au2.,(Cu)

100 , 0 3,360 4 690 5 230,
85 15 3 640 4 920 5 790
68 32 3 920 5`410
50 ' 50 4 270 6 000
33 67 4 700 . 6 550

Colour 'changes have, however, also been obseived
here, which probably occur in a different way. In
the first place it must he noted that in a substance
like willemite the absorption bands of the Mn2+ ion
lie partly' in the ultra violet, while the emitted light
is green. This can be interpreted in the following
way (fig.' 13d): primarily a coloured ion (energy '
level C) is brought' into one of the highest excited
states by the absorption of light. From there, via

.

intermediate levels, it passes to the'lowest excited
level from which the' eleetrOn returns to the basic
state with the emission of radiation.

The transition froth' one level to the next lower
level can be considered to occur, directly, the excess
energy being given off to. the crystal' lattice in the
form of heat, or via piocesses of repeated emission
and absorption. The latter is possible beCause of the
fact that here also ' it May be expected .that as' .a
result of the collaboration of the crystal lattice
the emission, line which corresponds` to a given ab-
sorption transition is shifted slightly with respect
to the absorption line toward long wave lengthi,
and may therefore just coincide with a folloWing
absorption line or .narrow absorption' band. No
definite statements can be made about this.

When there is more than one state from which
return with emission is finally possible, different
competing emission bands occur in the emission,
which, when they have a certain width, as is
usually the case, may overlap and apparently fuse ,

into one band. If then, due to the influence of the
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surroundings on the electron movement in the ion
upon change in the basic material, a change occurs
in the chances of transition for the two emitting
levels, this will cause a change in the distribution
of the energy over the two emission bands, with
the result of a shift of the maximum 'and an alter-
ation the colour. Examples of this mode of
behaviour are the folio -Wing. The dependence- of
the colour of the emission in the case of ZnS-MnS
and (ZnlVfn)-silicate as a function of the manganese
content and of (ZnBeMn)-silicate as a function of
the beryllium content.

Phosphorescence
. -

The concept of the energy bands already sketched
also furnishes a useful explanation of the phenom-
enon of. phosphorescence./ In this case unoccupied
disturbed, levels (F in fig. 14) play a part. It is

J9830

Fig. 14. Mechanism of phosphorescence. '

possible that the electron from the empty band
reaches these (fig. 14, 3), while the open place in
the empty band is filled by the electron from E (5).
Return from F to E is then impossible if E and F
do not lie very close to each other in space.

Return can then only take place by the electron

first being brought back again from F to the empty
band (6), which requires energy and is therefore
only possible upon addition of energy, for instance
from the store of heat of the crystal lattice. Return
from F to the empty band can also take place under
the influence of irradiation with infra -red or visible
light.

When the electron is in the empty band, there is
,again opportunity of emission (7). At sufficiently
low temperature and in the absence of external
irradiation the state in which the electron is

situated in F and in which therefore the crystal
possesses a certain excess of energy in reserve may
last for a considerable time.
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SOME PARTICULARS OF DIRECTIONAL HEARING

by K. de BOER and A. TH. van URK.

While *perception of direction in hearing is explained by the time and intensity dif-
ferences between the sound contributions which the two ears receive, other effects must
be sought to explain the Idealization "in front" arid "behind". Several effects which may
here play a part are investigated with the help of an 'arrangement for stereophonic sound
reproduction previously described in this periodical.

When listening to a source of sound which does
not lie immediately in front of the head of the lis-
tener, but at ,an angle a to the vertical plane bisect-
ing the head (fig. 1) the sound does not strike
both ears at the same moment and the sound in-
tensity is not the same for both ears. As was dis-
cussed in detail in an earlier article in this periodi-
cal r), the perception of direction which forms a part
of hearing is mainly due to these time and intensity
differences.
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Fig. 1. Sound from a direction which makes an angle a with the
direction in which the listener is looking reaches the two
ears at different moments and (due to the refraction by the
head) with different intensities. If we idealize the head to a
sphere, the same time and intensity differences occur with
the sound' direction 180°-a as with the direction a.

By looking fig. 1 in which the shape of the head
can be approximated by a sphere, it will be seen
that the direction 180°-a is equivalent to the
direction a as far as the time and intensity
differences at the two ears are concerned. From this
it would be concluded that the sense .of hearing
cannot distinguish between two such directions -
one in front and one behind the head. Experience
shows, however, that the sense of hearing can
indeed localize a source of sound as "in front" or
"behind". How can this be explained?

The simplest possible explanation starts from the
fact that the human head actually deviates from
the spherical form. In particular a dissymmetry is
caused by the presence of the outer ears or

1) K. de Bo er, Stereophonic sound reproduction, Philips
techn. Rev. 5, 107, 1940. ,

' auricles. Since the auricles have a shielding effect
for sound waves of very short, wave length, i.e.
for high tones, sounds coming from the back must
in general have a duller timbre than sounds from
the front. This' difference in timbre the hearer is
assumed to interpret -as a difference between front
and back:

We have attempted to test this explanation with
the help of an installation for stereophonic sound
reproduction previously  described in this peliodi-
car2). Use is here made of a spherical "artificial
head" in which two microphones are placed at
the ends of a horizontal diameter. Each micro-
phone is connected via its own amplifier to one
of two telephones over the ears of the listener.
Artificial head and listener were now Placed in.
different rooms, while in. the vertical plane bisecting
the artificial head a source of sound (speaker) was
set up (fig. 2). Since the artificial head has no auricles,
according to the hypothesis given it must be ex-
pected that in these tests the listener will be in
doubt as to whether the sound comes from the front
or the back.

K

V2

VI
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Fig. 2. Arrangement for stereophonic sound reproduction. In
the vertical plane bisecting the artificial head K stands a
speaker ( x ). Each of the two microphones M1, M2 of the ar-
tificial head is connected via a separate amplifier V1, V, to
one of the two telephones T1. T2 at the ears of the observer
L who may be in a different room: With this arrangement the
observer always hears the sound as if from behind.

2) K. de Boer and R. Vermeulen, On improving defec-
tive hearing, Philips techn. Rev. 4, 316, 1939. In this article
the problem of hearing from "in front" or from "behind"
and also several of the experiments here described were
already touched upon.
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L

In our experiments this was by no means found
to be true. All the persons used for the tests had an
absolutely definite perception that the sound came
from behind, whether the speaker stood in front
Of or behind the artificial head.

And still worse: when the sphere of the artificial
head was replaced rby a well modeled head with
ears (large ones at that), the observer still continued
unfailingly to hear the sound as coming from behind.

It is possible that this remarkable effect is caused
by the fact that we are accustomed to observe a
source of sound situated in front of us visually as
as well as audibly, and thus upon missing the
visual observation we choose the alternative of
"behind us". A second possibility is that due to the
limited frequency region in which the electro-
acoustic apparatus used has a flat characteristic,
an undesired auricle effect is introduced: the sound
reproduced lacks the highest audible tones and may
therefore make an impression of "dullness" on the
listener which is interpreted by him as "sound
from behind".

Whatever the truth of the matter may be, a
4ecision as to whether the action of the auricles,
has' a share in distinguishing between in front of
and behind, cannot be reached in this way. Experi-
ments with an apparatus whose frequency charac-
teristic is flat up to the limit of audibility of about
16 000 c/s would perhaps furnish the desired answer.

In the meantime another explanation of the lo-
calization in front or behind also exists, namely
that it is obtained by involuntary slight move-
ments of the head of the listener 3). In fig. 3 the

b)
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Fig. 3. While the two sound directions indicated in (a) and (c)
cannot be 'distinguished by the observer, the difference is
easily ascertained° after a slight turn of the head (b and d).

3) J. L. van Soest. Physica 9, 271, 1929; H. Wallach, J.
Acoust. Soc. Amer..10, 270, 1939.

effect- of such a movement is illustrated. If the
source stands to the right of the middle, a turn of
the head towards the right will bring the sound
closer to the middle when it comes obliquely from
the front (fig. 3a, b), and the same turn will take
the sound farther away when it comes obliquely
from .behind (fig. 3c, d). The combination of two
observations during the turning of the head thus
provides an unambiguous conclusion as to the
direction of the sound.

This hypothesis can also be very simply tested
with the arrangement described. It is exactly the
advantage of the arrangement that the different
effects which always occur simultaneously and more
or less outside the control of the observer in ordinary
hearing and whose influence cannot therefore be
defined, can now be imitated separately. The effect
of slight turns of the head is here investigated by
allowing the artificial head and the head of the
listener to turn back and forth around their vertical'
axes synchronously. The synchronism could be
obtained in a very simple way by means of a lever
in the hands of the speaker near the artificial head
by means of which he can' turn the artificial head
slightly to the right and left in a rhythm . which
he indicates by counting out aloud. The listener
seated in the other room hears the counting in
his head phones and turns his head back and
forth in the same rhythm. The result now is ac-
tually that the perception of "sound from in front"
is obtained when the turning of the artificial head
and listener's head  take place in phase. If they
turn in opposite phase, which amounts to the
same thing as turning in phase in the case of a
diametrically 'opposite positioning of the, speaker
with respect to the artificial head, the listener again
hears the sound as coming from behind.

It is therefore quite admissible to suppose that
in natural directional hearing also the listener
ascertains the difference between front and back
by small involuntary turns 'of the head. Such turns
of the head occur for example automatically when
the observer tries to see the source of sound, but
also without this the head always makes slight,
more or less reflex motions which may already
furnish the desired effect.

In the experiments last described it is very tempt-
ing to try to, confuse the hearing, namely by not
moving the artificial head and the, listener's head
in the same way. The motion in "opposite phase"
was already a sample of this, to which, however
the hearing promptly furnished the correct answer.
What will happen if we ;allow, the artificial head
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and the listener's head to turn with different
amplitudes? If we make the amplitude of the
listener's head very small or equal to zero, while
the artificial head turns with a large amplitude,
a new phenomenon occurs: the listener simply
hears the sound move back and forth according
to the relative motion of the speaker with respect to
the artificial head. If conversely we allow the head
of the listener to turn back and forth while the
artificial head moves less or not at all, a new im-
pression is received: there is a perception of a def- '
finite direction of sound which no longer lies' in the
horizontal plane but possesses a certain angle of
elevation.

This effect fits perfectly into the frame of the
theory presented when it is kept in mind that a
certain time and intensity difference of the sound
at the two ears can actually be realized not only
by one direction in front of (angle a) and di-
rection behind (angle 180°-a) as was sketched in
the diagram on a plane in fig. 1, but by all direc-
tions which lie on a' cone with' the semi apex
angle 90`).a around the axis of the ear, see fig. 4.

, .

The choice among all these directions - can be
brought about in natural hearing with the help :
of the above mentioned slight turns of the head.

N
J9892 ,

Fig. 4. Time and intensity differences are not equally great
only for one direction forward and one direction backward,
but for all directions which constitute the lines describing
a cone about the axis of the ears of the observer. '

To each position of the head corresponds a definite
cone of directions, and the true direction of the
source of sound must therefore be the common

Fig. 5a en b). Axis of the ears MM' of the artificial head and direction AG of the source of
sound before and after turning the artificial head through an angle wk.
c and d) Axis of the ears 00' of the listener and cone of the possible sound directions before
and after the simultaneous turning of artificial head (angle wk) and listener's head (angle
col). In this case wi is assumed to be equal to wk . e). The two cones touch each other along
the line BG.
f and g) The same as in c and d, but for the case where coi>ook. h) The two cones intersect
each other in two lines BG, and BG2, which deviate upwards and downwards, respectively,
from the horizontal plane.
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line of intersection of two or more such cones 4).
This now also occurs in the experiments with the

artificial. head. The source of sound stands in the
horizontal,plane through the axis of the ears of the
artificial head, in a direction which makes an angle a
With the axis of the ears (fig. 5a). The listener must
choose the direction of the,sound on a cone with
the semi apex angle a, see fig. 5c or f. If the artificial
head now turns through an angle cok (fig. 5b) the
angle between axis of ears and direction of sound
becomes a-cok, the new cone of directions for the
listener thus also takes on the semi apex angle
a-cok; the, axis of this cone has turned with the
head of the listener through an angle cot. If cot = cok
(fig. 5d) as in the experiments initially described,
the old and the new cone touch each other at a
line in the horizontal plane which makes an angle a
with the old direction of the axis of the ears (fig. 5e).
No angle of elevation is here observed and the sense
of .hearing takes a decision as to front or back
only by means of the turn. If, however, cot>cok,
see fig. 5g, then the old and the new cones clearly
intersect each other in two lines which make
a certain angle upward or downward with the
horizontal plane' (fig. 5h) 5).

The angle of elevation which must be ob-
served in carrying out the experiment with certain
angles cok and cot can easily be calculated according
to the rules of spherical trigonometry. In fig. 6

Fig. 6. The angle of elevation of the sound direction, which is
observed according to fig. 5h upon turning the listener's head
back and forth with greater amplitude than the movements
of the artificial head, can be calctlated with the help of the
spherical triangles 01AG and 0102G.

0.1.01' is the first position of the axis of the ears of
the listener, 0202 the second position, ,while MG
represents the line of intersection of the two cones
of observations (we consider only the one directed

4) The "construction" in this way of an angle of elevation is
usually quite difficult for the ear, it therefore prefers to
use a kind of zero -point method: with a sound coming
obliquely from above the head is involuntarily put into
such an oblique position by trial and, error that the di-
rection of the sound is brought into the, "horizontal"
plane through the axis of the ears.

5). The decision between "above" and "below" can be ob-
tained in natural hearing by turning the head about a
different axis.

 upwards). In the spherical triangle 0201G the side
GO1 = a, since G lies on the cone with semi apex
angle a and' axis 0101. Further the side GO2 =
a-cok, since G also lies on the cone with semi apex
angle cr-cok and axis 0202'. Finally the side 0201 =
cot, namely the angle through which the head of
the listener was turned. For the angle a in the spher-
ical triangle mentioned we now find

cos (a-cok)-cos a cos cot
cos a =

sin a sin cot

while the required angle of. elevation ?, of the di-
rection MG can be calculated from the right-angled
spherical triangle O1AG, namely

sin = sin a  sin a.

If one considers only the case in which the source
of sound in the state of rest lies in the vertical
plane bisecting tie artificial head, so that a = 90°,
the formulae become simpler and one finds directly
the relation between cok, an and V:

Sin 0)k

sin cot

FOr the extreme case where cok = 0 (artificial head
stationary, only the listener's head turns back
and 'forth) this whole method of representation
is easily verified. The listener must always hear
a source of sound which stands in the vertical plane
bisecting the artificial head directly above or
below himself, since cos /9 = 0, /.5 -= 90°. This is
indeed immediately clear, because the artificial
head, arid thus also the listener always hears the
same thing in this experiment, and this'is only pos-
sible when the listener's head turns back and forth
around a 'vertical axis, 'at a position of the source
of sound at the zenith or nadir. This observation
was indeed confirmed in the experiments, with the
expected.uncertainty between "above" and "below"
some observers always heard the sound from above,
others from below, from their own abdomen.

For angles cok 0 equation (1) is not so easy to
verify, since in order to do so the head of the lis-
tener and the artificial head' must move, synchro-
nously each with an accurately determined ampli-
tude.' This could be realized with the arrangement
represented in fig. 7. Artificial head and observer
are in two adjacent rooms which are separated by
a sound -proof glass wall. A pointer with a white
disc is attached to the artificial head and this is
watched by the observer. When (without turning
his eyes) the observer follows the white disc as the
artificial head turns, his own ,head turns synchro-

cos 19. - (1)
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.nously with the artificial head and there is a
definite relation between the two amplitudes. This
relation can be varied very simply by changing

0
J9886

Fig. 7. Arrangement for the experimental determination of the
observedangle of elevation when the angles tak and an are
different. K artificial head, L listener's head, W soundproof
glass wall. B source of sound (loud speaker with very small
opening connected with a microphone set up in another
room, before which stands a speaker), 1) turntable on which
the artificial head is mounted and to which is fastened a lath
with white disc S as pointer.

the length of the pointer (r) or the distance between
observer and glass wall (R) . In order to fix satis-
factorily the relative position between source of
sound -and artificial head,' a loud speaker with a
very small opening is placed in front of the artificial
head. The fact that the artificial head and the lis-
tener's head here turn in opposite directions can
of course be corrected by a 'suitable connection of
the. two head phones of the observer. The "white
disc is adjustable in height in order to be sure that
the head of every observer actually turns about a
vertical axis.

With this arrangement the perception of every
angle of elevation between 0 and 90° could be ob-
tained. A certain difficulty occurred, however, in
measuring the angles of elevation observed. The
observer could of course indicate with outstretched
arm the direction perceived, but this was not found
to be a suitable method for measuring the angle.
Therefore use was also made of the fact that to-
gether 'with the perception of direction there is also
a. certain perception of distance which depends
upon the intensity of the sound. With a certain
intensity of the sound the observer has the feeling
that the source of sound is situated on the outside
of his head, whereupon he .can indicate the spot
(the sound image) with his fingers). In this way
the angles of elevation observed (angle between the
horizontal plane and the perpendicular from the

sound image to the axis of the ears),could be meas-
ured with sufficient accuracy.

In fig. 8 we have plotted the calculated and
measured angles of elevation 19. as functions of
each other 7). Theoretically all the points should
lie on the 45° line. The agreement is as good as
could be expected in these difficult measurements.

If we consider the experiments described as at-

of hearing possesses sufficient adaptability to find
an unambiguous solution in all kinds of peculiar
situations. It sometimes even registers perceptions
which it certainly could not have'learned from
experience, but which are as it were extrapolated.
Thus the localization of sounds inside the body -
especially in the head, see footnote 4) - or the per-
ception of direction, previously discussed (see the;
article cited in footnote 1)), which is caused by
differences in time which are many times. greater

tempts to confuse the ear it is clear that the sense.,

it
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Fig. 8. The elevation angles &xi,. with different turns of ar-
tificial head and listener's head plotted against the angles
calculated Otheor.. The triangles, circles and crosses refer
to three different observers. The points measured show great
scattering but no systematic deviation from the theoretical
45° line.

It is then remarkable that one observer hears a more in-
tense source of sound farther away, while another still
"closer", i.e. in the head! For a weaker source of sound
the reverse is then true.

7) In the calculation of 0 a correction must still be introduced
because of the fact that the heads of the observers compared
with each other and with the artificial head do not have
the same diameter. In our case the artificial head had a
circumference ak, which was smaller than the circum-
ference (ai) of all the observers' heads. Upon a turn an,
of the artificial head therefore the time' and intensity dif-.
ferences at"the microphones are too small. This was taken
into account roughly by inserting in equation (1) instead -
of the true angle cok, a smaller angle an, ah/ai.
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than the maximum differences in time of arrival
at the two ears which can occur in normal hearing.

Nevertheless the sharpness of hearing also has
its limits, and these are apparently exceeded when
in the experiments for the measurement of the
angles of elevation observed we exchange the two 
headphones of the listener. With equal turns back
and forth of artificial head and listener's head,
wk = (0/, as was to 'be expected, the perception
occurs that the sound comes from behind. With
unequal turns, on the other hand, with on>cok,
Whereupon the ear should register 'an angle of
elevation towards the rear, the perception be-"
comes very vague and difficult to define. In fig. 9
a comparison is given between the elevations ob-
served and' those calculated for  this case. The
spreading is greater than in fig., 8, the measured
points with 19theor. S'f, 65° all lie too low, some
measurements here are entirely wrong. It is remark-
able that in these measurements much more
clearly than in the measurements in front, the
theoretically expected indefiniteness occurred be-
t's ?en directions above and below the horizon-
tal plane. Of the three observers whose measure-
ments are reproduced in fig. 9 one always heard
the 'sound above, one always below and one could

localize it at will either above or below the horizon-
tal plane, while in the measurements of fig. 8 the
localization was quite regularly above the horizon-
tal plane.
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Fig. 9. As in fig. 8, but for directions from behind. The
measured points for Othaor. ='90° (artificial head stationary)
are of'course the same as in fig. 8.
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THE PERMEABILITY OF METAL WALLS FOR GASES

by. J. D. FAST.

A survey is given in this article of the phenomena which play a part in the permeation of
gases through metal walls. It is pointed out that the gases in the metal are present in
atomic (or perhaps ionic) form, and that they move in the space between the atoms of
the crystal lattice without this movement being necessarily accompanied by a diffusion
of the metal itself. Attention is also called to the part played by the processes which take
place at the surface of the metal, namely the dissociation into atoms and the recom-
bination to molecules, respectively, and the penetration into and the emergence from the
metal, respectively, of the atoms.

Introduction

In different types of high vacuum tubes the walls
are made wholly or partly of metal. In some cases
this type of construction is employed in order to
obtain effective cooling by means of running water,
in other cases in order to ensure a simplified method
of mass production.

The problem of mass production is particularly
important in the case of radio valves where in dif-
ferent cases:die .glas's walls have been replaced by
metal.

The doohng problem is of particular importance
in transmitter valves, rectifier valves, X-ray tubes
and the like, in which in every case only a part of
the energy supplied can be converted into the de-
sired form and where the dissipation of the lost heat
'energy in high -power tubes forms one of the most
important problems.

Although in such cases metal walls offer advan-
tages over glass walls, difficulties may also occur
in their use which are almost entirely absent when
glass is used. One of the most important of these
is the fact that upon contact of the outside surface
with cooling water as well as with gases the vacuum
on the inside may, under certain circumstances de-
teriorate, due to the fact that gases diffuse to the
inside through the walls. In this article we shall try
to explain the ideas which .may be gained of this
transmission of gases through metal walls. It will
be found that the phenomenonis more complicated
than is expressed by the term diffusion. In addition

-, to this latter process, which takes place inside the
metal, we are also concerned with processes which
take place on the surfaces of entrance and emergence.
From the discussion the relation will also appear
which exists between the transmission and other
more familiar phenomena which occur upon contact
between gases and metals, such as adsorption and
solution.

The mechanism of diffusion in metals
Geometric and chemical factors

At first glance it will seem strange that gases

620.193.29

should be able to move through compact metals,
and,the first question which arises is about the me-
chanism of this process. It should be stated in
advance that very little is yet known with certainty
about it. In the attempt to form an idea of the
different" Possibilities we shall not therefore limit
ourselves to the diffusion of gases, but shall treat
the phenomenon of the transport of matter in
solid metals more in general.

39723

Fig. 1. Closest cubic packing. The lattice is face -centred.
Examples of metals which crystallize in this way are: copper,
Silver, aluminium, nickel, palladium, platinum and further-
more carbon -free iron above 900 °C.

A primitive idea can be obtained of the structure
of a metal crystal by considerng it to be built

 up of atoms in the form of small hard spheres with
a radius of about 10-8 cm, which are packed to-
gether in such a way that a regular three-dimen-
sional lattice results. In the case of most metals the
symmetry of the lattice is such that the spheres fill
the available space as closely as possible. This can
be attained by two different ways of packing and
'leads to the familiar structures with cubic and
hexagonal closest packing. In b(ith cases 74 per cent
of the total volume is occupied by the spheres. In
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figs. 1 and 2 the arrangement of the atoms for these
two closest packings are represented. Another
group of metals has a slightly less close packing

39889

Fig. 2. Closest hexagonal packing. Examples of metals which
crystallize in this way are: beryllium, magnesium, titanium
and zirconium, the last two below their respective transition
points at 885 and 865 °C.

with cubic body -centred structure, in which the
spheres occupy 68 per cent of the available volume
(see fig. 3).

With the picture of a metal crystal just given
it is difficult to imagine the occurrence of diffusion,
unless it be that of foreign atoms (likewise considered
to be spherical) which are very small compared
with the metal atoms. Foreign atoms can only
move unhindered through the sphere arrangements
described when they are even smaller than the
largest spheres which could be placed in the cav-
ities between the large packed spheres.

The image of a metal crystal as a symmetrical
arrangement of hard spheres is of course much too
primitive. The idea which is now held of the struc-

Fig. 3. Cube centred lattice. This packing is less dense than
that in figs. 1 and 2. Examples of metals which crystallize in
this way are: the alkali metals, tantalum, tungsten and iron
below 900 °C.

ture of a metal is that of a three-dimensional lat-
tice of positive ions which (floating freely as it
were) are situated in a dense electron "gas", which
gas uniformly fills the spaces between the ions. Due
to mutual electrostatic repulsion the ions tend to
remain as far away from each other as possible.
The mutual distances are here determined in such
a way that the pressure of the electron gas and the
electrostatic attraction between ions and electrons
maintain an equilibrium which at the same time
results in the arrangement in a regular lattice. The
image of the symmetrically arranged spheres can
now if desired be transferred to the ions, but the
spheres must now no longer be considered as entirely
hard, while moreover they need not touch each
other 1). In the case of the alkali metals the ions
lie at relatively great distances apart, in the case
of many other metals they lie closer together. In
fig. 4 the position of the ions in the electron gas
for the closest packed lattice planes is shown for
the metals sodium and copper 2). In sodium about
70 per cent of the volume of the metal is occupied
by the electron gas. In copper, a subordinate series
metal, on the other hand, the ions are so close to
each other that a certain mutual penetration of
their electron shells even occurs.

0 2' 4' 6
ANGSTROMS
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Fig. 4. Arrangement and true relative size of the ions in the
most densely occupied lattice planes of sodium and copper
according to Shockley. The boundaries of the ions are
idealized, actually the density of electrons decreases gradually
from a high value inside the ion to a much smaller constant
value outside of it.

The spaces between the atoms may therefore in
many cases be larger than would be expected on the
basis of the primitive picture. On the other hand,
these spaces are not empty, as in the primitive con -

1) If the modern idea of an atom (or ion) as a positive nucleus
surrounded by a cloud of electrons is kept in mind, the
concept of "touching" already becomes very vague.

2) The figure is borrowed from an article by W. Shockley,
J. Appl. Phys. 10, 543, 1939. References to the literature
are here made only when no reference was made to it in a
publication which will shortly appear in "Physica" under
the same title. For further literature references therefore
the reader should consult that article.
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cept, but filled with electrons. A diffusion _of a gas,
through a metal is therefore scarcely conceivable
without considerable reciprocal action between the
two substances. It may therefore be expected that
the diffusion of gases through metals will in general
be of a specific character. It is found indeed that
a gas is only able to dissolve in a metal and .diffuse
through it when there is a certain "chemical af-
finity" between the two. Thus for instance oxygen
can be taken up by copper and silver and can also
diffuse in these metals, nitrogen on the other hand
cannot do this, while chemically also it has little
tendency to combine with these metals. The latter
gas can, however, at sufficiently high temperatures,
diffuse through iron and alloys of iron and chro-
mium, while compounds of these metals with ni-
trogen are known. The rare -gases, which form no
chemical compounds, are insoluble in all metals
and diffuse through none of them.

Influence of temperature

. In order ,to understand the occurrence of dif-
fusion in a solid metal wall, it must also be kept
in mind that not only do the foreign atoms execute
a heat motion, which makes the diffusion possible,
but that the lattice ions also do so in the form of
vibrational movements around their positions of
equilibrium. With increasing temperature this
causes at the same time an expansion of the whole
lattice. The presence of the gas itself causes in addi-
tion an extra deformation (expansion) of the lattice.
All these factOrs create in many cases a 'possibility,
even for relatively large atoms, of moving by
jumps tblongh 'the metal lattice from interstice to
interstice at temperatures which are not too low.
In doing this they must as it were push through
between the ions of the lattice at suitable moments,
thereby overcoming repulsive forces. Thus only
those atoms can make a "jump" which possess at
least a definite energy E, which will usually be
large compared with the average energy of the
atoms: That such atoms which are rich in energy
are also present at thermal equilibrium is due to
the fact that according to the M a xw e 11- B o lt z -
m ann law of distribution the energies extend -Co
very high values. The fraction of the atoms which
have at least a certain high energy E is given by:

e-ElkT = e-QIRT,N (1)

(E = energy per atom, k = B oltzmann' s con-
stant, Q = energy per gram atom, .R = the gas
constant). From this it follows that the degree to

which.the "jump's" occur is determined in the first
place by the temperature, and that :the dUfrision
constant S will be approximately proportional- to
the factor given by equation (1) in which the name
heat of diffusion can be given to the "ac-
tivation ,energy" Q.

We thus find that

6 = Ae-QIRT, (2)

where A is a constant.

Solution and diffusion by substitution

 The form described of diffusion of atoms of an
element B through the interstices of the lattice
of an element A will be eXpectednspeciallywhen the
atomic 'volume of B is relatively small arid the
atoms of B can be easily deformed (for, instance
elements with a low atomic number such as hy-
drogen, boron, carbon, nitrogen and oxygen),
or when the lattice of A has especially large inter-
stices. This expectation is naturally coupled with
the, assumption that the substance A permits the
presence of atoms of B in its lattice interstices, that
is to say that A possesses a certain solvent capacity
for B. This, as was mentioned in the preceding, is
determined not only by geometric but _ also by
chemical factors 3).

In addition to the form of solution and diffusion
considered until now, however, the; case often oc-
curs in which the foreign atoms B occupy positions
in the lattice which in the pure metal A are occupied
by atoms of A. This is the case, in particular, upon
the solution of a foreign metal in another metal.
Diffusion phenomena may also occur in, such
substitutional solid solutions 'under suitable
conditions, whereby any possible differences in
concentration are equalized. Different conceptions
may' be formed of the mechanism of diffusion in
substitutional solid solutions. It may for example
be assumed that at a sufficiently high temperature
a foreign ion B changes place here and there in
the lattice with an adjacent ion A, so that two
ions are concerned in each ."jump". It is, however,
more probable that 'only one ion is 'concerned in
each lump".. It must then be assumed that at
high temperatures in substitutional solid solutions
also a small part of the atoms are present in the
interstices of the lattice, or that there are unoccu-

3) Strictly speaking it is not permissible to make 'a sharp dis-
tinction between chemical and geometric factors, since all
the forces active in the binding, even the repulsive forces,
with which any spatial limitations occurring' are clOsely
connected, must be considered as belonging to the "chem-
ical" forces.
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pied positions in the lattice. In *the first case the
diffusion occurs in the way already discussed,
namely by "jumps" from interstice' to interstice.
In. -the second case an ion can jump to an adjacent
unoccupied position, and it is clear that. a diffusion
current of ions in a given direction according to
this mechanism is equivalent to a current of un-
occupied positions in the opposite direction. In
considering fig. 4 both types of "defects", namely
unoccupied positions and ions in the interstices
can be imagined in a metal like sodium. In a metal
like copper on the other hand one can in the first
instance imagine the presence of unoccupied places
only.

In the so-called theory of disturbed order of
Wagner and Schottky 4) it is assumed that at a
temperature above the absolute zero point a crystal,
in the thermodynamical equilibrium state always
contains a number of the "defects" spoken of.
If these reversible defect's of atomic dimension's
are held responsible for the diffusion, the foreign.
atoms B and the lattice atoms A Move indepen-
dently of each other in the first instance. However,
the movements are correlated with each other in as
much as the current of foreign atoms B in the one
direction cannot be larger than the maximum pos-
sible current of atoms A in the other direbtion. If it
were otherwise the character of substitutional solid
solution would be lost. The velocity of transport
of B is limited therefore by the velocity of self -
diffusion of A, which is in general small.

Hydrogen -iron and oxygen -zirconium

Making use of the conclusion just deduced, it
can immediately be shown for different solutions .

of gases in metals that one is certainly not con-
cerned with substitutional solid solutions. Thus
for example hydrogen in metals like palladium
and iron already exhibits high diffusion velocities
at temperatures below 100 °C, although there
is certainly no question of an appreciable self -
diffusion of the pure metals or of the metals con-
taining hydrogen. It might now be assumed that
in this case the movement of the hydrogen takes
place along the crystal boundaries. The metals
employed technically never consist of a single
crystal, but of many crystals grown together.
These crystals exhibit great relative differences in
orientation, and it is clear that the packing of the
atoms (ions) at the boundaries will be less perfect
than in the interior of the crystals. Cases are indeed

known in which the diffusion takes place primarily
along these boundaries. A familiar example is the
diffusion of thorium through tungsten 5). For the
system iron- hydrogen, however, it could be shown
that thepermeability of a single crystal is the same
as that of a polycristal, so that the movement un-
doubtedly here takes place through the lattice.

In other cases there is a possibility of demon-
strating the occurrence of the interstitial type of
solution from a combination of X-ray measurements
of the lattice constants and direct measurements of
the specific weight. Thus for example the specific
weight of zirconium is found to increase upon the
absorption of oxygen, although oxygen atoms are
much lighter than zirconium atoms. This already
indicates an occupation of the interstices and not
a substitution. unless a contraction of the lattice
due to the presence of oxygen is assumed. In an
X-ray examination, however, the distances be-
tween the zirconium atoms were found to have
become greater. There is even a quantitative
agreement between the directly measured (with a
hydrostatic balance) specific weight and the value
calculated from the lattice constants and the com-
position, if in the calculation it is assumed that all
the oxygen is taken up in the interstices and no
zirconium atoms in the lattice are replaced by
oxygen.

Until now no cases are known in which gases
form substitutional solid solutions with metals. In
agreement with these gases, as far as they are soluble,
exhibit in general high diffusion velocities in metals.

State of charge of the dissolved gas

From the occurrence of the interstitial type of
solution and diffusion, for geometrical reasons it
may be prophesied with fairly great certainty, as
was tacitly assumed above, that the gases will be
present in the metal, not in. the form of-biatomic
molecules (H2, 02, N2, etc.) but split into atoms. In
agreement with this it is found in solubility ex-
periments that the concentrations in metals of the
gases mentioned increase at constant tempeature
with the square root of the pressure of the gas
outside the metal.

By making use of modern conceptions about the
metallic state we arrived in the foregoing at a pic-
ture of diffusion in pure metals and alloys in which
it were not neutral atoms but ions ,which diffuse. It
will further be expected that gases also in the me-
dium of metal ions and electrons will not be present
in the form of neutral atoms, but will in general

4) C. Wagner and W. Schottky, Z. phys. Chem. B 11,
163, 1930. 5) P. Clausing, Physics 7, 193, 1927.. .
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carry an electric charge. It is found indeed in the
few cases in which this phenomenon has been sought
that electrolysis effects can occur in solutions of
gases in solid metals. Under suitable conditions of
temperature and field strength hydrogen in pal-
ladium moves toward the cathode, while nitrogen
in iron and oxygen in zirconium move toward the
anode. Because of the fact that these gases are
present in the interstices of the lattice and have
a relatively high mobility there, it may be concluded
with a fair degree of certainty that hydrogen has a
positive charge .and nitrogen and oxygen negative
charges. This does not, mean that clearly distin-
guishable 1-1+ and 0-- ions 'must be assumed, but
rather that the distribution of the electron gas is
such that considering an average over a binger time
the hydrogen atoms carry a deficit and the oxygen
atoms an excess of negative charge.

If we were concerned with substitutional solid solutions the
conclusion about the sign of the charge would certainly not
have been permissible. Let us for example assume that the
motion in this case takes place via that type of reversible
"defects" in which a very small fraction of the atoms are
situated in the interstices. A and B then move independently
of each other in the first instance and the concentration at the
cathode will increase for that component for which the product
of concentration C in the interstices, charge z and diffusion
constant D has the largest positive value 0). The magnitude
of the ionic current is determined not only, by the number
of mobile charge carriers, but also by their velocity, and in an
electric field of a given intensity the latter is proportional to
the product zD.

If on the other hand it were assumed that in the substitutio-
nal solid solutions.raentioned the motion takes place by direct
exchange of place of approximately equally large A and B
ions, it would be expected that the concentration of the ions
with the largest positive charge will increase at the cathode,
since the potential energy thereby decreases. If A and B do
not have about the same atomic volume, so that a change
in the lattice constant occurs due to the changes in concen-
tration, then for the same reason it will be expected that the
direction of motion will be determined not by the charge, but
by the density of charge, i.e. by the quotient z/v (v = atomic
volume). Schwarz7) has shown that this is the case with
liquid alloys (amalgams).

If the hydrogen is actually present in the metals
more or less as positive ion, unusually high diffusion
rates may be expected for this gas. A positive,
hydrogen ion is nothing else but a hydrogen nucleus,
a proton, whose dimensions are negligibly small
compared with those of an atom (the radius of an
atom is of the order of magnitude of 10-8 cm,
that of a proton about 10-13 cm). Even at room

6) C. Wagner, Z. phys. Chem. B 15, 347, 1932; Z. phys.
Chem. A 164, 231, 1933.

7) K. E. Schwarz, Elektrolytische Wanderung in fliis-
sigen and festen Metallen, J. A. Barth, Leipzig 1940.

temperature indeed hydrogen is found to be able
to move through different metals, The velocities are,
however,' smaller than would be expected in case
of a complete dissociation into protons and elec-
trons. If, conversely, at a relatively low temperature
an unknown gas permeates through a metal wall,
the first thought will be that it is hydrogen.

For the sake of .completeness we wish to point
out that it is not impossible that the dissolved hy-
drogen ions bear a negative charge in certain metals,
particularly the alkali and alkaline earth metals. We
shall consider sodium as an example. An investi-
gation by Hiittig and Br o dkorb 8) has shown
that it is probable that this metal can contain 3 to 5
atomic per cent of hydrogen in solid solution, and
that only after this amount has been exceeded is
the hydride Nall formed. In this compound the
hydrogen more or less plays the part of a halogen,
and it seems obvious to assume that the dissolved
hydrogen atoms also carry a negative charge and
in electrolysis experiments will move toward the
anode, but with much lower velocity than that with
which in iron or palladium for instance they move
toward the cathode.

The part played by the boundary surfaces when gases
pass through metal walls

In the preceding we have spoken only of the
movement of gases in the interior of solid met-
als. Since the 'gases diffuse in the form of atoms (or'
ions) it is obvious to assume that they can only
penetrate a metal wall after a splitting of the
molecules into atoms (or ions) has taken place on
the entrance surface. On the emergence surface the
reverse process (the recombination to molecules)
must take place before the gas.can leave the metal.
In order to make the description of the permeation
of gases through metal walls complete, therefore,
in addition to the diffusion in the metal we must
also consider the phenomena which take place in
the adsorbed layer. ,

Two different types of adsorption of gases on
metals can be distinguished. At a low temperature
(for instance at the temperature of liquid air) so;
called physiCal adsorption takes place, in which
the gas is bound in a molecular form by van der
W a a Is forces, i.e. by forces which are of the same
nature as the forees of attraction acting between
the molecules of gases, which are responsible for
the deviations from the equation of state of the ideal
gas and for condensation at low temperatures. This

8) G. F. Hiittig and F. Bro dkorb, Z. anorg.' Chem. 161,
353, 1927.
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adsorption decreases with increasing temperature.
At higher temperatures so-called activated adsorp-'
tion takes place in which chiefly chemical forces
are active 9). This type of adsorption is distinguished
from the van der Waals adsorption by a much'
higher heat of adsorption, the existence of an ac-
tivation, energy and a more specific character. It is
accompanied by dissociation of the gas into atoms 
and thus forms the'required link in the process of
permeation.

The fact that activated adsorption is actually
accompanied by a splitting into atoms (thus for
instance in the case of H2 by the formation of a
surface hydride) is illustrated in perhaps the most
convincing way by experiments on the simul-

- taneous adsorption on metals in powder form of
ordinary hydrogen 112 and the isotope of hydrogen
D2 with double the atomic weight (deuterium).
In the temperature region of van der Waals ad-
sorption the molecules of 112 and D2 are freed as
such upon desorption. In the temperature region
in which activated adsorption occurs a partial con-
version into HD must be expected. If we assume
for example that an 112 and a D2 molecule are ad-
sorbed side by side on the metal surface according
to the schematic representation below (fig. 5) it
will be seen that upon desorption there is approxi-
mately just as great a chance that the gas will
be freed in the form of H2 + D2 as in the form
of 2 HD 10). The results of experiments are in
agreement with this conception 11).

39716

Fig. 5. Atomic adsorption of H2 = H H and D2 = 12 D
on a metal surface. Possibility of the formation of HD by re-
combination.

The phenomena occurring upon adsorption and
desorption are represented very comprehensively
by a scheme of potential curves 12). Curve 1 of

9) H. S. Taylor, J. Amer. Chem. Soc. 53. 578, 1931.
10) In the temperature region concerned with permeability

one must not, as is suggested by the figure, expect a binding
of the H and D -atoms at fixed positions, but a state in
which a large fraction is always moving from point to point
over the surface by means of "jump" -like movements.
This, however, makes no difference as far as the result
to be expected is concerned.

11) M. Polanyi, Sci. J. Roy. Coll. Sci. 7, 21, 1937; A. Farkas,
Orthohydrogen, Parahydrogen and Heavy Hydrogen,
Cambridge University Press, Cambridge 1935.

12) J. E. L ennard Jones, Trans. Faraday Soc., 28, 341,
1932.

fig. 6 relates to the adsorption of a .hydrogen mole-
cule; curve 2 to that of two hydrogen atoms. The

'splitting of the molecule into atoms at a large dis-
tance from the surface requires the dissociation

997/7

Fig. 6. Potential curves for van der Waals adsorption (1)
and atomic adsorption (2) of hydrogen. Q1 = molecular ad-
sorption energy, Q2 = atomic adsorption energy (2Q2 idem for
the adsorption of two atoms). E. is the activation energy of
the atomic adsorption; Ed idem for desorption (recombination),
D is the dissociation energy of the free molecule.

energy D. Q1 is the heat -liberated in physical ad-
sorption, 2Q2-D that liberated in activated ad-
sorption (Q2 is here the adsorption energy of one
hydrogen atom, taken strictly at the absolute
zero point and neglecting the zero point vibration).
The height Ea of the intersection of the two curves
above the zero line gives approximately the ac-
tivation energy of activated adsorption. Ed indi-
cates approximately the activation energy of
desorption.

In the cases in which the gas atoms in the dis-
solved state carry an 'electric charge a binding in
the form of neutral atoms will not be expected in
activated adsorption. In the case of hydrogen for
example, in the activated adsorption of each H -atom
the electron will already, be more or less taken
up by the metal. In agreement with this it is found
that the adsorption of hydrogen by many metals
causes a lowering of the work function of the elec-
trons. Conversely, the adsorption of oxygen causes
an increase in the work function 13).

Upon the passage of a gas through a metal wall,
after the formation of atoms (or ions) on the surface,
a new .activation energy must be, supplied to bring
the atoms from this (chemisorbed) state into the
interior of the metal. In the metal itself, for every
jump from interstice to interstice, the activa-
tion 'energy of diffusion must be supplied. Upon
reaching the surface of emergence an activation
energy must again be supplied to cause the atoms
to pass from the dissolved to the adsorbed state. As

13) Cf. J. H. de Boer, Electron Emission and Adsorption
Phenomena, Cambridge University Press, Cambridge 1935.
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final step in the process comes the recombination
of the atoms on the emergence surface and the
desorption' of the molecules formed, for which the 
activation energy Ed (fig. 6) is required.

Ab

Fig. 7. Schematic representation by means of potential curves
of the permeation of a gas through a thin meta] wall. In Aa the
dissociation of molecules into atoms on the entrance surface
requires the greatest activation energy, in Ab the transition
of the adsorbed atoms to the interior of the metal, in B the
diffusion in the metal, in Ca the transition of the dissolved
atoms to the emergence surface, in Cb the recombination of
the adsorbed atoms on the emergence surface.

In principle of course it is possible to make the
metal walls so thick that the diffusion process proper
is the slowest of the varibus processes which occur
in the permeation of gas. With not too thick walls,

such as are used in the experimental investigation
and in technical problems, the following theoretical
possibilities can be distinguished.
A) The rate of permeation is mainly deterMined

by the reaction at the entrance surface. Two
cases are then possible:
a) The rate determining process is the trans-

sition from van der Wa als adsorption to.
activated adsorption, i.e. the dissociation
of molecules into atoms (or ions) on the
surface.

b) The rate determining process is ,the transi-
tion of the atoms from the chemisorbed state
to the inside of the entrance surface.

 B) The rate of permeation is mainly determined by
the diffusion in the interior of the metal.

C) The rate of permeation is mainly determined by
the reaction at the emergence surface. There
are again two possibilities:
a) The rate determining process is the transi-

tion of the atoms from the inside of the
emergence surface to the outside of this
surface, i.e. the transition from the occluded
to the chemisorbed state.

b) The velocity determining process is the re-
combination of the, adsorbed atoms..

These different possibilities are represented sche-
matically by the composite potential curves of
fig. 7. From the known facts it appears that all
five types can be realized with different combina-
tions of gas and metal and different conditions of
the boundary surfaces. Examples of these five
cases in order are the following:
Aa) hydrogen through an iron wall;
Ab) hydrogen through an iron wall with a very

rough surface;
B) hydrogen through a copper wall;
Ca) oxygen through :a zirconium wall;
Cb) oxygen through a copper or nickel. wall.

In a later article in this periodical we hope to
go into these and other examples of the permeation
of gases through metal walls and the practical
conclusions which may be draWn from them.
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THE DETERMINATION OF THE ELASTIC CONSTANTS OF METALS

by M. J. DRUYVESTEYN. 620.172.225 : 621.317.755

The elastic constants of materials can be calculated from the characteristic frequencies of
test rods in longitudinal and torsional vibration. In this article an arrangement is described
with which these frequencies can be measured and with which measurements of the
elastic constants of non -ferromagnetic metals were carried dut. With the values of the
constants found it is possible to check the isotropy of the substance. In certain cases large
errors can be made if this check is omitted. This is explained in connection with the case
of fl -brass.

The modulus of elasticity E of a rod can be
found by determining the elongation of the rod
upon the extension of a tensile force P. E is given
by the formula:

P 1
E

Tz dl ' ( 1 )

where d is the diameter and 1 the length of the rod,
while Al is the elastic elongation caused by the
tensile force. Plastic flow must not occur in this
experiment and it is therefore necessary to keep
JO very small; how small depends very much
upon the material of the rod.

Since it is difficult to satisfy this condition and
still attain great precision, in addition to the static
method, K undt (1865) already introduced a dyn-
amic method of determining the modulus of elas-
ticity. In the latter method the modulus of elasticity
is calculated from the characteristic' frequency of
rods for longitudinal or for transverse vibra-
tions 1). In this case the relative changes in length
may remain very small without detracting from
the precision. The modulus of elasticity is connect-
ed with the characteristic frequency Ni of the
longitudinal vibration of a cylindrical rod by
the relation

C (2 N11)2 (2)

In this expression e is the density of the material
and it a whole number which is 1 for the fundamen-'
tal tone, 2 for the first overtone, etc:

From the transverse 'characteristic vibrations
the modulus of elasticity can alsO be 'calculated.
With a characteristie frequency Nu- of a square
rod with the thickness a the following' holds:

Ntr
E. ec (

a (3)

1) In the static method the isothermal value of the elastic
constants is found, in the dynamic method, the adiabatic
value. The difference is slight (<1%) and can easily be
calculated.

c is here a constant which depends upon the order
of the characteristic vibration and which has the
value 0.947 for the fundamental tone.

Another elastic constant is the rigidity or
modulus of shear 0. We shall define this with
the help of fig. 1 in which ABCD represents the

PI/

0 - -

IP

c
59835

Fig. 1. Deformation of a cube by a shearing stress.

cross section of a cube of 1 cm3 of a given material.
A force P acts along the upper surface, while
along the other three surfaces BC, CD and DA
forces also of the magnitude P act in the directions
indicated. By these forces, which together form
two opposite couples, the cube is deformed so that
the cross section is now diamOnd-shaped with the
angles n/2 --(p and 742+9). The rigidity 0 is then
defined as PIT.

The rigidity can also be determined by the
measurement of the characteristic frequencies of
elastic vibrations of a test rod. If Nt is the frequency
of the torsional vibration° (order n), of a circular
rod, the following' is true:

= e (2 N g 1)2 (4)

The characteristic frequencies of the torsional vibra-
tions in the ease of a circular rod are thus indepen-
dent of the diameter, as is the case for the longitu-
dinal vibrations.

For the generation and measurement of the
characteristic vibration electrical methods can
now be used to advantage. We shall here des-
cribe an arrangement which was used in this labo-
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ratory and found suitable for the determination
of the elastic constants of non -ferromagnetic
metals. We shall then give several results which were
obtained in measurements with this apparatus.

Method

We determined the elastic constants E and 0
of a number of non -ferromagnetic metals from the
characteristic frequencies of the longitudinal and
torsional vibration of the rods. We did not use
the transverse vibration.

The rods were made to vibrate by placing them in
the field of a permanent magnet and inducing alter-
nating currents in the rods, whereupon the mag-
netic field exerts ponderomotive forces. Fig. 2

S2

I mi

b

m2 I

b J9894

Fig. 2. Arrangement for the determination of the resonance
frequency in the case of longitudinal vibrations. An alternating
current of known frequency is sent through the coil s1. To-
gether with the inhomogeneous field of the magnet mi this
current gives rise to longitudinal vibrations of the rod r.
These vibrations, especially in the case of resonance, cause
A.C. voltage in the coil s, which are observed with a cathode
ray oscillograph.

is a diagram of the arrangement which was used
for the excitation of the longitudinal vibration.
The rod rests upon two thin metal wires w. Around
the extremities of the rod are coils s1 and s2 and
behind the rod the permanent magnets m1 and m2.
Through coil s1 flows an alternating current of
variable and accurately known frequency which
is generated by means of a tone generator. Eddy
currents are induced in the rod r by these alter-
nating currents. These eddy currents in the non -

homogeneous field of the permanent magnet give
rise to longitudinal forces which alternate with the
frequency of the eddy currents. The frequency of tht
alternating currents is now varied until it is equal
to one of the longitudinal characteristic frequencies
of the rod, so that resonance occurs in this vibra-
tion form.

This mechanical resonance can be ascertained
with the help of a cathode ray oscillograph. For
that purpose a coil s2 and a magnet m2 are placed
at the other end of the rod, in an arrangement
identical to that of s1 and m1 for the excitation of
the vibration. Because of the longitudinal motion
of the second extremity of the rod in the magnetic
field, eddy currents are also excited in this end of
the rod which induce in coil s2 an A.C. voltage which
is fed, via an amplifier, to one of the deflection
systems of the cathode ray oscillograph.

The coils are surrounded by earthed copper
boxes b, while the rod is also earthed in order to
make the mutual induction of the coils as small as
possible. Fig. 3 shows a photograph of the arrange-
ment used.

Fig. 4 is a diagram of the arrangement used for
torsional vibration, with the shielding boxes
emitted for the sake of simplicity. The currents
induced in the rod by the coils s1, with the help
of the field of the magnet m1 give rise to a couple
on the rod as a result of which torsional vibration
may occur. In this case also the arrangement for the
ascertainment of the vibration is similar to that
for its excitation.

In order to make the occurrence of the couple
clear in fig. 4 the eddy currents and the magnetic
lines of force are indicated by arrows. The pondero-
motive force which is perpendicular to the di-
rection of the current and of the lines of force, acts,
at the moment illustrated, forward above the

J.896

Fig. 3. Photograph of the arrangement represented in fig. 2.
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axis of the. rod and backward below the axis of the
rod, so that a couple occurs in the direction of the
arrow K. Due to the non-homogenity of the mag-
netic field the force directed toward the rear, which
is excited close to the magnet, will be slightly larger
than the force directed forward, so that in addition
to the couple a tranverse force toward the rear
is also exerted. In addition to the rotational vibra-
tions therefore transverse vibrations may also be
expected.

J9893

Fig. 4. Arrangement for the determination of the resonance
frequency upon torsional vibrations; sl, s, coils, m1, m2 mag-
nets, w wires upon which the test rod r rests,

A possibility of ascertaining the' vibrational form
concerned consists in a comparison of the results,
for rods of the same kind but of different diameter.
The characteristic frequency of the transverse
vibrations depends very closely upon the diameter,
while that of torsional vibrations, as we have
seen, is independent of the diaMeter. When the
characteristic frequencies vary with the thickness
of the rod, it may be concluded that one is not
concerned with pure 'torsional vibrations.

Such a variation was actually found to occur
when ferromagnetic rods were investigated. The
fact that the transverse forces become especially
large in this case is understandable in connection
with the deformation of the magnetic field which
the ferromagnetic rod causes. It was indeed found
impossible VS carry out reproducible elasticity
measurements on these rods.

Several results

With the method described Many characteristic
frequencies could sometimes he measured. In the
case of an aluminium rod for example, both for
the longitudinal vibration and for the torsional
vibration 8 overtones in addition to the fundamental
tone could be measured. In the case of substances
with less good electrical conduction and a greater
internal damping than aluminium, sometimes only
the fundamental could be measured.

.In general the different overtones of a vibration
furnish values of E as well as of 0 which agree
very well among themselves and which are only
slightly different for different test rods of the same

metal. This is, however, not always the case. Thus
in an investigation of the elastic constants in the
series of alloys of copper and zinc 2) remarkably
divergent results were obtained in the case of one
alloy, namely /3 -brass. The values found for E and 0
varied in a sometimes irreproducible way with the
treatment which the rods had undergone. Table I
gives an example of the results of several measure-
ments. It was found that the chemical composition
had only a slight effect on the elastic constants E'
and 0 and therefore that the differences which were
found for the different rods, and which sometimes
amount to 30 per cent or more, must be ascribed
to other causes.

Table I

Modulus of elasticity E and rigidity 0 for /3 -brass (51-53%
Cu, 49-47% Zn, sometimes 0.1% Cr) after different treat-
ment.

Treatment
E  10-11 0  10-11

dynes/cm2 dyneslem2

not rolled
50% rolled at 700° C, annealed at 700°
30% rolled at 300° C, annealed at 500°
50% rolled at 500° C, annealed at 500°
8% rolled at 300° C,

30% rolled at 400° C, annealed at 450°

6.06
6.54
7.02
9.46

9.16

3.77
3.43
3.24
3.52

3.32

Explanation of the results

If the value of the modulus of elasticity is studied
as it is measured by different authors for a given
substance in polycrystalline state, it is striking that
the differences which occur are considerably greater
than could be explained by errors in measurement
with the precision indicated, although they are
seldom as great as in table I. These differences may
be ascribed chiefly to poorly reproducible properties
of the material used, such as:
1) impurities, deviations in the chemical compo-

' sition,
.2) cavities, cracks and similar material flaws,
3) anisotropy of the material.

As an example of 2) polycrystalline tungsten may be men-
tioned. The modulus of elasticity of drawn tungsten wires is
found to depend upon their thickness, which may be ascribed
to the fibrous structure of such wires. The cohesion in direc-
tions perpendicular to the wire is slight, so that in these direc-
tions the values found for the moduli of elasticity and,the
rigidity are too small.

Since the third point, anisotropy, may be very
important for metals we shall go into it in somewhat

2) M. J. Druyvesteyn and J. L. Meyering, Physica, 8,
1059, 1941.
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more detail. A' polycrystalline material is built' up
of a number of crystals. For most single crystals
the modulus of elasticity depends very closely upon
the direction in which it is measured. A polycry-
stalline material will only have a modulus of
elasticity which, is independent of the direction
(i.e. will be elastically isotropic) when the crystals
are distributed uniformly over all directions.

In the case of cast test rods this condition will
sometimes be satisfied. It may, however, also
happen that upon solidification of the liquid material
a certain preferential direction of the crystallites
becomes evident (so-called casting texture 3). Upon
working a metal, by hammering, forging or drawing,
new textures may appear. In all these cases the
elastic constants depend upon the state of working
and on the direction in which the constants are
measured; the scattering in the values of E and 0
which hereby occur may amount to more than
30 per cent.

The occurrence of a texture can also be ascer-
tained by taking X-ray photographs of -the sub-
stance. It is, however, also possible to ascertain
the presence of preferential orientations from the
elasticity measurements themselves. For this pur-
pose, in addition to the moduli of elasticity and the
rigidity, the compressibility K is also determined.
K indicates the relative change in volume divided
by the pressure from all sides necessary to prOduce

 it. Furthermore the Poisson constant [1, must be
determined (i.e. the relation between the relative
lateral contraction to the relative elongation which
occurs in stretching a rod).

For an isotropic homogeneous substance the
following is valid:

K= 9 3

II 20 (5)

If E; 0, K and II are measured the correctness
of these formulae can be checked and in thii way
it can be ascertained whether or not the material
investigated was isotropic and homogeneous. Since

3) Moreover in the case of cast material there is a relatively
large chance of the occurrence of cavities.

4) E. Griineisen, Ann. Physik 22, 801, 1907.
D. A. G. Bruggeman, dissertation, Utrecht 1930.

a slight change in E or usually leads to a lalge
`change in the calculated vahies of v. 'and K, this
is a very sensitive method.

13 -brass

Since the elastic anisotropy of fl -brass single
crystals is abnormally great, a texture will in this
case lead to great differences in the elastic con-
stants E and 0; so that the explanation of the dif-
ferences occurring in table I becomes obvious.
In table II in addition to the values of E and 0
from table I we also give the values  calculated
from those values according to equation (5) for
K and By direct measurements Bridgman
found for the compressibility of fl -brass a value of
9.1 X 10-13 dyne -1 cm2, while the value of II for
every isotropic substance must lie between zero
and 0.5, and usually lies between 0.15 and 0.45.
On the basis of the values calculated for. K
it may therefore be concluded that the test rods
used for the first three substances were certainly
not homogeneous and isotropic.

Table II

Modulus of elasticity E and rigidity 0, together with the
values calculated according to equation, (5) of the com-
pressibility K and the Poisson constant [I for fl -brass.

.

E  10-44 0  10-n K  1043 II

Dynes/cm2 Dynes/cm2 Dynes -4 cm2

6.06 3.77 70 -0.19
6.54 3.43 51' ' -04.05 .

7.02 3.24 35 . 0.09 .

9.46 3.52 9.9 0.34
9.16 3.32 7.5 0.38

In the last two measurements the calculated
value of K does not deviate very much from the
value measured by Bridgman and the calculated
value of E.). is not contradictory to the theoretically
expected value. The elastic constants of the poly-
crystalline isotropic material must therefore be
deduced from these measurements, so that it may
be stated that the modulus of elasticity of 13 -brass
probably lies between 9.0 and 9.5 x 10-11 dynes/ cm2.
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1554: E. J. W. Yerwey: Energieen in de colloid-
chemie (Energies in colloid chemistry)
(Handelingen Ned. natuur- en geneesk.
Congr., Apr. 1941, p. 88-90).

A survey is given in'this lecture of the attempts
to calculate the hydration and solvation energies,
of elecirolytic solutions for positive and negative
ions separately on the basis of the theory of
Bernal and Fowler which has been somewhat
improved by the author. These quantities are very
important for boundary surface phenomena in
colloid chemistry. The investigations will be pub-
lished in detail in Rec. tray. chim. 1941.

y.

1555: A. B ouwers: De biologische and medische-
toepassingen van kiinstmatige radioactivi-
teit (The biological and, medical applications
of artificial radioactivity) (Handelingen
Ned. natuur- en geneesk. Congr., Apr.
1941, p. 207-211).

In this lecture before a combined meeting of
physicists, biologists and medical men a survey
was given of the method by which artificial radio
active substances can now be prepared by means of
transmutation of atomic nuclei (cf. Philips techn.
Rev.,. 6, 46, Feb. 1941). These substances have
already been used with much success in biological
and medical research. In order to measure the
intensity of the radioactivity of a substance or in
certain parts of the organism to be examined, the
biologist or doctor can profitably use a simple
electron counter which was demonstrated during
the lecture 'and which is also 'described in detail
in Philips techn. Rev. 6, 75, Mar. 1941. In conclusion
the favourable results were pointed out which have
also already been obtained with artificial radio-
activity in the field of therapy.

1556: L. Blok: Toestel voor het electrisch meten
van de gehoorscherpte (Apparatus for the
electrical measurement of the acuity of

hearing) (Handelingen Ned. natuur- en
geneesk. Congr., Apr. 1941, p. 212-214).

For the contents of this lecture before a combined
meeting of physicists and doctors the reader may
be referred to an article which 'has since appeared
in Phil. team. Rev. 6, 234, Aug. 1941 on this
audiometer.

1557: B. D. H. T elle g en: Phaenomenologie der
piezo-electriciteit (The phenomena of piezo-
electricity) (Ned. T. Natuurk. 8, 270-274,
July 1941). ,

In this opening addreSs of the symposium on
piezoelectricity organized by  the Netherlands
Physical Society and the Netherlands Radio Society
(May 1941) a description is first given, on the basis
of a one-dimensional image, of how the electrical
polarization and the mechanical deformation of
crystals may be connected. The equations are
then derived thermodynamically which describe
these piezoelectric phenomena, while finally it is
indicated how these considerations must be extend-
ed in order to treat a three-dimensional case, such
as actually occurs.

1558: 'J. de Boer: Toepassing van piezo-electri-

In

"1!

sche kristallen bij geluidsweergave. (The
application of fiezoelectric crystals in sound
reproduction). Ned. T. Natuurk. 8, 345-356,
July 1941).

this address At the symposium on piezo-
electricity (May 1941) the way is discussed in
which mechanical vibrations can be converted into
electrical A.C. voltages and the reverse with the
help of crystals of Rochelle salt. The peculiar
piezoelectrical properties of such crystals, such ns
the occurrence of two Curie temperatures, are
discussed. Finally forms of construction for micro-
phones and gramophone pick-ups with piezoelectric
crystals are ;discussed (cf. also: Philips team. Rev.
5, 140, 1940).
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